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The  Society                                                                                             

Research and Scientific Innovation Society (RSIS) is a an international society for promoting 

research and scientific innovation through the world and to conduct, promote and organize international 

Conference, discussions, Seminars & to publish professional journals, newsletters and to carry research and 

innovation at international level. The membership of the society reflects the diversity of persons involved 

in the field, including practitioners, academics, policy makers and students. 

The society’s purpose is to:  
 

• promote study, understanding, and co-operation;  
 
• encourage communication within the field through publications and conferences;  
 
• promote and foster understanding of research.  
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About the conference 

International Conference on Multidisciplinary Research & Practice (ICMRP-2014) will be held during 30th 
November 2014 at Ahmedabad Management Association, ATIRA Campus, IIM-A Road, Ahmedabad, Gujarat, 
India. ICMRP-2014 is a premier venue for researchers and industry practitioners to share their new ideas, 
original research results and practical development experiences.  

The primary goal of the conference is to promote research & developmental activities and to promote scientific 
information interchange between researchers, developers, students, and practitioners working in and around 
the world. English is the official language of the conference. 

This conference is held in Ahmedabad a vibrant and historical city which is home to multiple academic 
institutions and where visitors can enjoy a variety of activities and entertainment! 

Conference Venue 

Ahmedabad Management Association 

Core-AMA Management House 

Torrent-AMA Management Centre 

ATIRA Campus, IIM-A Road, Dr. Vikram Sarabhai Marg 

Ahmedabad 380 015, Gujarat, INDIA 

www.amaindia.org 

 

 

http://www.amaindia.org/
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Program Schedule 

 
                                30th November, 2014 (Sunday) 

 

  8.00 AM - 9.00 AM Arrival, Distribution of Conference Passes and Conference Material 
 

9.00 AM - 10.15 AM Inaugural Session & Keynote Address 
 

10.15 AM - 10.30 AM AM Break and Networking 
(Pre-Function Area) 

 

10.30 AM - 01.30 PM Technical Session-I 
 

01.30 PM - 02.00 PM Lunch 
(Pre-Function Area) 

 

02.00 PM - 05.00 PM Technical Session-II 
 

05.00 PM - 05.15 PM PM Break and Networking 
(Pre-Function Area) 

 

05.15 PM - 07.00 PM Technical Session-III 
 

07.00 PM - 07.30 PM Closing & Validation Ceremony 
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Abstract—The aim of this study is to compare Iranian consumer 

health websites with similar websites in America, Canada and 

Australia, based on e-Health Code of Ethics criteria, to 

determine the extent of strengths and weaknesses of Iranian 

consumer health websites.  We used Google as a popular search 

engine to find Iranian consumer health websites and similar 

websites in selected countries. Some Persian subject directories 

and website of the Ministry of Health and Medical education of 

Iran were also searched. Ninety websites were evaluated and 

compared using e-Health Code of Ethics criteria.  No websites 

in Iran met all the criteria, but majority of websites in selected 

countries met most of the criteria and in some cases met all. 

Four criteria were found to be rare among Iranian websites, 

including privacy, informed consent, professionalism in online 

health care, and responsible partnering.  Findings of current 

study can be used to improve the quality of consumer health 

websites of Iran and other developing countries based on 

current standards to best serve users. 

 
Keywords— Health Information, Patient Education, Quality 

Control, Codes of Ethics, Iran, United States, Canada, Australia 

I. INTRODUCTION 

he Internet has become one of the most important 

resources of health promotion and improvement by 

providing vast amounts of medical and health information 

(Nicholas, et al., 2003). It had changed how individuals 

receive health information and health care (Rippen and Risk, 

2000). Studies suggest that health issues are among the most 

frequently searched topics on the net (Esmaeilzadeh, 2011; 

Powell and Clarke, 2002). People regularly use the Internet 

to retrieve health information to manage their own health and 

those who are under their care. Therefore, an increasing 

number of organizations, Societies, and specialists have 

attempted to provide consumers with health information via 

the Internet. Quick and easy access to information on the 

Internet facilitates health information consumers‟ more 

involvement in medical care decision-making (Potts and 

Wyatt, 2002) which significantly enhances the quality of 

health care (Risk and  Dzenowagis, 2000). Fox and Rainie 

(2000) estimated that at least 60 million Americans searched 

the internet to find the health information they required, and 

among those who used the Internet, more than 70% 

announced that the information they retrieved affected the 

decision-making process in a treatment. However, with the  

 

proliferation of health information on the Internet, a common 

concern has been expressed over the accuracy and 

completeness of health-related information on the net (Risk 

and Petersen, 2002; Eysenbach et al., 2002). Several 

investigations of condition-specific websites revealed 

deficiencies in the quality of health-related information on 

the web (Beredjiklian et al., 2000; Kunst et al., 2002; Soot et 

al., 1999).  

Variety of people go to the Internet to access health 

information, including patients, health care professionals, 

researchers, producers and providers of health products and 

services. Therefore it is needed to make the Internet a safe 

environment for meeting health care needs. Rippen and Risk 

(2000) emphasized that since health information, products, 

and services have the potential both to improve health and to 

harm, health information providers on the Internet must be 

reliable, provide high quality information, safeguard users‟ 

confidentiality, and adhere to standards of best practices for 

online commerce and online professional services in health 

care.  

Due to the increasing growth of consumer health websites, 

and thus consumers‟ broad access to health information, 

implementing quality control standards for health 

information on the net has been considered by some national 

and international professional organizations including the  

Internet Health Care Coalition, HON Code, American 

Medical Association, Hi-Ethics, MedCertain, European 

Council, and the Internet Healthcare Coalition (Risk and  

Dzenowagis, 2001;  Rippen and Risk, 2000; Eysenbach et al., 

2000). The goal of the e-Health Code of Ethics (Appendix I) 

is to ensure that people all over the world can confidently 

and with full understanding of known risks realize the 

potential of the Internet in managing their own health and the 

health of those in their care (Rippen and Risk, 2000).  

In evaluating a website, particularly a health website, special 

attention should be paid to the features that contribute to its 

quality. This study aims to compare Iranian consumer health 

websites with similar websites in America, Canada and 

Australia, based on e-Health Code of Ethics, to determine the 

extent of strengths and weaknesses of Iranian consumer 

health websites. 

T 
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II. LITERATURE REVIEW  

Not many studies have been done using e-Health Code of 

Ethics to investigate and compare the websites quality of one 

developing with the developed countries we investigated in 

current study. A rather previous study by Risoldi Cochrane et 

al. (2012) compared the readability of consumer health 

information found on U.S. government-funded websites 

versus that found on commercially funded websites.  The 

study revealed that commercially funded websites were 

significantly more difficult to read as measured by Flesch 

Reading Ease. Yet, there was no significant difference 

according to SMOG Formula (12.8 vs. 13.2, p = .150). The 

overall readability of Internet health information intended for 

consumers was poor. Adams (2010) conducted an inter-

disciplinary literature review to explore renewed  concerns 

about the reliability of online health information presented 

on web 2.0. Findings suggested that Specific points of 

renewed concern include: disclosure of authorship and 

information quality, anonymity and privacy, and the ability 

of individuals to apply information to their personal situation. 

She concluded that Interactive and collaborative web 

applications offer new opportunities for reaching patients and 

other health care consumers by facilitating lay information 

creation, sharing and retrieval. However, researchers must be 

careful and critical when incorporating applications or 

practices from other fields in health care. Kaicker et al. (2010) 

investigated the quality of pain websites, and explained 

variability in quality and readability between pain websites 

were assessed using the DISCERN instrument as a quality 

index. A total of 161 websites were assessed. It was found 

that the overall quality of pain websites is moderate, with 

some shortcomings. websites that scored high using the 

DISCERN questionnaire contained health related seals of 

approval and provided commercial solutions for pain related 

conditions while those with low readability levels offered 

interactive multimedia options and have been endorsed by 

health seals. In one study by Davallius (2009), 70 Swedish 

websites on heart attack were evaluated using European 

Union (EU) quality control criteria. No websites met all the 

criteria, but websites found on the first search pages of 

search engines, met the criteria in the best way. Those 

websites were primarily aimed at health information to the 

general public provided by government authorities, county 

councils, universities and companies. Morahan-Martin (2004) 

performed a cross-cultural review to find out how health 

information on the internet is retrieved, evaluated and used. 

Findings suggested that most online health information 

consumers search information on specific health conditions. 

They typically use general search engines to find online 

health information and enter short phrases. Both their search 

and evaluation skills are limited. They avoid sites with overt 

commercialism, but often do not pay attention to indicators 

of credibility. There are cross-cultural differences in the 

types of sites used as well as how  online information is used. 

Wilson (2004) described a classification of five types of 

approaches for rating the quality of English language 

websites. She argued that no organization or label has the 

capacity to identify objectively what is good or bad 

information. Quality remains an inherently subjective 

assessment, which depends on the type of information 

needed, the type of information searched for, and the 

particular qualities and prejudices of the consumer.  In Iran, 

regarding the importance of access to health information, 

designing and launching such web sites have also been 

seriously considered. But, these web sites are still in infancy 

and need improvement (Fathifar et al., 2007).  

As our literature review indicated, to date, no survey on the 

strengths and weaknesses of Iranian consumer health 

websites has been reported with the method we used in the 

study. To help narrow this gap, this study compared 

consumer health websites of Iran and three other countries. 

III. RESEARCH QUESTIONS 

To drive the investigation the following hypotheses will 

be tested:  

1. What are the differences and causes of differences 

among Iranian consumer health   websites and those of 

selected countries regarding e-Health Code of Ethics criteria, 

and what should be changed to improve Iranian health 

websites? 

2. What are the differences among selected countries‟ 

consumer health websites regarding e-Health Code of Ethics 

criteria? 

IV. METHODOLOGY 

We used Google in the study to find relevant websites, as 

this is held to be the most used search engine (Eysenbach and 

Kohler, 2002). In November and December 2011 one search 

was performed using the search term “Consumer health-

related Websites”. We limited the search to Iran, America, 

Australia and Canada by using the Boolean operator „AND‟. 

In this study the first 50 hits links to Websites were selected. 

In the case of Iranian websites in addition to Google, 

websites of “Ministry of Health and Medical Education of 

Iran”, “Linkestan” and “Hot Links” were also searched using 

the search terms “medicine”, “treatment”, “diseases”, and  

“drugs information”. Duplicated websites and websites that 

merely provided information on sales of health products 

were excluded from the study. To make sure that the sample 

of the Iranian websites were proportional to their size in the 

population, proportionate stratified random sampling method 

was used.  The required sample size for Iranian websites was 

found to be 45 (Appendix II) using the sample size for 

estimating proportion formula (n=(Z_(α⁄2)^2  p q)/d^2  ) 

while p=q=0.5, z=1.96 and d=0.15. And 45 websites 

(Appendix III) for selected countries (America 15, Australia 

15 and Canada 15) were chosen using table of random 

numbers. Then, totally 90 websites were investigated in 

current study. To retrieve websites for scrutiny and 

evaluation, all selected websites were downloaded using 

Offline Explorer 5.9.To conduct current study we used the e-

Health Code of Ethics. It has been developed by the Internet 

Healthcare Coalition with the cooperation of the World 

Health Organization/Pan-American Health Organization 

(WHO/PAHO) in 2000 (Rippen and Risk, 2000).  The e-

Health Code of Ethics, prepared by a panel of about 50 

experts from all over the world, consists of eight guiding 

principles (criteria) which are assessed in some 50 items. The 

criteria are: candor (3 items); honesty (3 items); quality (12 

items); informed consent (8 items); privacy (5 items); 

professionalism in online health care (12 items); responsible 

partnering (3 items); and accountability (4 items). 
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In this study each item was assessed in terms of its presence 

(yes=1) or lack of presence (no=0). The summated score of 

items in each criterion was then ranked in three categories: 

no=0, somewhat= [1,n/2 ] and yes=[  n/2+1,n], where „n‟ 

equals the number of each criterion‟s corresponding items. 

To confirm the reliability of the instrument the Guttman 

split-half coefficient was calculated to be .892 which 

indicated the internal consistency of the instrument. Data 

analysis was performed using Excel and SPSS 16.0.  In 

analyzing and interpreting the data, different statistical 

measures like Frequency, Percentage, Mean, Standard 

deviation, Chi-square Test, and ANOVA were utilized. 

Tables, charts and figures were used to make the presentation 

clear and simple. 

V. FINDINGS  

Totally 200 hits were returned from Google search engine, 

and 27 hits from „Link‟, 213 hits from „Ministry of Health 

and Medical Education‟ and 70 from „Hot Links‟, from 

which 45 websites were selected from Iran and 45 from 

selected countries, 15 for each, after applying  

inclusion/exclusion criteria and omitting duplicated cases. 

results indicates that approximately half of (43.8%) websites 

contained information on health issues, where Canadian 

websites were first in rank (60%) followed by Iran (42%), 

America (40%), and Australia (40%). The next common 

topic is medicine (20.2%), where American websites (33.3%) 

ranked first. The least common topic was observed to be 

drug information with 3.4% websites. Table 1  reveals that 

about half of Iranian websites (44.4%) are run by private 

sector, followed by websites that are official and supported 

by government (31.1%). Whilst, more than half (53.3%) of 

Australian and majority of (86.7%) Canadian websites are 

professional and official ones, respectively. 

 

The eight criteria of e-Health Code of Ethics were applied to 

90 consumer health-related websites. Table 2 shows the 

frequency distribution of health websites according to the 

score of the e-Health Code of Ethics guiding principles 

evaluation. This table indicates that none of the Iranian 

websites met all of the e-Health Code of Ethics criteria. It is 

shown that all websites in America, Australia, and Canada 

fulfilled all the items under principle of „Candor‟, whereas, 

only 71.7% Iranian websites clearly indicated their owner, 

purpose, and sponsor. The calculated Chi-square detected a 

significant difference (p = .019<.05) among health websites 

regarding this criterion. The „Quality‟ criterion was met by 

all websites of selected countries (100%), and 88.9% of 

Iranian websites displayed the items under this criteria 

including „evaluate information rigorously‟ (38.7%), 

„provide information that is consistent with the best available 

evidence‟ (44.4%), „the care or advice given by a qualified 

practitioner‟ (44.4%), „whether information is based on 

scientific studies, expert consensus, or professional/personal 

opinion‟(44.4%), that „some issues are controversial‟ (8.9%), 

„the language is easy to read, and appropriate for intended 

users‟ (88.9%), „accommodates special needs users may have‟ 

(46.7%), and „the site editorial board and policies‟ 

(24.4%).There was no significant difference (p= .151> .05) 

among health-related websites in this regard.  

As indicated in table 2, less than half (46.7%) of Iranian 

websites clearly specified to be „truthful in all content used 

to promote the sale of health products or services‟ (53.3%), 

or „in any claims about the efficacy, performance, or benefits 

of products or services‟ (46.7%). However, the majority of 

American (73.3%), Australian (86.7%), and Canadian (60%) 

websites fulfilled the items of „Honesty‟. A statistically 

significant difference (p= .031<.05) was detected among 

Websites regarding this criterion. Four criteria were found to 

be rare among Iranian websites, including „privacy‟ (8.9%), 

„informed consent‟ (8.9%), „Responsible Partnering‟ (15.6%), 

and „Professionalism in Online Health Care‟ (17.8%), while, 

all websites in America (100%) and Australia (100%) 

displayed the items of professionalism in online health care, 

and all Australian (100%) websites provided all the items of 

informed consent. Further, majority of American (80%) and 

Canadian (60%) websites met all the items of privacy, while 

nearly one-fifth (40%) of Canadian websites indicated to 

take reasonable steps to prevent unauthorized access to 

personal data; to make it easy for users to review and update 

personal data; to trace how personal data is used; told how 

the site stores users‟ personal data and for how long; assured 

that when personal data is de-identified, it cannot be linked 

back. Significant differences (p= .000<.05) have been 

observed among websites, regarding the fulfillment of the 

above mentioned criteria (Table 2). 

In 13 (15.6%) of Iranian websites „Accountability’ items 

were displayed including „how the users can contact the 

owner of the sites or services‟ (68.9%), and „review 

complaints from users in a timely manner‟ (60%). No 

websites described their policies for self- monitoring, while, 

all American (100%), and majority of Australian (93.3%), 

and Canadian (80%) websites met these items and only a 

few of them (10; 4.5%) described their policies of self- 

monitoring. The difference among Websites has been 

observed to be significant (p= .000<.05).  

 

A one-way ANOVA was used to compare the websites‟ 

mean values on e-Health Code of Ethics among four 

countries. The mean values on e-Health Code of Ethics 

differed significantly across the four countries, F (3, 86) 

=49.12, p <.0001. As it is observed from table 3, the lowest 

mean value belonged to Iranian websites (mean= 23.42 ± 

11.88), whereas Australian websites had the highest mean 

value (mean=56.27 ± 5.26). 

Table I. Type-wise distribution of Websites 

 

 

Type 

Country  

Total Iran America Australia Canada 

.gov 14 

(31.1) 

7 

(46.7) 

3 

(20.0) 

13 

(86.7) 

37 

(41.1) 

.Com 20 

(44.4) 

4 

(26.7) 

4 

(26.7) 

2 

(13.3) 

30 

(33.3) 

.Org 11 

(24.4) 

4 

(26.7) 

8 

(53.3) 

0 

 

23 

(25.6) 

Total 45 

(100.0) 

15 

(100.0) 

15 

(100.0) 

15 

(100.0) 

90 

(100.0) 
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Table II. The Comparison of e-Health Code of Ethics in Iranian websites and Selected Countries 

e-Health  Code 

of Ethics 

Iran America Australia Canada 𝑋2 P 

No Some

what 

Yes No Some

what 

Yes No Some

what 

Yes No Some

what 

Yes 

Candor (C) 5 

(11.1

) 

8 

(17.8) 

32 

(71.7

) 

0 0 15 

(100) 

0 0 15 

(100) 

0 0 15 

(100) 

15.19 .01

9 

Honesty (H) 24 

(53.3

) 

0 21 

(46.7

) 

4 

(26.7

) 

0 11 

(73.3

) 

2 

(13.3

) 

0 13 

(86.7

) 

6 

(40) 

0 9 

(60) 

8.89 .03

1 

Quality (Q) 5 

(11.1

) 

0 40 

(88.9

) 

0 0 15 

(100) 

0 0 15 

(100) 

0 0 15 

(100) 

5.29 .15

1 

Informed 

Consent (IC) 

21 

(46.7

) 

20 

(44.4) 

4 

(8.9) 

0 2 

(13.3

) 

13 

(86.7

) 

0 0 15 

(100) 

2 

(13.3

) 

2 

(13.3

) 

11 

(73.3) 

57.33 .00

0 

Privacy (P) 8 

(17.8

) 

33 

(73.3) 

4 

(8.9) 

1 

(6.7) 

2 

(13.3

) 

12 

(80) 

0 6 

(40) 

9 

(60) 

3 

(20) 

6 

(40) 

6 

(40) 

33.26 .00

0 

Professionalis

m in Online 

Health Care 

(PO) 

8 

(17.8

) 

29 

(64.4) 

8 

(17.8

) 

0 0 15 

(100) 

0 0 15 

(100) 

1 

(6.7) 

3 

(20) 

11 

(73.3) 

51.67 .00

0 

Responsible 

Partnering 

(RP) 

10 

(22.2

) 

28 

(62.2) 

7 

(15.6

) 

0 1 

(6.7) 

14 

(93.3

) 

0 4 

(26.7

) 

11 

(73.3

) 

0 4 

(26.7

) 

11 

(73.3) 

41.12 .00

0 

Accountability 

(A) 

6 

(13.3

) 

26 

(57.8) 

13 

(28.9

) 

0 0 15 

(100) 

0 1 

(6.7) 

14 

(93.3

) 

0 3 

(20) 

12 

(80) 

38.10 .00

0 
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Boneferreni post-hoc comparison of the mean values of four 

countries indicated that the significant difference was due to 

the mean value of Iranian websites rather than the mean 

values of websites of other countries (Table 4). 

 

To compare the mean values obtained for items of e-

Health Code of Ethics criteria, a Polygon diagram was drawn 

(Fig. 1). As it can be seen from the diagram the mean value 

of the selected countries, except for Canada which is at a 

lower level, are similar. But, the mean value for items of e-

Health Code of Ethics criteria for Iranian websites is 

significantly lower than those of other countries. 

 
Figure 1. Comparison of mean value for e-Health Code of Ethics criteria 

among websites 

 
 

 

VI. DISCUSSION 

This is one of the first studies that investigate consumer 

health websites in Iran, America, Australia and Canada to 

know their weaknesses and strengths. Findings can be used 

to improve the quality of these websites to best serve their 

health information needs. Results indicated that although 

websites of America, Canada and Australia fully met the e-

Health Code of Ethics criteria, none of the Iranian websites 

fulfilled all the criteria. Several studies have reported 

inadequacy of health-related websites in Iran (Fathifar et al., 

2007). It is important for the people to be able to decide 

whether the website is appropriate or not. The indication of 

the purpose of the website is therefore important. Davallius‟ 

study (2009) found that most of the websites displayed their 

purpose. This is in accordance with the findings of this study 

which found that majority of Iranian websites and all 

websites in selected countries indicated their purposes. Four 

criteria were found to be rare among Iranian websites, 

including privacy, informed consent, professionalism in 

online health care, and responsible partnering, while, all 

websites in America and Australia displayed the items of 

professionalism in online health care, and all Australian 

websites provided all the items of informed consent. People 

who use the Internet for health-related reasons have the right 

to expect the personal data they provide will be kept 

confidential and this must be possible for the individual to 

explore. Further to be able to get up-to-date and reliable 

information is an important issue for the consumer of health 

information. People who use the Internet for health-related 

purposes have the right to be informed that personal data 

may be gathered and to choose whether they will allow their 

personal data to be collected and used or shared. A general 

improvement of the websites in order to meet the privacy, 

informed consent, professionalism in online services, and 

responsible partnership is needed. Some Websites in selected 

countries made specific reference to compliance with quality 

criteria. However, no Iranian websites indicated to be in 

compliance with any quality criteria. Development of quality 

control criteria for Iranian health-related websites should be 

undertaken to enhance the quality of these websites. 

 

VII. STUDY LIMITATIONS 

One limitation of our study is that we performed multiple 

comparisons. Another limitation is that a single reviewer 

assessed the websites. To mitigate this, we used objective 

criteria whenever possible. For example, we used the 

presence or absence of authorship information rather than 

author authority. It is important also to acknowledge that the 

Internet is a constantly changing environment, thus we are 

only reporting the existing status of websites at the time of 

evaluation, not necessarily by the time of the publication of 

this report.  

 

VIII. CONCLUSIONS 

Findings of current study suggest that Iranian consumer 

health websites are of low quality compared to those in 

selected countries. Hence, Iranian users should be cautious 

when using Internet as a source of health- related information. 

Generally, in order to protect users‟ privacy, Iranian health 

authorities should give due considerations to the data 

Table III. Comparison of mean value of websites regarding e-

Health Code of Ethics criteria 

 

Country 

 

N 

 

Mean 

 

F 

 

P 

Iran 45   23.42 ± 

11.88 

 

49.12 

 

P<0.000

1 America 15   54.13 ± 

12.22 

Australia 15 56.27 ± 

5.26 

Canada 15 45.27 ± 

13.50 

Total 90 37.66 ± 

18.51 

Tble IV.  Boneferreni post-hoc comparisons of the mean values for e-
Health Code of Ethics criteria 

Country Iran America Australia Canada 

Iran  * * * 

America *    

Australia *    

Canada *    

Note *= p< 0.0001  
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protection policy and system for the processing of personal 

data including processing invisible to users, when designing 

health-related websites. Furthermore, in order to create a safe 

and user-friendly Internet environment where health-related 

information can be obtained, a number of improvements are 

needed. This is particularly important with regard to the 

websites‟ adherence to ethical codes governing their 

professions as practitioners in face-to-face relationships, 

protection of the patients‟ confidentiality, disclosure of the 

sponsorship, financial incentives, and describing the 

constraints of online diagnosis and treatment 

recommendations, which would likely affect the clients‟ 

perception of the services offered. Another instance of 

improvements is the possibilities for the consumers to 

explore the reliability and actuality of the information. The 

importance of complying to and displaying quality criteria 

also needs to be improved by providers, whilst users need to 

learn how to interpret such information. Developing health-

related websites‟ quality criteria based on their purposes, 

target audience, and also viewed in a scope of national 

context is also desirable. 
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Abstract- The surfactant-like chemical contamination of water 

from a wide range of toxic derivatives, in particular soap, 

surfactants, heavy metals, aromatic molecules and dyes, is a 

serious environmental problem owing to their potential human 

toxicity. Therefore, there is a need to develop natural polymeric 

surfactant from starch that can free from toxic pollutants found 

in wastewaters, ponds, drains, canals and rivers. Among all the 

treatments proposed, adsorption is one of the more popular 

methods for the removal of pollutants from the waste water 

and soap-detergent free water. On the other hand, water living 

organism can live smoothly without chemically substances (soap, 

surfactants) in the mentioned sources by using naturally 

polymeric surfactants (prepared from potato starch). The main 

objective of this review is to provide recent information about 

the most important features of these polymeric materials and to 

show the advantages gained from the use of adsorbents 

containing modified biopolymers in waste water treatment 

where chemical substances (surfactant like CTAB, Tween-20, 

SDS) mixing when they are used as washing   purposes in 

textile industries. From  the  experimental results of  viscosity, 

surface tension and  other  physical properties it indicated 

that adding starch in detergent as soap filler these properties 

have changed which also indicated the more washing activity of 

polymeric starch (potato) were cheaply available indoor market 

in Bangladesh. Biodegradable starch interactions with ionic 

surfactants (CTAB, SDS) by the way of H-bond formation to 

ensure complexation and reduced the harmful criteria of living 

organism in water also to ensure maximum protection of water 

pollution compared with chemically detergent. The formed 

complexes from starch-ionic surfactant-water were analyzed 

and characterized by   XRD and SEM instruments. Some of the 

complexes exhibited excellent emulsifying efficiency and 

polymeric surfactants performance properties with this 

biodegradable natural starch polymer. 

Keywords- Polymeric surfactant, CMC, Natural Potato Starch, 

SEM, surfactants, water pollution  

 

I. INTRODUCTION 

ater pollution due to toxic metals such as soluble 

soap-detergents in water in ponds, rivers, canals and 

organic compounds remains a serious environmental and 

public problem Moreover, faced with more and more 

stringent regulations, water pollution has also become a major 

source of concern and a priority for most industrial sectors 

such as textile Industry, soap Industry, detergent Industry. 

Heavy metal ions, aromatic compounds (including phenolic 

derivatives, and polycyclic aromatic compounds) and dyes 

are often found in the environment as a result of their wide 

industrial uses.  They  are  common  contaminants in  

wastewater  and  many  of  them  are  known  to  be  toxic  

or carcinogenic. For example, chromium (VI) is found to 

be toxic to bacteria, plants, animals and people [1]. Mercury 

and cadmium are known as two of the most toxic metals that 

are very damaging to the environment [2]. In addition, heavy  

metals  are  not  biodegradable and  tend  to  accumulate  in  

living  organisms, causing various  diseases  and disorders. 

Therefore, their presence in  the  environment, in  particular 

in  water should be controlled. Chlorinated phenols are also 

considered as priority pollutants since they are harmful to 

organisms even at low concentrations. They have been 

classified as hazardous pollutants because of their harmful 

potential to human health [3,4]. 2,4,6-trinitro- toluene 

(TNT) is a nitro-aromatic molecule that has been  widely 

used by the  weapon industry for the production of bombs 

and grenades. This compound is recalcitrant, toxic and 

mutagenic to various organisms [5,6]. Many synthetic dyes, 

which are extensively used for textile dyeing, paper printing 

and as additives in petroleum products are recalcitrant organic 

molecules that strongly color waste water. 

Strict  legislation  on  the  discharge of  these  toxic  products  

makes  it  then  necessary to  develop  various efficient 

technologies for the removal of pollutants from waste water. 

Different technologies and processes are currently used. 

Biological treatments [7–9],  membrane  processes [10–13],  

advanced  oxidation processes [14–17],  chemical  

andElectro chemical techniques [ 18–20], a n d  

a d s o r p t i o n  procedures are the most widely used for 

removing metals and organic compounds from industrial 

effluents. Amongst all the treatments proposed, adsorption 

using sorbents is one of the most popular methods since 

proper design of the adsorption process will produce high-

quality treated effluents. Polysaccharides, stere oregular 

polymers of mono saccharides (sugars), are unique raw 

materials in that they are: very abundant natural polymers 

(they are referred  to  as  biopolymers); inexpensive (low-

cost polymers); widely available in many countries; renewable 

resources; stable and hydrophilic biopolymers; and 

modifiable polymers. They also have biological and chemical 

W 
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properties such as non-toxicity, biocompatibility, 

biodegradability, poly functionality, high chemical reactivity, 

chirality, chelation and adsorption capacities. The excellent 

adsorption behavior of polysaccharides is mainly attributed 

to: (1) high hydrophilicity of the polymer due to hydroxyl 

groups of glucose units; (2) presence of a large number of 

functional groups (acetamido, primary amino and/or hydroxyl 

groups); (3) high chemical reactivity of these groups; (4) 

flexible structure of the polymer chain.  From the above 

mentioned features, it is proved that many researchers have 

paid their attention on this field. In spite of half century of 

great effort, many academic aspects such as, chemistry, 

chemical reactions, bond formation on starch-surfactants 

interaction are  still open for  discussion. The purpose of the 

present investigation is to explore the effect of starch 

interaction with various surfactants and the better 

understanding the mechanism between starch and surfactants 

complexes formed as polymeric surfactants studied by the 

ternary phase diagram, interfacial surface tension and 

viscosity measurement and characterized by the XRD and 

SEM analysis. 

      

II. EXPERIMENTAL 

A. Materials 

Potato starch as powder form was purchased from UNI-

CHEM, China and its degree of substitution (DS) was 0.80. 

Starch s o l u t i o n was p r e p a r e d by heating the starch in 

water in an autoclave at 120
0

C for 30 min. All solutions 

were prepared at least 24 h before measurement was 

performed. The surfactants s odium dodecyl sulphate (SDS), 

N-cetyl- N,N,N-trimethyl ammonium bromide (CTAB) and 

Tween-20 were purchased as analytical grade and were used 

without further purification.   The water used was ion 

exchanged and distilled. Its conductivity, and reduced 

viscosity were 2.0µ s and 4.0 dm
3

/mol, respectively and its 

surface tension was 71.5×10
-3 

± 0.5 N/m at 30
0

C. All 

other chemicals were  analytical grade and were used 

without further purification. All the chemicals from a real 

source which is analytical grade purchase from Loba 

Chemicals, India,  

 

Viscisity: Viscosities were determined with an Ostwald 

viscometer according to British standard (Fisher Scientific 

TM 200) with a fluctuation of ± 0.1
0  

C was used. The 

flow of time was recorded by a timer accurate up to ± 0.01 

second. At certain surfactant/starch ratios the aggregates 

formed were very mobile flocks, which tended to form in 

the samples. This could be partly avoided by draining the 

capillary fully between measurements. 

 

B. Characterization 

SEM analysis 

Scanning Electron Microscope (SEM, JEOL, JSM 6301F, 

Japan), Fine coaster (JFC 1200, JEOL, Japan), Aluminum 

specimen stub, Double-sided adhesive tape. 

Surface tension 

Surface  tension  was  measured  with  a  drop  weight  

method (Stalagmometer i nstruments).  In     the 

calculation of surface  tension,  the  correction  factors  of  

Huh  and  Mason  [65]  were  used.     The  reproducible  

result  between measurements of the same sample was 

±0.5 mN/m. The results of the surface tension 

measurement were presented as 

() values calculated from. where, f is equal to   ,   v i s the 

volu me of the drop and r is its rad ius, mg is the weight of 

falling drop   and  is its surface tensio n. A drop o f the 

weight (mg) given b y the above equatio n has  been d 

esignated  as  the  ideal  drop. Repeated measurements (2-4 

times) were conducted on each sample from which 

equilibrium surface or interfacial tension values    were 

obtained by averaging the values at very long periods, where 

the surface and interfacial tension values showed little or no 

change with time. Prior to normal value. 

Procedure for sample determination 

Scanning Electron Microscope (SEM) of potato starch, 

surfactant sample and starch-surfactant complexes samples 

were less than 4% moisture content before examined. Dried 

sample and sprinkle were taken onto the double-sided 

adhesive tape attached to the specimens tub. The excess 

sample was removed and the sample was placed in fine 

coater of gold coating for150seconds. The coated sample 

was then placed in the sample chamber of the SEM .The 

sample was examined at magnification of 2,500 and 6,000 

with the accelerating voltage of 10 Kv. 

 

III. RESULTS AND DISCUSSIONS 

Some of the prepared starch-surfactant mixture lowered the 

reduced viscosity and surface tension  of water, namely at 

lower concentration of the sample (Table I & II). The 

functional properties of some of the prepared surfactant and 

starch mixed surfactant solutions were tested for emulsifying 

efficiency, washing power and anti re-deposititative 

efficiency. The emulsifying efficiency was characterized by 

the stability of the parafinic Tween-20/water emulsions and 

other surfactant mixture at definite ratio. The results of 

reduced viscosities in CTAB and SDS summarized in Table 2 

and 3 which show that some of the surfactant made 

emulsions of the oil/ water type stable even after 24 h. Their 

efficiency was comparable to that of the commercial 

emulsifier Tween-20. Some of the tested mixture showed 

excellent washing power exceeding that of the anionic 

detergent, name SDS containing dodecyl chains. But 

compared with Tween-20 as a non-ionic surfactant absence of 

H-bonding with potato starch (Fig. I & II) showed the real fact 

of interactions by forming H-bonding  with ionic 

surfactant(SDS,CTAB) 
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Table I: Reduced viscosity of Starch and surfactant mixture of CTAB and SDS with starch 

Temp 
oC 

Reduced Viscosity (polymer) reduced Viscosity (polymer-surfactant mixture) 

 0.0625% 0.125% 0.250% 0.500% 1.000% 0.0625% 0.125% 0.250% 0.500% 1.000% 

25 1644.528 813.616 411.320 213.134 116.297 1549.392 912.256 539.508 298.854 182.692 

35 1385.072 823.416 481.496 288.598 170.153 1298.592 786.768 454.012 240.734 159.576 

45 1229.392 718.792 426.532 247.572 151.884 1177.504 703.104 392.944 216.802 135.538 

55 1065.072 645.592 374.624 218.512 133.615 1021.824 608.992 344.088 192.870 125.923 

65 926.688 572.392 341.036 201.418 121.115 918.048 541.016 307.448 168.940 108.615 

75 857.504 525.328 313.556 184.324 110.538 822.912 488.728 279.968 155.264 99.961 

85 771.024 478.272 286.076 168.94 99.961 753.728 441.672 252.488 141.588 90.346 

 

Table.II The surface tension of aqueous solution of Cetyltrimethyl ammonium bromide (CTAB) with different amounts of added starch solu tion (%) 

Concentration of Starch 

solution X10-2 
 

Log concentration 

of Starch solution (%) 
Surface tension of CTAB solution  (N/m)×10-3 

0.05% 0.10% 

 

0.15% 0.20% 

1.00 -2.00 50.00 49.56 49.41 48.86 

2.00 -1.69 49.30 49.06 48.12 48.00 

3.00 -1.52 48.80 48.58 47.96 47.83 

4.00 -1.39 48.61 48.34 47.90 47.76 

5.00 -1.30 48.48 48.28 47.88 47.67 

6.00 -1.22 48.42 48.20 47.82 47.52 

7.00 -1.15 48.42 48.20 47.80 47.52 

8.00 -1.09 48.40 48.20 47.80 47.50 

9.00 -1.04 48.40 48.20 47.80 47.50 

10.00 -1.00 48.90 48.70 48.50 48.20 

 

Table-III Determination of surface tension of starch mixed surfactant (CTAB & SDS) 0.15%solution at different temperature (Ranges: 30-75oC) 

Temperature. 

( oC) 

Conc. Of starch mixed 

surfactant (CTAB) 

solution 
 

Surface tension 

(N/m)×10-3 

Conc. Of starch mixed 

surfactant (SDS) solution 

 

Surface tension 

(N/m)×10-3 

30 0.15% 47.90 0.15% 49.60 

35 0.15% 47.02 0.15% 48.58 

40 0.15% 46.22 0.15% 46.64 

45 0.15% 44.62 0.15% 45.40 

50 0.15% 44.02 0.15% 43.92 

55 0.15% 42.82 0.15% 44.02 

60 0.15% 41.34 0.15% 41.56 

65 0.15% 41.10 0.15% 41.50 

70 0.15% 41.06 0.15% 41.50 

75 0.15% 41.06 0.15% 41.50 

 

The anti-redepositive efficiency was higher than the starting 

SDS, but moderate in comparison to starch used as a co-

builder in detergents [64]. in case of ionic surfactant (SDS, 

CTAB) the changing is remarkable due to maximum 

interactions occurred with starch polymer. Here, we 

mentioned that temperature has a remarkable effect in the 

complexes of starch-ionic surfactant, here it is obtained 

according to Arrhenius rule increasing temperature reduced 

viscosity and specific viscosity is reduced due to the freeness 

of solution which has been seen in Table I and increasing 

temperature the surface tension value is decreasing in tab-III. 

B. Scanning Electron Microscopy (SEM) 

Figs. 1a, 1b and 1c show the individual surface image of 

starch, SDS and starch-SDS mixture, respectively studied by 

SEM. It can be seen from Figs. 1a, 1b and 1c that the surface 
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Fig.5 Starch-SDS complexes 

images of the starch and surfactant are quite different from 

each other. The surfaces of the starch, SDS and mixture of 

these two looks like granules, pop-corn and needle like 

respectively. It is clear that, at a certain temperature and 

concentration, the starch interacts with the surfactant through 

the formation of H-bonds and changes its surface structure. 

 

 

 

 

 

 

 

 
 

Fig.1 (a) starch                                       Fig.2 (b) Surfactant (SDS)                    Fig.3 (C) starch with SDS mixture 

 

 
 
 
 
 
 

Fig. 2: H-Bond formation starch with cationic surfactants.                     Fig. 3: Only cationic surfactant molecule. 
 
 

From fig. 2 and fig. 3, it can be seen that starch molecule 

have many hydroxyl groups and hydrogen atoms which bind 

with surfactant molecule through H-atom called H-bond 

formation. So bond break down is easily of hydrophilic and 

hydrophobic parts of surfactant molecule, finally cleansing 

activity increased although starch  are biodegradable and eco- 

friendly. XRD Figures 4, 5 and 6 has been given below for 

better understanding starch, SDS, CTAB complexes as 

variation of concentration. 

 
                    Fig. 4 Starch XRD                    Fig. 5 Starch-SDS complexes XRD         Fig.6 Starch-CTAB complexes XRD 

 

The  interactions between    starch   and  all type of  surfactants 

and  their  mixtures  were studied  by  using  surface tension, 

solution viscosity measurements and to do the ternary phase 

diagram, FT-IR analysis for H- bond detection and identification 

, SEM analysis for characterization for smoothness of surfaces 

and XRD analysis   for crystallization of complexes structure. 

The composition and structure of the complexes of starch and 

surfactants mixture were studied by using phase equilibrium 

determination, Scanning electron microgram (SEM) and X-ray 

diffraction (XRD) measurements. Critical association 

concentrations (cac) are well below the critical micellization 

concentrations (CMC) of the surfactants. Associative phase 

separation occurs in extremely dilute systems when the charge 

ratio between the surfactants and the polymer is close to one. 

The effect of mixing on micellization of the binary surfactant 

solution can be described by taking into account the effects of 

the volume difference between the hydrocarbon chains. 

 

IV. CONCLUSION 

The investigations presented in this paper show that strong 

ionic interaction occurs between cationic and anionic 

surfactants (CTAB, SDS) except nonionic surfactant 

(Tween-20) and  starch polymer.  Complex formation on 

starch depends on the chain length difference  in exactly in 

the same way as for free mixed micelles .The separated  

complex phase is a hydrophobic, highly viscous and gel 

like containing  40 to 60% water. The highly and low water 

content of the complex phase indicates that the interactions  

between the starch and ionic surfactants  are very strong 

and they are capable more effective  washing properties  in 

textile industry,  dish wash in household,  garments  and 
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laundry shops than normal chemical  detergent  available  

in our indoor  market which is harmful of water living 

organism, insects, fishes and other animals living in water.  

The polymeric  surfactants  which  are newly  prepared  

from potato  starch  is also  biodegradable  and  eco-friendly  

for environment  not only  this, the  natural  surfactant  

from natural  sources  help our green  chemistry  and safe  

for water  living  organism  due to washable  surfactant  

from polymeric potato starch where  small amount of 

chemical detergents also present . This research will help 

to keep our water living fishes and other water pollutant 

carrying materials free, due to small amount of chemical 

detergent is used with this polymeric surfactant derived 

from potato starch as soap or surfactant additives. 
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Abstract: Landmark based methods are usually labor 

intensive and their accuracy depends on the degree of 

reliability of the feature points. Instead of finding the 

mapping between the feature point sets, elastic model-based 

matching methods model the distortion in the image as the 

deformation of an elastic material. The resulting registration 

transformation is the deformation with a minimal bending 

and stretching energy. Practical elastic model-based methods 

are based on computation expensive iterativealgorithms, and 

the choice of feature points plays a crucial role in its 

performance. 
Keywords: ISAR, Fourier, Simulation, Image 

 

I. INTRODUCTIONS 

mage registration is an important problem in computer 

vision, remote sensing data processing and medical 

image analysis. The goal of image registration is to find a 

spatial transformation such that a similarity metric 

achieves its maximum between two or more images taken 

at different times, from different sensors, or from different 

viewpoints. One such example which is the primary 

interest in the sequel is Inverse Synthetic Aperture Radar 

(ISAR) imaging. ISAR is a microwave imaging system 

capable of producing high resolution imagery from data 

collected by a relatively small antenna. ISAR imaging is 

induced by target motion, which unfortunately also blurs 

the resulting image. After a conventional ISAR 

translational focusing process, image registration can be 

applied to estimate the target rotational motion parameter, 

upon which polar re-formatting may be used to achieve a 

higher resolution image.  Related work in this area 

includes the image registration in interferonmetric SAR 

processing by [1-5]. Over the last three decades, a wide 

variety of registration techniques have been developed for 

different applications. These techniques can be classified 

into correlation methods, Fourier methods, landmark 

mapping, and elastic model-based matching. Given two 

images, correlation methods calculate the normalized two-

dimensional cross-correlation function between a 

Euclidean transformation with translational parameter, 

rotational parameter and scaling parameter. The 

registration problem may be succinctly the correlation 

methods are generally limited to registration problems. In 

case of misregistration, the joint histogram has less 

significant peaks and is more dispersed than that of the 

correct alignment of images. The registration criterion is 

hence to find a transformation such that the mutual 

information of the corresponding pixel pair intensity 

values in the matching images is maximized.  The 

proposed approach is accepted widely as one of the most 

accurate and robust registration measures. Fourier 

methods are also  limited  to  registration  problems  with  

a small  rigid  transformation. If there exists spatially local 

variation, then both the correlation methods and the 

Fourier methods would fail. For cases of unknown 

misalignment type, landmark mapping techniques and 

elastic model-based matching may be used to tackle the 

registration problem. Landmark mapping techniques 

extract feature points from a reference image and a target 

image respectively, then apply piecewise interpolation to 

compute a transformation to map the feature point sets 

from the reference image to the target image. The results 

show that the proposedmethod is so effective for 

recondition of landmarks.    

II.   METHODS AND MATERIALS 

An antenna located at the origin illuminates a line of 

clatterers centered, having length and reflectivity. Let the 

transmitted signal be a pulse of duration T and bandwidth 

given by the baseband equivalent signal, and Then, 

ignoring the round-trip attenuation, the returned signal can 

be represented as the convolution of target reflectivity 

density with the transmitted signal where the speed of 

light, and the round trip delay.An estimate of the 

reflectivity density can be obtained by passing through a 

matched then we can rewrite, Since the transmitted pulse 

usually has a large time-bandwidth product, can be 

approximated by a sinc function. The estimate of target 

reflectivity density may thus be represented as the range 

resolution. To gain a basic understanding of the cross-

range resolving mechanism in ISAR, let’sconsider with a 

line of clatterers having the reflectivity.  As the radar is 

moving, the two-way phase advance at cross-range For 

the case of approaches can be re-expressed in terms of 

angle. Then, the echo response from the line scatterers is 

given by An estimate of the reflectivity density can be 

obtained by integrating the echo response. When the two 

images are properly matched, corresponding areas 

overlap, and the  resulting  joint  histogram  contains  high  

values  for  the  pixel  combinations  of  the corresponding 

regions. When the images are miss-registered, non-

matched areas also overlap and will contribute to 

additional pixel combinations in the joint histogram. To 

form a radar image, N bursts of returned signals first pass 

I 
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through a quadrature demodulator to obtain in-phase and 

quadrature signals at baseband. An complex data, is 

constructed to represent an unprocessed spatial frequency 

signature of the target. The radar processor uses the 

frequency signatures as the raw data to perform range 

compression and standard motion compensation. Range 

compression functions as a matched filter to resolve 

range. 

III.   RESULTS AND DISCUSSION 

The maximum integration angle for ISAR imaging system 

before uncorrected rotation produces defocusing in cross-

range can be defined in terms of allowable two-way phase 

deviation. We assume that the radar is in the far field of 

the target so that no significant range deviation exists over 

the target’s cross-range extent. What remains is the range 

deviation produced when a scattererfirst approaches and 

then recedes from the radar cross-range resolution in 

unfocused ISAR is limited by the maximum integration 

angle, and a Focused Aperture ISAR is desirable for a 

larger integration angle. Consider the echo signal from 

scatterer, located at, the phase advance term at time 

iswhere the target rotates at a constant angular rotation 

rate. Forfocused ISARthe same as the cross-range 

resolution for an unfocused, small integration angleISAR. 

The ISAR imaging is induced by target motion. During 

the imaging time, the clatterers must remain in their range 

cells.  Reflectivity density function won’t remain the same 

over a wide range of radar viewing angles. Therefore we 

cannot use an arbitrary large integration angle in 

Equation. Optimal Integration Angle need to be estimated 

to achieve the highest possible cross-range resolution and 

prevent defocusing in the image.Other wide-band radar 

waveforms, such as a linear FM chirp pulse can also be 

used but with different range compression techniques. 

UsingSF waveforms, radar typically transmits a sequence 

of N bursts.  Each burst consists narrow-band pulses. 

Within each burst, the center frequency of each successive 

pulse is increased by a constant frequency step.  Fig 1 

shows Reconstructed Airplane with proposed method. 

The total bandwidth of the burst, determines the radar 

range resolution. The total number of bursts for a given 

imaging time determines the Doppler or cross-range 

resolution. For SF signals, the range compression 

performs an M-point IFT to each of the N received 

frequency signatures where denotes the IFT operation 

with respect to variable m. All together, N range profiles, 

each containing M range cells, are thus obtained. Along 

each range cell, N range profiles constitute a time history 

series of the target. The Fourier imaging approach applies 

a FFT to the time history series and generates a N-point 

Doppler spectrum, or Doppler profile. By combining the 

N Doppler spectra denotes a FFT operation. The radar 

image I is hence the target’s reflectivity function mapped 

onto the range-Doppler planeImage is misaligned by only 

a small rigid transformation.  In addition, the peak of the 

correlation may not be clearly discernible in the presence 

of noise. Fourier methods are the frequency domain 

equivalent of the correlation methods. Fourier methods 

make use of the translation property of the Fourier 

transform and search for the optimal spectrum matching 

between two images.  Since rotation is invariant under a 

Fourier transformation, rotating an image merely rotates 

the Fourier transform of that image.   

 

Fig. 1: Reconstructed Airplane with proposed method 

IV. CONCLUSION 

In this paper, a new generalized divergence measure, 

Jensen divergence, isproposed.     Some properties such as 

convexity and its upper bound are derived.   Based on the 

Jensen divergence, we propose a new approach to the 

problem of ISAR image registration. The goal of ISAR 

image registration is to estimate the target motion during 

the imaging time. Our approach applies Jensen divergence 

to measure the statistical dependence between consecutive 

ISAR image frames, which would be maximal if the 

images are geometrically aligned. Simulation results 

demonstrate that the proposed method is efficient and 

effective. 
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ABSTRACT 

Information systems such as e-commerce services, smart phones, social media, and pervasive 

systems are an indispensable part of our life. Cyber attacks on these systems could cause huge 

financial losses, privacy and safety compromises, and operational interruptions. Security research 

has focused on developing more secure technical solutions to prevent attacks. But technical 

security solutions alone are not sufficient to protect individuals and information systems from 

attacks. Consequently usable security solutions have been proposed but they have limited scope. 

We need a comprehensive solution in the form of Societal Digital Security Culture (SDSC): 

collective knowledge, common practices, and intuitive common behavior about digital security. 

SDSC complements the technical and usable security solutions by improving the knowledge and 

creating a change in the behavior of society towards digital security. SDSC is a first step in the 

development of comprehensive security solutions for societal information systems.  
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Abstract- The development of an equivalent circuit for a phase 

winding of a three-phase stator consisting of scalar electrical, 

vector electrical and vector magnetic sections facilitated the 

referral of scalar electrical voltages to the vector electrical 

section of the equivalent circuit due to the equality of scalar 

and vector current magnitudes. This resulted in voltages and 

current coexisting with magnetic variables on the magnetic 

axis of the phase winding, thereby showing that electrical 

variables can be presented as vector quantities on the 

magnetic axis of the phase winding. The vector electrical 

section of the equivalent circuit connected the scalar 

electrical section to the vector magnetic section, resulting in 

a single circuit for analysis of the electromagnetic system. The 

energization of all three windings of the three-phase stator by 

three-phase voltages produced resultant current, voltage, and 

magnetic vectors associated with a phase winding and a single 

vector voltage equation for all three windings. The absence 

of this single equivalent electrical circuit of the 

electromagnetic system and the results derived from it has not 

inhibited growth in the area of transient analysis and modeling 

of electrical machines, however, its introduction reveals the 

background of the various phenomena occurring in the 

machine and shows the development of current and voltage 

vectors in the electromagnetic system.  

Keywords- Modeling, Machine, Electrical, Phase, Two-pole 

I.   INTRODUCTION 

ector analysis is widely used for the analysis, modeling 

and control of electrical machines. The method makes 

use of vector currents, voltages and magnetic variables and 

reflects the physical phenomena occurring in the machines. 

The application of the vector method to the modeling, 

analysis and control of electrical machines has many 

advantages over other methods, some of which are: a 

reduction in system equations, easier machine control, a clear 

conceptualization of machine dynamics and easier analytical 

solution of dynamic transients of machine variables [1]. 

However, the material presented by Kovacs [2]for the vector 

analysis of a three-phase stator requires an equivalent circuit 

to demonstrate the generation of vector currents and the 

production of vector voltages to clearly formulate the vector 

method.  

This paper presents the development of an equivalent 

circuit for an electromagnetic system consisting of scalar 

electrical, vector electrical and vector magnetic sections and 

shows the production of a vector current from its scalar 

counterpart that leads to the production of vector voltages on 

the magnetic axis of the system. A single voltage equation is 

also developed to represent all three windings of the 

three-phase stator.   

II.  RELATED WORK 

Vector analysis of electrical machines was developed by 

Kovacs and Racz[3] and is widely used in the modeling, 

transient analysis and control of these machines. The vector 

method has been documented in many books of reputed 

authors [4-7]and has been employed by Holtz [8-10] in the 

development of vector equations for electrical machines. 

However, the above application of the vector method in the 

analysis of electrical machines utilised vector currents, 

voltages and magnetic variables but did not represent them in 

an equivalent circuit of the machine.  

III.  EQUIVALENT CIRCUIT OF A PHASE WINDING OF 

A THREE-PHASE MOTOR STATOR 

A cross section of the stator windings of a two-pole, 

three-phase machine is shown in Fig. 1. The phase windings 

are shown to be displaced from each other by 120
0
 and the 

positive direction of current flowing through each winding is 

upwards through the non-primed side and downwards through 

the primed side. Using this convention of current flow 

through the windings, positive magnetic axes were 

developed for each phase winding, along which all 

magnetic quantities exists.  

The analysis of electromagnetic systems has traditionally 

been performed with the production of two circuits, a scalar 

electrical circuit for electrical analysis and a vector magnetic 

circuit for magnetic analysis [11] as shown in Fig. 2, where 

Va represents supply voltage,ia winding current, Ra 

resistance of winding aa', Laself inductance of winding 

aa',Rathe reluctance, Na number of turns in winding aa', and 

fluxϕaproduced by winding aa'.  

However, quantities in the electrical circuit affect 

quantities in the magnetic circuit and vice versa. As a result 

of the dependence of both electrical and magnetic variables 

on each other, the development of an equivalent circuit 

containing both electrical and magnetic quantities would 

prove to be very useful in the analysis of electromagnetic 

systems. Since the three-phase stator is an electromagnetic 

system, then the development of an equivalent circuit 

containing both electrical and magnetic quantities would be 

a powerful tool in the vector analysis approach of this 

electromagnetic system.  

V 
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Figure 1.  Traditional Electrical and MagneticEquivalent Circuits of Phase 
Winding aa’ of The Three-Phase Stator 

For this analysis, one phase winding of the three-phase 

stator, winding aa' was initially selected for analysis. This 

winding is represented in Fig. 3(a) by its center conductors 

and the currentiathrough the winding is in the positive 

direction. Fig. 3(a) is divided into two sections: electrical 

quantities are presented in the Scalar Electrical section and 

the other section containing the winding with its 

electricalscalarcurrentiaand magnetic variables, magnetic 

Field intensityHa, flux density Ba, flux ϕa, flux linkage λa 

and current vector iaall on the positive (+ ve) magnetic axis 

of winding aa'. The electrical scalar current ia, which leaves 

the Scalar Electrical section of the circuit flows through the 

winding and produces vector magnetic field 

intensityHaalong the positive magnetic axis of winding aa'. 

This vector magnetic field intensityHamust be produced by a 

current vector ia on the positive magnetic axis of winding aa', 

hence, it can be said that the electrical scalar current iaon 

passing through winding aa' produces current vector ia on its 

positive magnetic axis.  

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Figure. 2: RTL schematic 

 

 

 

Fig. 3(b) consists of three sections: magnetic processes 

beginning and ending with current vector ia, a Scalar 

Electrical section as described earlier and a Vector 

Electrical section containing current vector iaseparating 

the above two sections. The vector electric current ia, on 

entering the Scalar Electrical section, produces a scalar 

current ia in the Scalar Electrical section, and the scalar 

electrical current iaon entering the Vector Electrical section, 

produces a vector electric current ia on the magnetic axis of 

winding aa' as shown in Fig. 3(b). Hence the magnetic axis 

of winding aa' completes the circuit making ia and |ia| of 

equal magnitudes.  

The equivalent circuit of the three-phase stator with phase 

winding aa' energized is obtained by replacing the Magnetic 

Processes of Fig. 3(b) with current transformer CT and 

reluctance Ra. as shown in Fig. 3(c). The turns ratio of current 

transformer CT is 1:NaandRais the reluctance to flux ϕa. The 

complete equivalent circuit of the three-phase stator with 

phase winding aa' energized as shown in Fig. 3(c) consists 

of three sections: the Scalar Electrical section, the Vector 

Electrical section and the Vector Magnetic section. The 

current vectoriaexists on the positive (+ ve) magnetic axis of 

winding aa' in the Vector Electrical section of the circuit, 

and the current transformer CT produces the 

magnetomotiveforce (mmf) Naiain the Vector Magnetic 

section that drives the fluxϕathrough the magnetic circuit 

reluctanceRa.  

The voltage equation in the Scalar Electrical section is 

given by: 

               dia 

                  Va = iaRa+La              (1) 

               dt 

The voltages in the Scalar Electrical section of Fig. 3 (c) 

can be referred to the Vector Electrical section of the circuit 

sinceia =|ia| resulting in:  

 

          Wk+1 = Wk+ 2 μ εkXk           (2) 

 

and producing the equivalent circuit of Fig. 4, with all 

voltages residing on the positive (+ ve) magnetic axis of 

winding aa'. Therefore the equivalent circuit of the 

three-phase stator with phase winding aa' energized has been 

represented by Vector Electrical and Vector Magnetic 

sections with current vector, voltage vectors and magnetic 

variables all existing on the positive (+ ve) magnetic axis of 

winding aa'. 
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Figure 3. Equivalent Circuit of Three-Phase Stator with Winding aa' Energized(a) Scalar Electrical and Scalar Electrical, Vector Electrical & Magnetic 

Sections (b) Scalar Electrical, Vector Electrical Sections and Magnetic Processes (c) Scalar Electrical, Vector Electrical and Vector Magnetic Sections [12, 

13] 
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Figure 4.  Equivalent Circuit of Three-Phase Stator with Winding aa' Energized with Vector Electrical and Vector Magnetic Sections  

 

IV.  RESULTANT CURRENT VECTOR 

If the phase windings aa', bb', and cc' of Fig. 1 are 

energized with currents ia, ibandicrespectively, then using 

the equivalent circuit developed in Fig. 3(c), current vectors 

ia, ib and ic would be respectively produced on magnetic axes 

aa', bb', and cc' as shown in Fig. 5. These three current 

vectors ia, ib and ic can be vectorially summed resulting in 

the resultant current vector ires[10],  

s(t) = V cos(2πfct).                       (3) 

whereaanda2
are unit vectors representing the position of 

the positive magnetic axes of windings bb' and cc' 

respectively and:  

, (4) 

If the three-phase stator is energized with three-phase 

currents of instantaneous values given by: 

ia=Imc
os

(wt-90
o)

  

ib=Imc
os

(wt-120
o
)(5) 

ic=Imc
os

(wt-240
o
) 

then, the resultant current vector is obtained by substituting 

Eq(5) into Eq(3) [10] and given by: 

 

Bi+1 = αIi + (1 − α).Bi                               (6) 

and the resultant current vector associated with phase 

windings is given by, where: 

 

G = ටGଶ+Gଶ(7) 

Resolving ipalong each magnetic axis yields the 

instantaneous values of phase current in Eq(5) [10]. The 

resultant current vector associated with phase windings in 

Eq(7) is of constant magnitudeIm and rotates at a constant 

angular velocity of rad/s around the stator.  

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Figure 5. Peak detection 
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V.  RESULTANT MAGNETIC AND ELECTRICAL 

VECTORS OF A THREE-PHASE STATOR 

The application of the equivalent circuit of Fig. 3(c) to 

each phase winding of the three-phase, two-pole stator 

shown in Fig. 1, whose phase windings are displaced from 

each other by 120
0
, and energized by three-phase voltages, 

produces the magnetic and electrical quantities of each phase 

winding along the phase magnetic axis as shown in Fig. 6.  

Each magnetic or electrical phase variable can now be 

summed vectorially to produce the resultant of that variable 

[10]. Hence, the resultant magnetic field intensity Hres, flux 

densityBres, flux ϕres, flux linkage λres, current vector ires, 

and supply voltage Vresare given by the vector addition of 

their phase variables shown on the magnetic axes of Fig. 6. 

Applying the method utilized earlier to determine the 

resultant current vector associated with a phase winding to 

the above mentioned magnetic and electrical resultant 

vectors, the resultant magnetic and electrical vectors 

associated with a phase winding are given by:  

The error between the actual running speed of the motor 

and the reference value is calculated and the control 

mechanism is executed by using a PI controller in this case.  

The control signal is then given to a PWM generator which 

then produces the required gating signals that are to be given 

the 6 IGBT switches. The switches act according to the gate 

pulses given to them and the speed of the motor is controlled 

to the required value. The function of the proportional term 

of the PI controller is to consider the current size of the error 

value only at the time of controller calculation, and the 

integral term of the PI controller eliminates offset and sums 

up the complete controller error history up to the present 

time, starting from when the controller was first switched to 

automatic.  

Sinusoidal pulse width modulation as shown in Fig 6.is 

employed in the circuit to turn on the switches. The extent, to 

which the dc voltage is boosted via the Z source network i.e. 

the boost factor, is decided by the modulation index of the 

pulse width modulation used.In an outer loop controlled 

induction motor drive, the actual rotor speed is compared 

with its commanded value, and the error is processed through 

a controller usually a PI controller and a limiter are used to 

obtain the slip-speed command. The limiter ensures that the 

slip-speed command is within the maximum allowable 

slip-speed of the induction motor. The slip-speed command 

is added to electrical rotor speed to obtain the stator 

frequency command. Thereafter the stator frequency 

command is processed as in an open loop drive. In the closed 

loop induction motor drive the limits on the slip speed, boost 

voltage and reference speed are externally adjustable 

variables. The external adjustment allows the tuning and 

matching of the induction motor to the converter and inverter 

and the tailoring of its characteristics to match the load 

requirements.  

When only phase winding aa' of the three-phase stator is 

energized, the self inductanceLaof that winding is given by:  

La=Ll+Lm(8) 

where L1and Lmare the leakage and magnetizing 

inductances respectively of phase winding aa'. However, 

when the three-phase stator is energized with three-phase 

voltages, the mutual inductance between stator phase 

windings is −Lm 2 and both self and mutual inductances are 

included in the flux linkage of the phase winding resulting 

in: 

Three phase induction motors are the most widely used in 

various industrial applications because of the following 

properties - self starting property; elimination of a starting 

device; robust construction; higher power factor and good 

speed regulation. But the induction motor is a constant 

speed machine which makes its applications pretty much 

limited. To increase the areas of application of the induction 

motor, its speed has to be controlled by varying the supply 

frequency. The advantage of speed control of the induction 

machine is that it can save the energy spent by the machine. 

For example, a speed reduction of about 20% can improve 

the energy savings upto 50% in a centrifugal pump. This 

means that an energy inefficient motor can be replaced by a 

variable speed machine given an efficient control system. The 

base speed of an induction motor is directly proportional to 

the supply frequency and the number of poles. Now since the 

number of poles is fixed in the motor design, the best way to 

control the speed of the motor is to vary the supply frequency. 

The torque developed by the motor is directly proportional to 

the ratio of the applied voltage and the supply frequency. The 

torque is kept constant by varying the applied voltage and the 

supply frequency and by keeping their ratio to a constant 

value. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

.Figure6. Architecture of AES core 

 

The torque speed characteristics also denote that: 

1.The starting current requirement is lower.  

2. The stable operating point of the motor is increased. 

The motor can be run at 5% of the synchronous speed 

upto base speed instead of running the motor from the 

base speed itself.  

3. The acceleration and deceleration of the motor can be 

controlled by controlling the change of the 

supplyfrequency of the motor with respect to time. 

The open loop Volts/Hz control of an induction motor is far 

the most popular method of speed control because of its 

simplicity and these types of motors are widely used in 

industry. Traditionally, induction motors have been used 

with open loop 60Hz power supplies for constant speed 

applications. For adjustable speed applications, frequency 

control is natural. However, voltage is required to be 

proportional to frequency so that the stator flux remains 

constant if the stator resistance is neglected. 
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VI. CONCLUSIONS 

Vector analysis is widely used for the analysis, 

modeling and control of electrical machines. The 

methodmakes use of vector currents, voltages and magnetic 

variables but does not represent them in an equivalent 

circuit of the machine. This paper presents the development 

of an equivalent circuit for an electromagnetic system 

consisting of scalar electrical, vector electrical and vector 

magnetic sections and shows the production of a vector 

current from its scalar counterpart that leads to the 

production of vector voltages on the magnetic axis of the 

system. Resultant current, voltage and magnetic variable 

vectors associated with a phase winding of a three-phase 

stator are also developed together with a single vector 

voltage equation of the system. 
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Abstract- The effects of process parameters on 

microstructure evolution of A356 (Al-7%Si-0.3%Mg) alloy 

cast by strain induced melt activated (SIMA) process were 

investigated. Deformation of 20%, 30% and 40% were used 

by hot working at 380°C (rolling and forging). In order to 

determine the kinetics of coagulation, some samples were 

heated to a temperature above the solidus point and 

maintained in the isothermal conditions at two temperatures 

(580 and 590°C) for various holding times (15, 30 and 45 

min). The metallographic studies were done on SIMA 

processed alloys Al alloy. Those were compared with as cast 

A356 alloy. It was observed that SIMA processed alloys has 

globular morphology. The formation mechanism of globular 

particles in the process of isothermal treatment also 

discussed. It has been observed that the solid fraction of the 

semi solid slurry gradually decreased with temperature or 

prolonging isothermal time. It was found that increased 

deformation reduced the time to obtain globular 

morphology. Effect of SIMA process on mechanical 

properties of A356 alloy has also been seen. Significant 

improvement in ductility noticed in SIMA processed alloy in 

comparison to cast alloy besides some improvement in 

tensile strength.  

Keywords- 356 aluminium alloy, isothermal holding 

time, isothermal temperature, partial remelting, semi-

solid microstructure 

I. INTRODUCTION 

he Al alloys produced by the conventional casting 

methods have dendritic morphology and this 

dendritic morphology leads to poor mechanical properties. 

So for better mechanical properties, this dendritic 

morphology should be changed into non-dendritic 

morphology. The main aim of semi-solid metal (SSM) 

processing is to obtain the non-dendritic morphology by 

stirring the alloy in between the solidus and liquid point 

[1, 2]. Semi-solid forming, which has been widely use in 

the field of automobile, spaceflight and aviation, is a 

promising method of materials processing [3, 4]. 

Usually, the semi-solid slurry, prepared by stirring 

process known as rheocasting [5], is used directly for 

forming products. Thixoforming is another two step 

method where thixoformed feed stock is reheated to semi 

solid temperature to provide the SSM slurry subsequently 

used for component shaping. As one of the SSM process, 

the strain induced melt activation (SIMA) process 

developed by Young et. al. [6] in 1980s is used to produce 

Mg alloys. This combines both casting and 

forging/rolling. For this method, residual strain is stored 

in a billet and a global structure is evolved by the strain 

energy stored in the billet after reheating [7].  The process 

is based on scientific understanding that grain boundaries 

induced by plastic deformation and recrystallization will 

be wetted by liquid metal at the semi solid temperature, 

resulting in a fine and globular structure [8]. In this study, 

various parameters which relate the microstructure and 

mechanical characteristics of thixoformed A356 alloy, 

such as grain size, solid fraction and shape of primary Al 

and morphology of silicon particles are addressed. Grain 

coarsening mechanism has also been discussed.   

II. EXPERIMENTAL PROCEDURE 

In this study A356 (Al-7%Si-0.3%Mg) alloy is used. The 

alloy was melted in the electric resistance furnace at 

720
0
C. To avoid the oxidation of the melt, it was covered 

with cover flux. After proper mixing, degassing and grain 

refinement the molten alloy was cast in the form of 

rectangular strips of size 250mm x 15mm x 10 mm in 

metallic mould. The ingot was cut breadth wise to get 

samples of length 25mm.  

In order to study the effect of deformation and isothermal 

process parameters (time and temperature) on semi solid 

microstructures, the deformed samples (20%, 30% and 

40%, by forging and rolling) were heated from room 

temperature to 580 and 590
0
C in an electric resistance 

furnace. When the respective heating temperature reached 

to predetermined values, samples were isothermally held 

for 15, 30, and 45 min. and immediately taken out for 

water quenching keep microstructure morphology of semi 

solid slurry at room temperature. Samples for 

microstructure characterization were prepared by the 

standard metallographic techniques, followed by etching 

in a Keller’s reagent. The microstructure of samples was 

observed under metallurgical microscope. 

XRD was carried out on a representative samples to 

identify the phases present and distribution of elements in 

the alloy. The tensile properties were tested on Material 

Test System at a constant rate of 10
-3

S
-1

. Averages of 

three values were taken. SEM analysis was also carried 

out on selected metallographic samples and fractured 

tensile samples. 

III. RESULT AND DISCUSSION 

A. XRD analysis 

XRD analysis was carried out to investigate the phases 

present in the alloy. A representative sample (at 580
0
C, 

T 
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30% predeformation and holding time 30min) was 

selected for XRD analysis .The XRD analysis detected 

peaks of Al, Al-Si and Si (Fig.1). 

    

Fig.1: XRD analysis at 5800C and 30% deformation for 30 min. 

B. Line analysis 

Fig.2 shows the distribution of the major alloying 

elements at the semi-solid temperature range by line 

analysis. During partial remelting, Si, and Mg 

redistributes in the matrix and grain boundary. It can be 

found that distribution of elements Si, and Mg is uniform 

in the matrix. However, contents of the Si and Mg at the 

grain boundary are much higher than those in the matrix. 

The diffusion of atoms is closely associated with the 

isothermal temperature and the holding time. The contents 

of the Si and Mg decrease in the matrix and these 

elements segregate to the grain boundaries with an 

increase of the isothermal temperature and the holding 

time. The longer the holding time and the higher the 

isothermal temperature, the more segregation of Si at the 

grain boundary would be which results in a decreasing 

amount of Si in the intragranular regions. The reason is 

that the different diffusion velocities for Si and Mg atoms 

in the intragranular and intergranular regions of grains are 

enhanced by an increase of the isothermal temperature 

and the holding time.  

 

 

 

O-Mg 

O-Al 

O-Si 

 

 

 

Fig.2: SEM micrograph and line scan for the semisolid Al-7Si-0.45Mg 

alloy 

C. Microstructure of as-cast and SIMA A356 alloy 

The microstructure of as cast A356 alloy is shown in 

below Fig.3, and from the Fig it is clear that the alloy has 

dendritic morphology. 

 

 

 

 

               

Fig.3: Microstructures of as cast A356 alloy 

D. Effects of deformation and temperature on semi sold 

microstructure 

Fig.4 (a-c) show the microstructures at 580
0
C deformed 

to 20%, 30% and 40% for 30 min. According to this Fig. 

4(a-c), it is clear that the grain size decreases as 

deformation increases. With a large amount of 

deformation, more energy in the form of residual strain is 

deposited in the samples. This energy will be released and 

help to break up the microstructure when the sample is 

reheated. The more the residual strain, the more the 

energy is deposited and the smaller the grain size.                                                

The same phenomena also observed at 590
0
C which was 

performed for 20%, 30% and 40% predeformed for 30 

min. (Fig.4 d-f). However in the later case the average 

grains size are more than the average grains of alloy at 

580
0
C (Fig 4 a-c). So it is cleared that the average grain 

size decreases with the deformation.  

Fig.4: Microstructures of A356 alloy at 5800C and 5900C, predeformed 
to (a) 20% (b) 30% (c) 40% for 30min 

Temp. Deformation 
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C 
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E. Effects of isothermal time on semi solid 

microstructure 

The effects of holding time on microstructure during 

partial remelting are shown in Fig. 7 (a-c). The Al-grains 

coarsen and become some what globular with an increase 

of the holding time. At the isothermal temperature of 580 

°C, the average size of grains increase from 60 to 75 μm, 

from holding times of 15 to 45 min. 

 

 

Fig.5: The microstructures of 40% predeformed A356 alloy heated at 
5800C for (a) 15min; (b) 30min; and (c) 45min 

Fig. 6: Effect of holding time on average grain size (at 5800C) 

With increasing holding time, many small liquid droplets 

within grain combine and form several big liquid drops in 

order to reduce the interfacial energy.  

Above the holding time of 30 min, the grain size increases 

slowly. From Fig. 5(c), it is observed that small grains are 

merging with large grains. This eventually decreases the 

quantity of the small grains.  
The two main mechanisms of grain coarsening play an 

important role during partial re-melting. One of the 

coarsening mechanisms is the coalescence of grains. 

Grain growth due to coalescence by grain boundary 

migration is dominant at short times after liquid is 

formed, at low volume fractions of liquid. Liquid fraction 

increases with increasing of the isothermal temperature 

and holding time. Under these conditions, Ostwald 

ripening is the dominating mechanism of grain coarsening 

in the stage of high liquid fraction, in which grains 

continuously coarsen and the small grains gradually melt 

[9, 10].  
 

IV.  MECHANICAL PROPERTIES 

A. Tensile testing 

Fig.7 shows the results of 0.2% proof stress, UTS and % 

elongation of samples with varying predeformation at 

580
0
C for 15 minute holding time. From Fig it is clear 

that for the constant temperature and holding time as the 

deformation increases, 0.2% proof stress, UTS, and 

Elongation also increases when compared with the as 

cast sample.  

Fig.7: Graphs of SIMA Tensile samples 

The maximum UTS value 212.75 MPa and elongation 

14.61% is achieved for the sample heat treated at 580-

40%-15min. This is attributed to the globularity of 

primary aluminium morphology, grain refinement and 

change in morphology of Si particles of Si particles i.e. 

size and shape. 

The improvement in strength and elongation, can be 

understood by the following Hall –Petch equation 

                 σy= σi + k (d)
-1/2

                     (1) 

Where σy and σi to the yield stress and normal stress, 

respectively, d refers to the grain size, k is constant [11]. 

From the above equation, the yield strength increases 

with decreasing grain size because the grain boundary 

acts as effective obstacle for slip dislocation on initial 

deformation stage is dominantly affected by the 

interaction and across of dislocation rather than the 

presence of grain boundary. The behavior of slip 

dislocation with decreasing grain size was interrupted by 

numbers of grain boundaries. Therefore, the yield 

strength and elongation were improved with decreasing 

grain size.  

B. SEM analysis of fractured tensile samples 

Fig 8 (a) and (b) show SEM image of A356 alloy at 20% 

and 40% deformation respectively. Fig (b) shows more 

dimpled than (a) in the fractured surface, indicates more 

ductility than 20% deformed sample.  

 

 

   

(a) (b) (c) 
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Fig.8: SEM photographs of 5800C for 15 minutes at (a) 20% (b) 40% 
deformation. 

 

CONCLUSION 

From the above work it can be conclude that as the 

deformation increases then the average grain size 

decreases but globularity in the particles increases. But 

as the holding time increases then coarsening of 

particles occurs due to Ostwald ripening which can be 

further given by the LSW theory and more globularity 

also occur. The mechanical properties of SIMA 

processed alloy is better than the as cast condition and 

these mechanical properties also increases as the 

deformation increases.     
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Abstract-- In today’s global competitive world, every 

organization wants to have excellent employees those who do 

not only work hard but also display good traits, cooperative 

nature , tendency to work in team to achieve organizational 

goal .  Organizations are encouraging their employees to 

engage in Organizational citizenship behavior .The present 

study is an attempt to find out various dimensions of 

organizational citizenship Behavior existing in Indian 

companies. All together four hundred ten respondents 

participated in the study from middle to higher level of the 

organizations. The principle axis factor analysis revealed five 

dimensions of OCB , namely-  sportsmanship, altruism, 

courtesy, civic virtue, conscientiousness which is being used in 

Indian organization . 

Keywords-- Organizational Citizenship Behavior, Indian 

Organization, Cooperative  

I. INTRODUCTION 

ow the world market has turned in to single market 

structure where organizations have to improve their 

competitive ability further, and advance the individual 

efficiency to become more valuable and effective.  In order 

to achieve effectiveness organizations are drifting away 

from hierarchical structure and accepting team oriented 

system. Managers are motivating their employees for 

cooperation and OCB to attain effective organizational 

functioning. Organizational citizenship behavior includes 

positive and constructive act of employees which they do on 

their own wish, in turn it supports co-workers and benefits 

the company. They are known to go extra miles to help their 

colleagues. OCB has shown to increase productivity, 

efficiency and customer satisfaction, and reduce costs and 

rates of turnover and absenteeism (Podsakoff, Whiting, 

Podsakoff&Blume, 2009).   

A.   Organizational Citizenship Behavior  

Organizational Citizenship Behavior is Individual behavior 

that is discretionary, not directly or explicitly recognized by 

the formal reward system, and that in the aggregate 

promotes the effective functioning of the 

organization(Organ, 1997). The factors of OCB is not 

rooted by theory or construct thus the behavioral dimensions 

of OCB May vary, it is not a constructbut  a set of behaviors 

that belong together. Smith et al. (1983) identified two 

dimensions namely: Altruism and generalized 

compliancewhichwas modified by organ 

(1988),includedaltruism, conscientiousness, sportsmanship, 

courtesy, and civic virtue. Podsakoff, MacKenzie, 

Moorman, and Fetter (1990) provided operationalization of 

these dimensions, which have served as the basis for OCB 

measurement in various studies ( Podsakoff, 

MacKenzie,&Bommer, 1996; Van Dyne et al., 1994).   

Morrison (1994) presented sportsmanship and involvement 

dimensions, whichwas included components ofOrgan’s 

sportsmanship and civic virtue dimensions. There are large 

number of constructs demonstrates widespread interest in 

and relevance of organizational citizenship research. 

Though the OCB Dimensions are measured in many 

studies,but there a dearth in Indian context.Considering the 

importance OCB in the new challenging and changing 

business world   the   purpose of the present studywas find 

out the dimensions of OCB in Indian Companies. 

 

II. OBJECTIVE 

The main objective of the present study was to find out 

various dimensions of the OCB in Indian Organizations as 

perceived by Managers. 

III. HYPOTHESIS 

 

Literature review suggests various dimensions of the OCB, 

namely:  altruism, courtesy, sportsmanship, 

conscientiousness, civic virtue (Smith, Organ, and Near, 

1983), interpersonal facilitation, job dedication (Van Scotter 

and Motowidlo, 1996), helping co-workers (George and 

Brief, 1992), loyalty, obedience, participation (Van Dyne et 

al., 1994), loyal boosterism, personal industry, individual 

initiative (Moorman and Blakely, 1995). Though there are 

various dimensions of the OCB were suggested by the 

researcher but more or less clubbing them together many 

dimensions are overlapping. Common factors have emerged 

are:  Helping Behavior, Sportsmanship,  Organizational 

Loyalty,  Organizational Compliance,  Individual Initiative,  

Civic Virtue, and  Self Development. Based on various 

research studies it was hypothesized that - 

 

H1.There will various dimension of Organizational 

Citizenship Behavior be emerged in the Indian organization. 

IV. METHOD 

Sample 

The study was conducted in various service organizations 

situated in Western Region of India. The sample was 

obtained in probability sampling method. The respondents 

N 
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represented a cross-section of industries with varied 

background. Heterogeneity of the sample secured varying 

level of achievements of managers at different hierarchal 

levels of the organization. Over all, four hundred ten   

executives responded to the questionnaire, of which 12 per 

cent belonged to upper and 88 per cent to the middle 

management cadre. The age of respondents varied from 23 

years to 40 years with median age being 31 years. The work 

experience ranged from 3 to 22 years with median 8 years 

of work experience. 

 

V. INSTRUMENT 

 

A.  Organizational Citizenship Behavior 

Research studies have revealed several scales to measure the 

Organizational citizenship behavior, though they vary in 

numbers of dimensions. OCB scale was developed by 

Smith, Organ, & Near (1983), Organ (1988); Graham 

(1989) ;Moorman & Blakely (1995 ) George & Jones 

(1997). For the purpose of present study, scale to measure 

the OCB was used developed by Podsakoff, MacKenzie, 

Moorman, & Fetter, (1990). There were 24 items 

containing5 dimensions of OCB namely: altruism, 

conscientiousness, sportsmanship,   courtesy, and civic 

virtue  .The OCBS has beenshown to be reliable and valid. 

Reliability reported by previous research ranges from 0.70 

to 0.93 (Farh, Earley, & Lin, 1997). 

 

VI. RESULTS 

 

A.  Organizational Citizenship Behavior Measures  

The factor structure was extracted many times using varying 

number of factors to accept a given internal structure of 

organizational citizenship behavior items. Negative items 

were reverse in the process of doing factor analysis.  The 

final analysis resulted in five factors of organizational 

citizenship behavior described as below. Table 1 presents 

various rotated factor structure comprising five dimensions 

of Organizational Citizenship Behavior. Though the present 

analysis revealed 5 factors of OCB but the order of OCB 

was different as compared to original scale which was 

altruism, courtesy, conscientiousness, sportsmanship, civic 

virtue respectively ((Podsakoff, MacKenzie, Moorman, & 

Fetter, 1990),   

 
 . 

Factor 1: Sportsmanship:  this factor revealed the nature of 

the employees where they are willing to tolerate expected 

inconvenient and getting work without complaining. 

Factor 2: altruism:  This factor indentified as willingly 

helping others with, or preventing the happening of work 

related problems 

Factor 3:  civic virtue:  revealed the willingness of the 

employees in participating in the governance of the 

organization, engage in policy debates, and keep the 

company’s best interest in mind, even at great personal 

costs.  

Factor4:  courtesy: factor indicated the behavior of the 

employees where theyalerting others in the organization 

about changes that may affect their work, hence prepare 

others for  the change related problem which employee may 

have to face days to come. 

Factor 5:  conscientiousness: conscientiousness: carrying 

out one’s duties beyond the minimum requirements,where 

employees pay attention to the details andfollowing rules, 

regulations and procedures. They maintain predictable work 

schedules, increasing the reliability of the service. 

Item analysis carried out for finally accepted items of the 

organizational citizenship behavior. The reliabilities ranged 

from low of .81 courtesy to a high of .93 for altruism 

organizational citizenship behavior.  Another dimensions 

namely- Sportsmanship, civic virtue, and conscientiousness, 

alpha reliabilities was of .86, .89 and .82 respectively.  

Table 3 presents summary of item analysis

 

 
Table1: Factor loading of organizational citizenship behavior 

  

Item no. Items  SS AL CV CR CS 

11 I am the classic "squeaky wheel" that always needs 

greasing .84 
    

12 I consume a lot of time complaining about trivial matters. 
.89 

    13 I tend to make "Mountains out of molehills 
.91 

    14 I always focus on what's wrong, rather than the positive 

side. .88 
    

15 I always find fault with what the organization is doing 
.84 

    1 I help others who have heavy workloads 

 
.81 

   2 I am always ready to lend a helping hand to those around 

me. 
 

.84 
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3 I help others who have been absent. 

 
.83 

   4 I am willing to help others who have work-related 

problems. 
 

.81 
   

5 I help orient new people even though it is not required 

 
.75 

   16 I try to avoid creating problems for co-workers. 

  
.63 

  17 I consider the impact of my actions on co-workers 

  
.77 

  18 I do not abuse the rights of others. 

  
.72 

  19 I take steps to try to prevent problems with other workers. 

  
.77 

  20 I am mindful of how my behavior affects other people's 

jobs 
  

.74 
  

21 I keep myself abreast of changes in the organization. 

   
.70 

 22 I attend meetings that are not mandatory but are 

considered important. 
   

.83 
 

23 I attend functions that are not required but help the 

company image. 
   

.84 
 

24 I read and keep up with organization announcements, 

memos and so on. 
   

.75 
 

6 I am one of the most conscientious employees 

    
.50 

7 I believe in giving an honest day's work for an honest 

day's pay. 
    

.57 

8 My attendance at work is above the norm. 

    
.66 

9 I do not take extra breaks. 

    
.74 

10 I do not take extra breaks. 

    
.64 

Note: SS= Sportsmanship, AL= altruism, CV= civic virtue, 

CR =courtesy, CS= conscientiousness. N=410 

Table 3: Descriptive statistics & Inter- correlation between Organizational 
Citizenship Behavior and Employee Engagement (Diagonal line presents 

Alpha coefficient) 

 Mean SD SP AL CT CV CS 

SP 39.25 7.53. 86 .    

AL 35.20 9.63 21* 93    

CV 37.82. 7.68 17** 27** 89   

CR 35.76 9.02 22** 26** 16* 81  

CS 36.72 7.28 05 33** 35** 34** 82 

 
Note:  SS= Sportsmanship, AL= altruism, CV= civic virtue, CR =courtesy, 
CS= conscientiousness,   N=410. **. Correlation is significant at the 0.01 

level. * Correlation is significant at the 0.05 level 

 
B. Discussion  

The objective of the present study was to find out the 

dimensions of the OCB in Indian organization as perceived 

by the managers.   Statistical analysis revealed five 

dimensions of OCB as perceived by the managers in the 

organization.   They were Sportsmanship, altruism, Civic 

virtue, courtesy and conscientiousness.  Though the order of 

the dimensions of OCB varies as compared to Podsakoff, 

MacKenzie, Moorman, & Fetter (1990), itreflectsthat 

Employees do believe in helping others and lending their 

helping hand to the coworkers. In Indian organization as 

expected employees do not go about complaining other’s 

work, instead they prefer to  complete their own task while 

helping their colleagues in demanding  situation.  Further,  

willingly they are ready to help other employee in difficult 

situation or at the time of need. Employees are ready to 

participate and debate in the organizational issue, not only 

they are ready for the change but also prepare other 

employees and co workers for the same. As result revealed 

that employees work hard and go beyond their expected 

time of work, and work for longer hour.  It can be suggested 

that OCB does exist in Indian Organizations, which is 

essential for the organizations and employees for 

Motivation, positive attitude organizational commitment 

etc.  

Though organizational citizenship Behavior is spontaneous 

initiative taken by the staff, an opportunity should be 

provided to display the OCB by the organizations.  

Organization should create a workplace     environment that 

not only allows for, but is conducive and supportive of OCB 

(Organ, Podsakoff&MacKenzie, 2006). 

C. Implication of the Study  

Today   all employees have to work together to achieve the 

organizational objectives. OCB will play a major role in the 

process of accomplish the task, to face the challenges given 

by the work environment.  organizational citizenship 

behavior inculcate the helping and cooperative behavior 

among the employees , where employees feel on their own 



International Conference on Multidisciplinary Research & Practice                               P a g e  | 28 

 

Volume I Issue VII                                                                    IJRSI                                                                         ISSN 2321-2705 
 

to lend the helping hand to their colleagues, seniors and 

junior without expecting anything in return. Hence it has 

become one of the important aspects for the organization. 

Organizations should create work environment which 

should allow conductive and supportive OCB and also 

educate the employees about OCB.  
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Abstract:-Personal authentication is the key of security and 

reliability in society. The reliability of personal identification 

using palm print is an equal and valuable evidence as the 

fingerprints which is commonly used modalities. The latent 

prints which are encountered at scene of crime (suicide notes) 

or in form of the questioned documents such as wills, property 

documents, official papers etc. The development of these latent 

palm prints not only gives the conclusive identification of the 

individual, but also provides the unique minutiae details for 

authentication. In this study, 40 samples (both male and 

female) from North part of India were taken to establish the 

identification of an individual through the development of 

latent palm prints present on documents. The obtained 12 

parameters from this study not only increase the evidential 

value of such lateral palm prints, it can also be placed at par 

with the fingerprints in court of law on the top of all other 

scientific evidences. 

Key Words: Personal Identification, Questioned documents, 

evidential value, lateral palm prints. 

I. INTRODUCTION 

t has been noted that Palm prints (Wen Xin Li & et al. 

2002) and fingerprints are equally valuable evidence. In 

forensic application the evidential value of palm print (You 

Jane & et al. 2002) is clear as about 30 percent of the latent 

recovered from crime scenes ( Anil K. Jain & et al. 2009) 

are from palms, and play an important role in the 

identification (Naidu Swati & et al. 2011) of an individual. 

The ridges are studded with sweat pores which secrete 

sweat. However, it must  be remembered that while writing 

or preparing the works of art, etc. one cannot help touching 

or holding the surface or part of the hand (Palm and Finger) 

resting on the writing surface to give support and facilitating 

the movement of the hand. Since the finger/Palm has raised 

lines and furrows having sweat pores which keeps the ridges 

moist, and hence as it touches the writing surface, it is 

expected to leave their impression (prints) on the writing 

surface or papers. Especially when we signed, the lower part 

of the palm (Hypothenar area) comes in the contact of the 

surface. Since sweat is apparently a colorless fluid, the 

prints so left behind are not visible to the naked eye; the 

visibility of the prints (Kumar Shen & et al. 2002) are 

enhanced by various methods which then can be compared 

with the specimen obtained from the suspects to fix identity. 

In this study, the inherent relation of the signatures with the 

lateral palm prints leading the identification of individual, 

and also increasing the reliability of questioned documents 

examination. The fresh and old samples were taken to see 

the occurrence of latent palm prints, and are they 

identifiable or not?  By studying the developed palm prints 

and obtained 12 parameters from the fresh and old samples 

of minutiae details, it was noticed that the identification of 

subject is possible. Although the natural variation occurs 

because, (a human is not a machine who can work similar) 

but gives the authenticity of an individual.  

II. MATERIAL AND METHODS 

Samples 

Total number of subjects (40), including 20 male and 20 

female (age group 15- 50 yrs.) from the villages of Uttar 

pradesh such as; Ramala, Budhpur, Kishanpur Baral, Baoli, 

Bijwara, Barout, and Sarurpur from Districts Baghpat and 

Meerut (North part of India) were randomly selected for this 

study, The old print was taken in October 2012 while the 

fresh samples were taken in March 2013 (Chaudhary R.& et 

al.2004). All the samples were taken on the white paper 

sheet written by blue ball pen. For the development of latent 

palm prints, the  Black powder was used for fresh samples, 

while for the development of old prints Ninhydrin was used 

(easily available, and Frequently used for development of 

old latent prints). 

Methods  

The selection criteria of all individuals were random, and 

the consent was taken. The details about the individual such 

as Age, sex, Address, occupation and their educational 

qualification were noticed. The subjects were asked to sit on 

the chair at ease. After giving a blank white paper sheet and 

blue ball pen to the individuals were asked to sit on a chair 

and to put the paper on a table which was up to the height of 

elbow. Then the individuals were spoke to put their 

I 
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signatures on the sheet at calm and congenial atmosphere 

(Chaudhary R & at al, 2004). 

According to the Locard’s mutual Exchange principle 

“When ever there are two things in the contact of each 

other, their will be always a mutual exchange of material 

between them” (Sharma B.R. 1984). The palm prints in 

latent form were also transferred below to the signature on 

papers. The signatures on the papers were taken after a time 

duration (Fresh and Old) to see whether the identity of 

individual is possible, and if yes then how much natural 

variations will be present their among the minutiae details.  

Will it be identifiable?  All the sheets were put at the room 

temperature. 

III. DEVELOPMENT OF LATENT PRINTS 

I) Black Powder 

The black powder which reacts with the lipid materials 

present in the prints (finger and palm) residue and enhance 

the visibility of latent prints. All the samples were put at 

room temperature. After 5 hours, the black powder was 

applied on all the paper sheets carefully. It was noticed that 

latent dermal ridges were successfully developed on all the 

sheets. The developed ridges were clear and having enough 

information about the identification of an individual. 

II) Ninhydrin Development. 

Since 1954, Ninhydrin have become commonly used for 

reveals prints on papers. After taking the samples, the 

samples were put at the room temperature. After some time 

all the samples were put in the separate –separate paper 

envelope so that the integrity of the samples by keeping 

contaminants away. The entire sample was treated with 

Ninhydrin (Laura Rae &et al, 2013).  The Ninhydrin 

solution was taken into a sprayer and sprayed over the 

samples; the samples were put on room temperature for 24 

hours. Although the print starts to develop after few seconds 

but for the process of acceleration and to dry the samples, 

the humidity was increased after 24 hours. The developed 

prints with this method were clear, identical and having 

enough information about an individual. 

IV. STATISTICAL ANALYSIS 

The aim of the study is to identify an individual from the 

obtained aggregate information of the latent palm prints 

(Ashbaugh D. 1999). First we have to allocate three centers 

of curvatures in the developed palm prints and to correlate 

them with the line of writing, where signatures were put on.  

It is expected that the latent image of palm prints (Jain A. 

1999) will come below that signature or in the line of 

writing.  

For the centre of curvatures, First of all two tangentional 

lines (Keegan J.F. 1977) were drawn, where the lines 

intersects each other from that point a corresponding line is 

also drown. Now from the corresponding line up to the 

deepest point A, it will be the radius of centre of curvatures 

A. Thus all three centers (A, B, C) and the radius of 

respective centers were allocated. Now a straight line along 

with the signatures (baseline) was drawn, which will 

correlate the palm prints with the signatures. For all the of 

three centers A, B, C and their radius, ra, rb, rc, were 

measured, the angle of the centre of curvature from the line 

of writing ɵa, ɵb, and ɵc were taken. The inter-distance of 

three centers AB, BC, CA was measured, and the normal 

distance from the line of writing of the centers of curvatures 

la, lb, lc was determined (Chaudhary, R. & et al. 2004). The 

correlation of these points (Wu Xiagqian & et al. 2003) with 

respect of writing’s line is cumulative and was measurable. 

It was noticed that all the parameters for each individual 

were unique, which fixes the identity of an individual with 

respect of line of writing. The position of latent palm print 

was below the signatures. It’s also considered that all the 

obtained parameters were enough for the identification of an 

individual. 

 

V. RESULT AND DISCUSSION 

Parameters of subjects (fresh samples):- 

Subject

s 

Radius of 

Curvature(Cm.) 

Normal distance of curvature 

from Line of Writing ( cm.) 

Angle of centre of 

curvature from line of 

writing 

Inter-distance of  

centre of curvature 

(cm.) 

S.no. ra           rb           rc la             lb              lc ɵa         ɵb          ɵc AB       BC          CA 

1. 1.2 2.0 1.5 4.7 8.5 8.0 70 73 80 3.8 1.4 3.3 

2. 1.5 3.0 1.6 5.5 7.2 8.1 76 81 92 4.3 2.2 4.0 

3. 3.0 3.6 2.0 6.6 10.6 11.0 67 75 80 5.0 2.2 4.4 

4. 2.4 2.5 1.4 8.1 13.0 12.5 73 75 80 5.1 1.7 5.0 
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5. 1.3 2.7 1.6 7.4 11.3 11.0 80 82 88 4.0 1.6 3.7 

6. 1.7 2.5 1.6 6.6 10.5 10.2 68 70 75 4.3 1.4 3.7 

7. 2.1 3.0 2.0 6.7 10.6 10.7 75 69 77 4.7 1.8 4.2 

8. 2.0 2.8 1.5 7.2 11.5 11.2 85 86 89 4.8 1.7 3.9 

9. 1.8 3.0 1.7 7.0 11.3 11.0 82 84 88 4.2 1.6 3.7 

10. 2.2 3.3 1.5 5.6 9.9 9.6 75 73 85 4.5 2.0 4.1 

11. 1.9 2.8 1.7 5.3 9.5 9.6 70 71 78 4.6 1.7 4.3 

12. 2.2 3.5 1.9 5.1 10.0 10.4 67 71 85 4.1 2.3 3.9 

13. 1.6 3.0 1.8 5.4 9.2 9.4 74 72 83 4.4 1.8 3.8 

14. 1.7 3.5 1.8 6.0 11.2 10.6 71 76 85 5.3 2.0 4.6 

15. 1.5 3.3 1.4 5.5 10.3 9.8 70 80 88 4.9 1.8 4.5 

16. 2.2 3.3 1.7 5.8 10.9 10.3 75 83 91 5.0 1.6 4.6 

17. 2.0 2.3 1.6 5.8 13.1 11.0 83 86 93 5.1 1.4 5.0 

18. 1.5 3.2 1.6 6.8 11.8 11.0 78 83 91 5.0 1.8 4.7 

19. 1.6 3.7 2.0 6.0 11.2 10.8 60 73 80 5.3 1.8 5.0 

20. 1.5 2.6 2.0 3.7 7.6 7.2 53 57 64 4.7 1.3 3.6 

 

21. 2.2 2.6 2.0 5.4 10.8 10.3 78 79 87 5.4 1.6 4.8 

 

 

 

 

 

 

 

 

 

 

 

Parameters of subjects (old samples): 

Subje

cts 

Radius of 

Curvature(Cm.) 

Normal distance of 

curvature from Line of 

Writing ( cm.) 

Angle of centre of 

curvature from line of 

writing 

Inter-distance of  centre 

of curvature (cm.) 

 ra            rb         rc la               lb          lc ɵa             ɵb          ɵc AB          BC           CA 

1. 1.4 1.9 1.6 4.7 8.7 8.3 73 75 81  3.7 1.6  3.5 

2. 1.7 3.2 1.7 5.6 7.4 8.0 75 83 93 4.3 2.1 4.2 

22. 2.0 3.6 2.7 3.7 8.8 9.0 60 62 70 6.2 2.2 5.6 

23. 2.1 3.2 2.4 3.0 7.2 7.5 50 55 68 5.0 1.6 4.6 

24. 2.0 4.1 1.9 4.8 9.7 9.2 69 84 91 4.2 4.8 5.3 

25. 2.0 2.9 1.8 5.9 9.7 9.9 81 74 84 4.5 2.8 3.7 

26. 1.8 2.8 1.6 5.7 10.0 10.2 86 80 90 4.5 1.7 4.4 

27. 1.6 3.0 2.3 6.0 10.3 10.1 75 70 78 4.7 1.9 4.0 

28. 2.0 2.7 1.6 6.0 10.1 10.0 68 72 78 4.7 1.8 4.2 

29. 1.8 3.4 1.8 5.5 10.3 9.6 77 69 86 3.9 1.7 4.1 

30. 1.2 3.0 1.6 4.4 7.8 8.2 45 50 58 4.4 1.6 3.5 

31. 2.0 2.8 1.7 5.2 9.3 9.4 65 62 70 5.1 1.8 4.3 

32. 1.7 2.8 1.7 4.8 8.6 8.3 60 62 68 4.4 1.5 3.9 

33. 1.9 2.6 2.0 7.1 13.8 11.3 95 90 100 5.0 1.4 4.4 

34. 2.1 3.4 1.8 6.1 7.9 10.0 78 86 93 4.7 2.0 4.1 

35. 1.1 3.0 1.5 4.3 8.4 8.0 52 59 65 4.7 1.8 4.0 

36. 1.3 3.3 2.1 4.6 9.7 8.3 65 60 70 5.6 1.9 4.4 

37. 1.4 2.6 1.9 5.1 8.3 8.5 62 67 79 4.9 2.3 5.2 

38. 1.6 2.7 1.6 4.6 8.3 8.4 60 62 70 4.4 2.0 3.8 

39. 1.3 3.2 2.0 5.3 9.8 10.2 60 65 75 5.0 2.0 4.7 

40. 1.0 2.8 1.9 5.5 9.1 8.9 83 75 90 3.9 2.0 3.7 
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3. 2.9 3.6 2.2 6.5 10.7 11.2 69 74 81 5.1 2.2 4.5 

4. 2.6 2.5 1.5 8.1 12.8 12.4 73 77 81 5.1 2.0 5.0 

5. 1.4 2.8 1.8 7.2 11.2 11.0 83 86 85 4.0 1.5 3.9 

6. 1.7 2.6 1.8 6.6 10.7 10.3 68 73 76 4.3 1.5 3.6 

7. 2.2 3.0 1.9 6.7 10.6 10.9 75 65 77 4.5 1.8 4.3 

8. 2.1 2.8 1.8 7.2 11.3 11.5 80 87 89 4.6 1.9 3.9 

9. 1.9 3.1 2.0 7.3 11.0 11.5 87 89 92 4.2 1.8 3.9 

10. 2.2 3.5 1.5 5.8 9.9 10.0 75 76 89 4.4 2.4 4.3 

11. 2.0 2.8 1.7 5.3 9.5 9.6 70 71 78 4.6 1.7 4.3 

12. 2.4 3.7 1.9 5.0 10.3 10.2 71 76 89 4.1 2.5 3.7 

13. 1.6 3.2 1.8 5.4 9.0 9.4 79 75 85 4.5 2.0 3.8 

14. 1.8 3.5 1.8 6.4 11.2 10.4 76 79 85 5.3 2.2 4.6 

15. 1.7 3.3 1.6 5.7 10.3 9.8 74 83 88 5.1 1.9 4.5 

16. 2.4 3.0 1.8 5.6 10.9 10.5 78 85 96 5.1 1.8 4.7 

17. 2.2 2.3 1.7 5.8 13.1 11.2 86 89 93 5.2 1.6 5.0 

18. 1.8 3.3 1.9 6.8 11.8 11.2 78 87 95 5.0 1.8 4.9 

19. 1.7 3.7 2.0 6.1 11.2 10.8 65 79 88 5.3 1.9 5.2 

20. 1.8 2.7 2.2 3.7 7.8 7.3 57 62 69 4.7 1.5 3.7 

21. 2.3 2.6 2.2 5.5 10.9 10.3 83 81 87 5.5 1.8 4.8 

 

 

 

 

 

 

 

 

 

 

 For the Mean value of samples (Old and fresh), the given 

statistical formula was used-   

µ= ∑X/N 

where, µ= Mean of samples,
 

∑X= Sum of samples, 

N= Total no. of samples, 

 

Observation table of subject no.1 

22. 1.9 3.5 2.8 3.8 8.9 9.0 64 66 73 6.2 2.3 5.7 

23. 2.1 3.3 2.4 3.1 7.2 7.5 55 59 68 5.1 1.8 4.6 

24. 2.2 4.3 2.0 4.9 9.7 9.3 73 88 95 4.2 4.9 5.5 

25. 1.9 2.9 2.0 5.9 9.8 10.1 85 79 84 4.5 3.0 3.7 

26. 1.8 3.0 1.9 5.7 10.2 10.3 89 85 94 4.5 1.9 4.4 

27. 1.8 3.1 2.3 6.2 10.3 10.1 79 73 78 4.7 2.1 4.2 

28. 2.1 2.7 1.8 6.1 10.3 10.3 72 76 86 4.7 2.0 4.2 

29. 1.9 3.4 2.0 5.7 10.3 9.6 82 69 86 4.0 1.9 4.1 

30. 1.5 3.2 1.6 4.5 7.8 8.4 51 57 63 4.5 1.9 3.5 

31. 2.0 2.8 1.9 5.2 9.3 9.4 69 65 74 5.1 2.0 4.3 

32. 1.7 2.9 2.0 4.9 8.8 8.5 64 65 72 4.5 1.7 4.1 

33. 2.0 2.8 2.1 7.1 13.8 11.3 93 95 100 5.2 1.7 4.5 

34. 2.0 3.5 1.8 6.3 7.9 10.2 81 89 97 4.7 2.1 4.3 

35. 1.4 3.0 1.8 4.5 8.4 8.1 57 62 65 4.7 2.0 4.1 

36. 1.5 3.3 2.4 4.7 9.9 8.1 68 65 74 5.6 2.0 4.4 

37. 1.6 2.6 2.0 5.1 8.3 8.5 66 72 79 4.9 2.5 5.3 

38. 1.7 2.5 1.8 4.7 8.5 8.2 66 65 73 4.4 2.1 3.8 

39. 1.5 3.2 2.2 5.3 9.8 10.2 63 69 75 5.1 2.2 4.9 

40. 1.3 2.8 2.0 5.5 9.3 8.9 88 80 95 3.9 2.2 3.9 
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Subject 

Radius of 

Curvature(Cm.) 

Normal distance of 

curvature from Line of 

Writing ( cm.) 

Angle of centre of 

curvature from line of 

writing 

Inter-distance of  centre 

of curvature (cm.) 

S.no.  ra        rb         rc la          lb          lc ɵa          ɵb          ɵc AB       BC       CA 

1 1.4 1.9 1.6 4.7 8.7 8.3 73 75 81 3.7 1.6 3.5 

1.2 2.0 1.5 4.7 8.5 8.0 70 73 80 3.8 1.4 3.3 

 

Mean 

 

 

1.3 

 

 

1.95 

 

1.55 

 

 

4.7 

 

8.6 

 

8.15 

 

71.5 

 

74 

 

80.5 

 

3.75 

 

1.5 

 

3.4 

Appro. 1.3 1.9 1.6 4.7 8.6 8.2 72 74 82 3.8 1.5 3.4 

 

Observation table of subject no.23 

Subject Radius of 

Curvature(Cm.) 

Normal distance of 

curvature from Line of 

Writing ( cm.) 

Angle of centre of 

curvature from line of 

writing 

Inter-distance of  centre 

of curvature (cm.) 

        

 

23 

ra         rb              rc la           lb          lc ɵa          ɵb          ɵc AB       BC       CA 

2.1 3.2 2.4 3.0 7.2 7.5 50 55 68 5.0 1.6 4.6 

2.1 3.3 2.4 3.1 7.2 7.5 55 59 68 5.1 1.8 4.6 

Mean 2.1 3.25 2.4 3.05 7.2 7.5 52.5 57 68 5.05 1.7 4.6 

Approx. 

Mean 

2.1 3.2 2.4 3.1 7.2 7.5 53 57 68 5.0 1.7 4.6 

 

      Figures1:  Developed latent palm  prints with Ninhydrin. 
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Figures 2: Developed latent prints with Black Powder. 

By studying the developed latent prints and their inherent 

relation with the signatures are leading to the identification 

of an individual (Alston J & et al. 1987) or the author and 

impress the reliability for conclusive identification (R. 

Chaudhary & et al. 2004). The obtained 12 parameters for 

each individual in sample were identifiable with natural 

variation, and having enough information about their 

identity. It is noted that, if the identity of the suspect is not 

possible from the forged signature then this method along 

with handwriting characteristics can also be presented. In 

handwriting examination, If a person try to disguised his 

handwriting, then the class characteristics such as  pen 

stroke, ink deposition, tremors, and pen pressure are 

examined (Downey J.E. 1953), whether For the dilatation of 

authorship in handwriting, numerous standard signatures are 

required to study the individual and class characterization. 

But if an individual try to disguise his handwriting, along 

with the characteristics of forgery (Sharma B.R. 1984), 

unknowingly the culprit will also put their latent palm prints 

on the document. During the development process 

numerous smerged prints will be visualize. A conclusive 

identification of an individual (Kumar Ajay) from the 

smerged prints is not always possible, but from this method 

forgery of documents can also be detected with fixatation 

the identity of an individual. If the author is genuine, then 

the prints are encountered below the signature. If latent 

prints are not on the paper, it may be because of disease, 

weather, atmospheric, age or wearing gloves in hands  It’s 

very rare that the latent palm print does not occur on 

documents and very hard to believe that when we are 

writing, our hand/part of or palm do not rest on paper..  

During examination (Cowger J.F. 1979) if such conditions 

are faced then, the identity of the individual will also be 

possible through different parameters taken for the present 

study. “Since human is not a machine who can work 

similar”, so their will be some variation in the writing which 

will be observed when will take the parameters which is the 

indication of genuineness. 

 During the observation of parameters, it was seen that the 

variation in the angle of centre of curvature from line of 

writing ɵa, ɵb, & ɵc  is up to (±5
0
)  in comparison of both 

(fresh & old) samples which is due to natural variation. The 

Angle of centre of curvature from line of writings, is noticed 

higher in male than female, If the author is left handed then 

the angle ɵa, ɵb, ɵc of centre of curvature will be more than 

right handed. The radius of curvature ra, rb, & rc are smaller 

in measurement. When the mean values from the fresh and 

old samples of subject no. 1 were taken, it was seen that the 

obtained mean values of radius of Curvature ( ra, rb, rc,) 

gives the significance of natural variation which is in 

parameters up to (±0.3cm.). In the normal distance of centre 

of curvature from line of writing (la, lb, lc,), la is always 

smaller than lb ,lc , and In comparison of female the obtained 

distances were higher in male. The variation was noted up 

to the limit (±0.2cm). Now,  In parameters of inter distance 

between centre of curvatures AB, BC & CA that distance 
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between the centers B & C are relatively smaller than AB, 

CA. Inter-distance may vary, it depends on the health of 

subjects.  These variations were observed up to the limit of 

(±0.2cm). Same observations were noted in other subject 

no. 23’s samples also. These observations are the significant 

of natural variation (Gutierrez-redomero Esperanza & et al. 

2011), which in turn allows the identification of the 

individual (Male or female) and gives the inherent relation 

of an individual identity with respect of line of writing. The 

error in the measured distance is within the limits of 

(±0.2cm), which can be attributed to the instrumental 

error/constant error and are due to natural variation.  

FURTHER WORK TO DO 

Determination of sex from latent palm prints, and aging 

from the latent palm prints present on documents is on 

process and will be completed in short of time. 
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Abstract- The implicit and explicit changes in the world have 

created a new work behavior of the employees and the 

employers which sees an overall new definition of work 

values. This work is a process of understanding the 

attitudinal phenomenon with which an employee moves 

between the two points of Connect and Disconnect. The two 

strategic point that the employee builds as a psychological 

reference point and the transverse between the two to 

determine his engagement with the organization. This is the 

Psychologicaldistance. This defines the way an employee 

connects and disconnects with work, interpersonal relations 

and with the organization.. As the construal level increases 

in abstraction we see that the distance increase leading to the 

distance of the employee with the work, people and 

organization. A reading into this will help one to retain the 

employee and creating a congenial environment  

The conceptual work is depicted through a three 

phenomenon model of: 

 1: The Dimensions of Connect 

 2: The Psychological Distance 

 3: The Psychological Distance Process 

I. INTRODUCTION 

istancing is a concept arising from the work 

of developmental psychologists  Heinz 

Werner  and Bernard Kaplan  (1969) Distancing describes 

the process by which individual separate from everything 

around him/her. Their work is seen in terms of 

development, personality and behavior.  

Psychological distance is may be or may not be 

egocentric: Its reference point is the self in the work and 

due to many reason the self isdistancing himself/ herself 

from that point. Transcending the self from the work is a 

mental construal, and the farther moving out from the 

work and work consciousness, the higher (more abstract) 

the level of distance it would have. As psychological 

distance increases, construal’s would become more 

abstract, and as level of abstraction increases, so too 

would the psychological distances people envisage. 

Construal levels thus expand and contract one’s mental 

horizon. The different distances should also similarly 

influence prediction, evaluation, and action, in as much as 

these outcomes are mediated by construal. 

(Liberman&Trope, 1998; Trope &Liberman, 2013). 

Going beyond this earlier theory, this work treat temporal 

construal theory as a special case of a general theory of 

psychological distance. 

 

Researchers indicate that the distances are cognitively 

related to each other, have similar influence and are 

influenced by level of mental construal, and that it would 

have prediction, preference, and actions after the distance 

has started. 

  
II. THE WORK: THE FUNDAMENTALS 

Based on affective events theory, the work is developed 

on fundamental model integrating cognitive, affective and 

behavioral component to construct Psychological distance 

while considering three work processes i.e work 

consciousness, interpersonal and interdependent work 

relations and organization in total where this all are 

operating.  

The process of attitude formation is based on several 

components but the common thread appears these three 

where person’s past experience and expectations of the 

results in building the conditions on which an employee is 

making the evaluations and judgments regarding the 

work.Any workplace runs very largely on the cognitive 

abilities of the workforce. All employees of a firm think 

about the job that they are doing, perceive what their boss 

is telling them to do, remember their training that they 

received before doing their job, and learn from mistakes 

that they have made while working. These credentialsare 

built when employees feel they are an asset to their work 

place and starts developing consciousness towards work. 

III. THE DIMENSIONS THAT CONNECT 

Workplace attitude is the sum total of workplace attitudes 

of employees that reveal themselves in everyday 

judgments or decisions. Attitudes are revealed through 

statements or opinions about the challenges, comfort, self-

perception, and financial considerations surrounding the 

three work processes: 

The Work Consciousness Process 

Interpersonal Relations Process 

Holistic OrganizationProcess 

 

Employee wanting to work is attributed to economic 

factors and employer action. There are variety of reasons, 

which include psychological rewards, demands of their 

supervisors, the desire to get ahead, and the social and 

occupational norms that built their expectations and 

obligation. This lays the foundation to work 

consciousness;which makes employees to get engaged to 

D 
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the work and the organization. Brett and Stroh (2011) 

investigated several factors that establishes that 

employees connect with their work for pays, 

psychological reward etc. Each employee looks forward 

to a meaningful opportunity to use their skills, develop 

new relationships, and fulfill the requirement of 

interpersonal and interdependent relationship.  Employee 

connects or disconnect when they find what they expect 

from their work and the organization and what they find 

in reality. 

Self Mastery, Job Mastery and organizational mastery 

develops work consciousness as there is a cognitive 

development and experience regarding work environment. 

Interpersonal and interdependence in work relations and 

organization connect leads to job satisfaction and 

commitment, which in many ways are attributed to 

attitudinal preposition. Cognitive development in the 

work, interpersonal relations and with the organization 

grows till the employee finds meaning to the connections. 

Various works of Piaget (1977, 1987) on cognitive 

development can be well fit in this study too. The four 

stages of schemas, assimilation, accommodation and 

experimenting is also well connected with work place 

cognitive development. At the first stage schemas 

employee gather the knowledge and start interpreting their 

work world with reference to work place relations, with 

work itself and with the organization where the work has 

rooted. As they gain experiences, new information’s are 

used to modify add or change, this process of assimilation 

which is somewhat subjective, employees tend to modify 

experiences and information somewhat to fit in with his or 

her pre-existing beliefs regarding work place. This later 

goes to stage of accommodation as it involves changing 

and altering the new information and setting oneself to 

this new experience.  

 

According to Harvey &Erdos (2011)the regularities of an 

employee’s feelings, thoughts and predisposition to act 

towards organizations need are what connect the 

individual. This make them concern of almost anything 

that is there in the organization environment. It’s the truth 

as they see it; employees believe to be true about his or 

her job, with the people they work with and the 

organization they work in. This makes them feel about 

they are in an environment where things are as per their 

beliefs. This collection of beliefs and feelings helps them 

to dispose a behavior which suggests that they connect 

with the organization. Research by Ajzen (1991) on 

planned behavior also indicates that expected outcomes of 

behavior and values of these outcomes form subjective 

norms that lead to a planned behavior. Employees thus 

understand what is the planned behavior that could benefit 

them to gain the advantages they foresee for themselves.  

However, the challenge in the workplace is thatbehaviors 

are tied to work functions, policy, procedures and 

organizational structure, as well as the people and 

individuals present in the organization which are very 

dynamic in nature.  

For example, we could have thoughts or beliefs 

(cognitive) about managers in general, and those thoughts 

or beliefs could manifest themselves in not trusting a 

manager (affective), and thus we would never want to 

develop a close relationship with a manager (behavioral). 

 

 

 

       

 

 

                                                                            Connect 

 

 Connect 

 

 

 

IV. MODEL 1: THE DIMENSIONS OF CONNECT 

This model suggests the employee connect because of his 

or her attitude regarding work, affinity and organization in 

total.  The way the employee feels, thinks and behaves 

forms a basic conditions that effect work, interpersonal 

relations and organization in total. Better the collection of 

feeling, beliefs and predisposition towards job, relation 

and organization better would be connect. Spirit at work, 

at the personal level, reflects a distinct state that involves 

profound feelings of wellbeing, a belief that one’s work 

makes a contribution, a sense of connection to others and 

common purpose, an awareness of a connection to 

something larger than self, and a sense of perfection and 

transcendence (Kinjerski and Skrypnek, 2004). Various 

researchesindicateemployees’ desire for meaningfulness 

and fulfillment at work (Mitroff and Denton, 1999; 

Cacioppe, 2000a, b). The more employees experience 

personal purpose and meaning at work and affinity the 

more they are connect to the organization (Milliman et al., 

2003). Connect put simply is the extent to which people 

feel connected with and committed to their work, people 

and organization. Being connected is most clearly 

reflected in the emotional ownership people feel; in other 

words how much they really care about achieving their 

own objectives as well as the success of the team. 

 

V. DISCONNECT AND PSYCHOLOGICAL 

DISTANCE 

What makes an employee disconnect themselves from 

their work, from people and the organization inspite of the 

fact they were connected once? Studies from Cooper 

indicated lack of support for engagement at work, lack of 

fairness, lack of trust, lack of challenging and meaningful 

work. Research from Peter Warr (2007) describes that too 

much of a good thing is also bad. Too much of an 

Personality 

The way the 

employee 

feels thinks 

and behaves 

 

 

Work Employees connects with the work 

through 

 Self 

 Job 

 Organization 

 

Attitudes to work 

The collection of cognitive, affective, beliefs and 

predispositions to behave in one’s job, in 

interpersonal relations and in organization 

Affinity 

Co worker, reporting relations, Delegating 

relations and Group 
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opportunity for control, to use one’s skill and varieties of 

work have a deleterious effect. 

When there is a failure on the part of the company to meet 

employee’s expectations for challenging work and a 

culture of trust it anticipates in frustrations, dissatisfaction 

and psychological withdrawal. Emotions are the strongest 

factors in decision making because they have the capacity 

to arouse feelings to a point of awareness to take actions. 

Once an employee’s form belief, make judgments based 

on those feeling that went wrong in their expectations 

regarding work, regarding interpersonal relations and 

regarding organization will lead them to the process of 

distancing.  

The distance at work may be due to lack of interest, may 

be because of a gap an employee perceive between 

promise and reality, expectation not met. 

that people can use varying degrees of their selves, 

physically, cognitively, and emotionally, in work role 

performances, which has implications for both their work 

and experiences disengage, or withdraw and defend their 

personal selves. 

 While some people will stay in a role they’re not happy 

in, most will eventually choose to look for a new and 

better opportunity elsewhere. Most people move on 

because they are looking for something they don’t have or 

can’t get where they are. Whether it be to find a more 

interesting or challenging job, more money, greater work-

life balance, or a healthier workplace culture the reasons 

people choose to disconnect are many and varied. This 

disconnect leads to psychological distance in work i.e 

creating a distance in work consciousness, affinity 

distance by have work relations distance, interdependence 

and interpersonal distance and finally distance with the 

organization which can be seen through attitudinal and 

behavioral job outcomes that include commitment 

distance and distance in readiness to work for 

organization. 

 

VI. MODEL 2: THE PSYCHOLOGICAL DISTANCE 

The estimation of distance is subjective. What determines 

levels of construal is not physical distance as measured 

physical sciences but, rather, the subjective distances as 

large or small. The same objective distance may look 

differently due to psychological factors, some of which 

are “cognitive” (division into more stages may enhance 

perceived distances and some are motivational service of 

enhancements, one’s pre-conceived behavior.Affect 

(violation and mistrust), attitude (job satisfaction, 

organizational commitment, and turnover intentions), and 

individual effectiveness (actual turnover, organizational 

citizenship behavior, and in-role performance). 

In all employees start believing in the psychological 

distance due to their attitude formation. It is not necessary 

that psychological distance occur in sequence of work, 

affinity and later to organization. Since it is attitudinal 

belief of employees that’s the reason the disconnect can 

spark in any of these process, but psychological distance 

has a chain effect it means if any of the work processes 

get effected it will affect the rest two too.  

 

VII. MODEL 3: THE PSYCHOLOGICAL DISTANCE 

PROCESS 

The model 3 suggests the process of psychological 

distance. Initial research indicates that the outcome of 

psychological distance can either be attrition or the 

employee starts redefining the work process. The reason 

for redefining can be due to many practical reasons of 

unavailability of better jobs, getting used to the 

phenomena of connect and disconnect, trying once again 

at the process or getting counseled by the senior to do 

better.  
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VIII. CONCLUSION 

The complexity of today`s organization has made the task 

and jobs further intricate. The situations are more 

grievous as the employee expectations have soared and 

there has to be continuous effort to align them with that of 

the organization failing in this binding result into the 

psychological distances.  

A noteworthy point to be referred here is that these are all 

the attitudinal consequences and yes there can be 

differences of opinion. It is ones perspective towards 

person or situation 

 The problem, though, is if employees let attitudes like 

this direct their personality at work, it can indeed stunt 

their ability to grow in an organization.Certainly having a 

good relationship based a right kind of cognition, 

affective will lead to better behavioral outcome of:  

1. Sense of personal value. Feeling valued, qualified, 

capable and successful are powerful energizers and 

drivers of connect 

2. Return on Relationships(ROR).Trust and respecting 

the people at work would lead to better affinity at 

work place that would lead to better cohesiveness  

3. Purpose and meaning. Employee contribution to their 

organizationmakes all the difference. Doing a job that 

has an altruistic purpose energizes many people, 

while for others purpose and meaning derive from the 

harmony between their values and those of the 

organization they work for.  

4. Belief. Being hopeful, optimistic, confident and 

empowered will always minimize the psychological 

distance. 

 

The research revealed that individuals’ experiences of 

spirit at work are associatedwith: 

1. Work consciousness  

2. Interpersonal and Interdependence relations at 

work 

3. And employees connectivity with the 

organization. 

4. This connects as well as becomes reasons for 

disconnect.  
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Abstract- Reinforced concrete moment resisting frames 

(RCMRF) are structural systems that should be designed to 

ensure proper energy dissipation capacity when subjected to 

seismic loading. In this design philosophy the capacity design 

approach that is currently used in practice demands “strong-

column weak-beam” design to have good ductility and a 

preferred collapse mechanism in the structure. When only the 

flexural strength of longitudinal beams controls the overall 

response of a structure, RC beam-column connections display 

ductile behaviour (with the joint panel region essentially 

remaining elastic). The failure mode, where in the beams form 

plastic hinges is usually considered to be the most favourable 

mode for ensuring good global energy-dissipation without 

much degradation of capacity at the connections. Though 

many international codes recommend the moment capacity 

ratio at beam column joint to be more than one, still there are 

lots of variations among these codes and Indian standard is 

silent on this aspect. The present study aims at checking the 

adequacy of the codal provisions for C/B ratio in buildings. 

The C/B ratios are gradually increased and the failure of 

columns have been noted. It has been found through the 

present study that the codal provisions for C/’B ratio for 

buildings is not adequate, specially for tall buildings 

Keywords-- pushover, moment capacity ratio, fragility, ductility, 

lateral strength. 

I.    INTRODUCTION 

esigning a building to behave elastically during 

earthquake without any damages will make the project 

uneconomical. So the earthquake-resistant design 

philosophy allows damages in some predetermined 

structural components. One of the most important 

requirements of the building to withstand any type of 

earthquakes is not the more force it can resist but the more 

deformation it can take before complete collapse. Capacity 

design procedure sets strength hierarchy first at the member 

level and then at the structure level. So, it needs adjusting of 

column strength to be more than the beams framing into it at 

a joint. Mathematically it can be expressed as   

  𝑀𝑐  ≥  𝑀𝑏    (1) 

Where 𝑀𝑐 and 𝑀𝑏are sum of the moment capacities at the 

end of column and beam meeting at a joint in a particular 

direction. 

II.   LITERATURE REVIEW 

Jain et. al. (2006) proposed that, for a reinforced concrete 

moment resisting frame subjected to seismic loads at beam-

column joint, summation of moment of resistances of 

columns should be greater than or equal to 1.1 times 

summation of moment of resistance of beams framing into 

it.  

∑ 𝑀𝑐 ≥  1.1∑ 𝑀𝑏(2) 

Nakashima (2000) observed for steel building that the 

column over strength factor increases with increase in 

ground motion amplitude for ensuring column-elastic 

response. Also for frames in which column-elastic 

behaviour is ensured, the maximum story drift angle is 1.5 

to 2.5 times as large as the maximum overall drift angle. 

Many studies also have been conducted so far by the 

researchers in search of dominant collapse modes of the 

frames and designing strong column weak beam frames. 

Nakashima and Sawaizumi (1999) performed dynamic 

analysis taking ground motion as input in a fishbone shaped 

model and found that the required COF value that ensures 

beam hinging responses increases steadily with the increase 

in ground shaking. Medina and Krawinkler (2005) studied a 

family of regular frames to evaluate the strength demands 

suitable for the seismic design of the columns and indicated 

that the potential of formation of column plastic hinges is 

high for the frames designed as per the strong column weak 

beam requirements of current code provisions. 

III.  REVIEW OF CODES 

Some international codes suggest expressions to prevent 

storey mechanism of collapse due to possible damage 

locations (hinge formations) in columns. This actually aims 

at achieving stronger columns with moment capacities more 

than those of beams framing into a joint obtained 

considering over strength factors. Moment Calculation at 

centre of the joint is a very complicated task. These 

moments are the design moment of resistance of columns or 

beams calculated at outer faces of the joint and a suitable 

allowance for moment obtained because of shear developed 

at the face of joint.  

A. American Standard 

ACI 318M-02suggests that “summation of moment 

capacities of column sections framing into a joint evaluated 

at the joint faces considering factored axial loads along the 

direction of lateral forces resulting in the minimum column 

moment, should be greater than or at least equal to 1.2 times 

the  moment capacities of the beam sections framing into it.  

∑ 𝑀𝑛, 𝑐 ≥  1.2∑ 𝑀𝑛, 𝑏(3) 

D 
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In equation (3), 𝑀𝑛, 𝑐 and 𝑀𝑛, 𝑏 represent moment 

capacities of columns and beams framing into a joint, 

calculated at joint face.  

B. European Standard  

EN1998-1:2003 recommends the following relation between 

moment capacities of columns to beams that is to be 

satisfied at all joints:  

∑ 𝑀𝑛, 𝑐 ≥  1.3∑ 𝑀𝑛, 𝑏  (4) 

In equation (2.5) 𝑀𝑛, 𝑐 is summation of the minimum 

moment capacity of the columns considering design axial 

forces and 𝑀𝑛, 𝑏 is the summation of the moment capacities 

of the beams framing into the joint. 

C. Indian Draft Standard   

This issue of prevention of anchorage and shear failure in 

joint region during strong ground motions is not suitably 

addressed in the design and detailing recommendations for 

beam-column connections given in Indian standard. In view 

of these limitations, Jain et al. (2006) proposed a provision 

in draft code IS 13920:1993 for C/B ratio. According to that, 

in a moment resisting frame, designed for earthquake forces, 

at a joint summation of the moment capacities of the 

columns shall be at least equal to 1.1 times the summation 

of the moment capacities of the beams along each principal 

plane of the joint. 

 

∑ 𝑀𝑛, 𝑐 ≥  1.1∑ 𝑀𝑛, 𝑏                     (5) 

 

IV.  METHODOLOGY USED 

In order to study the optimum column beam capacity ratio, 

three RC frame buildings were taken, all having the same 

plan. The buildings were of different heights, the first one 

being of 5 storeys, second being of 10 storeys and the third 

being of 15 storeys. In order to maintain uniformity among 

all the models, some basic considerations were maintained. 

1. The Reinforcement percentage in all the columns 

was kept at around 3-4%, and percentage steel in 

beam has been kept at 1-2% per face. 

2. The original C/B ratio at all joints was maintained 

at not less than 1.3, 

i.e,  C/B ratio ≥ 1.3. 

After design, the buildings were subjected to a spectrum 

compatible ground motion which was obtained by as 

software developed by A Kumar (2004). The background 

earthquake used was Kobe earthquake 1995. The magnitude 

of the earthquake was 7.2 on the Richter scale. The ground 

motion data was obtained from PEER website. 

Using the spectrum compatible ground motion thus 

obtained, time history analysis was carried out on all the 

three buildings to look for possible failures of columns. The 

results obtained are discussed below. 

 

 

Fig 1: Building Plan considered 

 
Fig 2: The C/B ratio after design in a typical frame 
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V.  DISCUSSION ON THE RESULTS 

 

1. There were no failures of columns in the 5-storey  and 

10-storey building when these were subjected to time 

history analysis. 

2. There were failures in many columns through formation 

of plastic hinge for the 15-storey building under time 

history analysis. 

 

 

         Fig 3: Failure of the columns of third building. 

VI.  CONCLUSION 

From the results of the present study, it is found that the 

codalprovisions for C/B ratio for capacity design of 

buildings is not adequate for tall RC frame buildings. The 

15-storey building showed formation of plastic hinges in 

many columns. 
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Abstract - Providing the need of wireless infrastructure IEEE 

802.11 WLAN standards are widely used to satisfy the 

multimedia application over wireless technologies. Delivery of 

video with increasing saturated traffic over legacy WLAN 

standards dissembles the performance by being not compatible 

with the resources. Aiming to this high throughput standard 

has developed known as IEEE 802.11n with ideal data rate 

upto 600 Mbps. However the delivery of the video stream over 

IEEE 802.11n standard is a challenging task due to scalable 

video properties and adaptive network resources. In this 

survey, we present a brief survey of scalable video coding 

standards and MAC enhancements introduced by the new 

WLAN standards. Peculiarly we focus on the MAC layer 

enhancements and recent innovation to boost up the video 

transmission. Namely we investigate EDCA scheduling and 

aggregation scheme on video transmission. Finally we conclude 

with the various authors' recent innovative ideas with their 

advancements and restriction. 

 

Keywords: IEEE802.11e EDCA, IEEE802.11n, H.264/SVC, QoS, 

Aggregation. 

 

I.   INTRODUCTION 

 

ith tremendously increasing the usage of multimedia 

application over wireless technologies, the family of 

IEEE802.11 Wireless Local Area Network (WLAN) 

standards has become the actual stipulation for providing 

various wireless infrastructures to offer permeating mobile 

internet connections. Today approximately all public and 

enterprise sites, such as offices, airports, educational 

campus, bus and train stations, hot spots, public area and 

home application has been deployed with IEEE802.11 

WLANs. Various new applications are expanding the 

emerging multimedia services over WLAN, from 

conventional VoIP and video delivery to online mobile 

gaming and video conferencing. In next generation, the new 

wireless standards, enabled with more powerful processing 

capabilities and adaptive in nature according to the 

surrounding scenario than the legacy wireless access point, 

are expected to provide in demand Quality of Services 

(QoS) for high definition video delivery to High Definition 

Television (HDTV) terminals. The popularity of Wi-Fi 

access functionality equipped smart phones has led to in 

image and video centric applications, enabling video calling 

and real-time camera video content sharing. To accomplish 

the above future applications, the significant percentage of 

mobile video services will be delivered over the IEEE802.11 

WLANs. However video streaming over WLANs is still a 

challenging task, particularly when these services need to 

desired guaranteed QoS for their applications. The main 

problem faces by WLANs standards is the wireless channel 

is dynamic and error-prone and video data packet 

transmission over wireless channel is both error sensitive 

and time critical. The new scalable video compression 

algorithms trying to achieve adaptive bandwidth reduction 

creates complex dependencies among video sequences. 

During the video transmissions over WLAN, video frame 

errors or delay losses affects on the current video frame and 

also the predecessor video frames. The delay of video data 

packet transmission needs to be kept within threshold value 

to be got recognized. The threshold value is decided by the 

frame decoding video standards at the receiver, demanding 

the real time transmission a full-bodied approach must be 

there to ascertain time varying dependencies of video 

packets. A video packet must be received at the receiver 

before the delay threshold value then after it is useless and 

creates the congestion in network resources. Thus two 

running afoul in video over WLAN i.e. error and delay 

dependencies of video packets , has been the source of 

inspiration for developing and enhancing new enhancements 

at MAC layer of WLAN standards for video transmission 

over wireless standards to guarantee desired on demand 

quality of service. 

Over the past few years, substantial advances have 

been reported for video transmission over WLAN. These 

advances are mainly at PHY or MAC layer of the standards.  

The IEEE802.11 standards have been continuously 

evaluating to support the multimedia application and real 

time application. The first WLAN standard was standardized 

in 1997 with the ideal data rate of only 2 Mb/s. The most 

recent standard, IEEE802.11n was standardized in 2009 with 

goal to achieve ideally high data rate of up to 600 Mb/s 

owing to the new high throughput WLAN transmission 

technology [16]. The continuously increasing Physical layer 

(PHY) promises enough bandwidth to support such high 

capacity transmission for video streams. Along with PHY 

layer amendments we also need to cautiously design 

innovative schemes for Media Access Control layer (MAC), 

error recovery and channel access mechanism to ensure 

smooth video delivery over WLANs.  The two amendment 

standards IEEE802.11e and IEEE802.11n have been 

dedicated to improve the efficiency of video data 

transmission in the MAC layer. The IEEE802.11e specifies 

a new Distributed coordination function known as EDCA 

[8] where a set of higher priority channel access for video 

stream category is used to reduce the transmission delay 

while the IEEE802.11n specifies a new aggregation, block 

acknowledgment and reverse direction enhancements for 

high throughput broadcasting over WLANs [17]. Besides 

these PHY and MAC layer mechanisms specified in the 

standard, there are numerous mechanisms have been 

W 
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explicated to improve the performance of video transmission 

over WLANs, including video slice admission control, 

application layer control, cross layer optimization, 

aggregation and much more. Among all these, the cross 

layer technology and aggregation scheme is the most 

demanding schemes to overcome the inherent problems of 

video transmission over wireless channels. In this survey 

paper, we bring out and summarize several relevant 

technologies for video over WLANs. We classified the 

technologies based on their implementation within the 

respective WLAN standards. For the convenience in Section 

II, a brief review of scalable video compression and 

streaming techniques is introduced. In Section III, IEEE 

802.11e standard and its enhancements for video delivery 

over WLANs, is presented. In Section IV, IEEE 802.11n 

standard and its enhancements for better network 

performance is presented. We discuss several important 

issues and enhancements of video over IEEE 802.11n 

WLANs in Section V. In section VI the open key issues 

related to video over WLANs are discussed and concludes 

the paper with summary in section VII. 

 
II.   H.264/SVC INTRODUCTION 

 

An industrial video compression standard such as 

H.264/MPEG10 or advance video coding (AVC) converts 

digital video into formats that aims less capacity for 

transmission or for storage. The limitation of scalability 

restricts the ability of H.264/AVC to meet different needs of 

different users with different displays connected through 

different networks links.  Some of the H.264/AVC examples 

such as video conferencing, video playback, video 

surveillance and video recording are affected due to 

saturated traffic. Therefore Joint video team of ITU-T 

VCEG and the ISO/IEC MPEG -2007 proposed H.264 

scalable video coding (SVC) standards.   

SVC stands for scalable video coding where 

scalable means to remove of parts of the video bit stream in 

order to adopt it to the various needs for preferences of end 

user as well as to varying terminal capabilities or network 

connections[1]. Scalable encoding of video data enables a 

decoder to decode selective part of the coded bit stream 

according to the dynamic bandwidth adaption. The encoded 

coded stream is arranged in a number of layers, including a 

single base layer and multiple enhancement layers as shown 

in figure 1: 

 
Figure 1: Scalable Video Coding basic principle. 

In the figure 1, decoder A receives only the base 

layer codec stream and can decode only a basic quality 

version of the video scene, whereas decoder B receives all 

enhancement layers together with base layers and decodes a 

high quality video. This property has an advantage over 

number of applications, for example, a low-complexity 

decoder may only be capable of decoding the base layer and 

a reduced bit stream rate (containing only Base layer 

information) may be drew out for transmission over a 

network with limited bandwidth capacity or limited 

resources. The new features of H.264/SVC are temporal, 

spatial and quality scalability [2]. In temporal scalability 

subset of the bit stream represents the source content with 

reduced frame rate. In spatial scalability subset of the bit 

stream represents the source content with reduced picture 

size. In quality Scalability the sub stream provides the same 

spatial temporal resolution as the complete bit stream, but 

with lower signal-to-noise ratio (SNR). H.264/SVC is 

comprises of one base layer and one or multiple number of 

enhancement layers. Among them he base layer provides the 

introductory video Quality. For backward compatible, the 

base layer must is to be recognized by all conventional 

H.264 decoders which make it compatible with its legacy 

standards. Video quality is gained by adding the 

enhancements layer with the base layer. On the other hand 

during due to saturated traffic or noisy environment which 

makes bandwidth availability insufficient, dropping one or 

more enhancement layers is done to avoid run-time blocking 

off [4][5]. 

III. IEEE 802.11e EDCA 

 

IEEE 802.11e EDCA is designed with aim to enhance the 

802.11 Distributed Coordination Function by providing a 

staggered access method that can support service 

differentiation among different classes of traffic.[8] EDCA 

classifies the incoming traffic into four different access 

categories as illustrated in figure 2. The four access 

categories is comprise of AC_VO (for voice traffic), AC_VI 

(for video traffic), AC_BE (for best effort traffic), and 

AC_BK (for background traffic). 

 
Figure 2: Four access categories in IEEE 802.11e 
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Each AC has its own buffered queue and bears as an 

autonomous back off entity. The priority among ACs is 

determined by AC-particular parameters, called the EDCA 

parameter set. The EDCA parameter set includes maximum 

Contention Window size (CWmax), minimum Contention 

Window size (CWmin), Transmission Opportunity limit 

(TXOPlimit) and Arbitration Inter Frame Space (AIFS). The 

preferred values of each parameters that the standard 

recommends are shown in Table I. [11 ,12] 

 

Access Category AIFSN CWmin CWmax 

AC 3 2 7 15 

AC 2 2 15 31 

AC 1 3 31 1023 

AC 0 7 31 1023 
 

TABLE I: IEEE802.11E MAC PROTOCOL PARAMETERS 

 

To achieve  distinction, EDCA assigns higher priority ACs 

with smaller CWmin, CWmax, and AIFS to regulate the 

successful  transmission probability in favor of high-priority 

ACs instead of using fixed DIFS (Distributed Interframe 

Space) (as in 802.11 DCF). The AC with the smallest value 

of AIFS has the highest priority, and a station needs to 

postpone for its corresponding AIFS interval. The smaller 

the parameter values (such as AIFS, CWmin and CWmax) 

the greater the probability of acquiring access to the medium 

[12]. Each access category within a station behaves like an 

individual virtual station; it competes for access to the 

medium and independently starts its backoff procedure after 

detecting the channel being idle for at an AIFS period. The 

backoff procedure of each access category is the same as 

that of DCF. When a collision occurs among different ACs 

within the same station, the higher priority AC is allowed 

the chance to transmit, while the lower priority AC suffers 

from a virtual collision, similar to a collision outside the 

station. IEEE 802.11e EDCA determines a TXOPlimit as the 

time interval during which a particular station can originate 

transmissions. During this period, i.e. from starting time to 

maximum duration, stations are allowed to transmit multiple 

data frames from the same AC continuously within the time 

limit defined by TXOPlimit. In 802.11e EDCA the higher 

priority ACs have a longer TXOPlimit, while lower priority 

ACs have a shorter TXOPlimit. Priority distinction used by 

EDCA assures better service to high priority class while 

offering a minimum service for low priority traffic. 

Although this mechanism improves the quality of service 

during real-time traffic, the performance incurred is not 

optimum since EDCA parameters cannot be adapted 

according to the network conditions.  

In [9] author suggest two mechanisms; one is 

adaptive video prioritization which works according to video 

frame priorities and MAC layer adaptive prioritization 

which works on estimation of the delay time of each access 

category (AC). In the suggested technique video frame is 

prioritized according to its importance in group of pictures 

GOP. Prioritization is done on the basis of average measured 

PSNR and they are then sorted. Top one third prioritized 

frames is assigned priority 1, middle one third prioritized 

frame is assigned priority 2 and last one third prioritized 

frame is assigned priority 3. These frames are passing to 

MAC layer where MAC layer adaptive prioritization 

algorithm is used. Here priority 1 packets will go to AC[3] 

and AC[2] only , priority 2 packets can go to AC[2] or AC[1] 

and AC[0] where as priority 3 packets can go to AC[1] or 

AC[2].In the suggested technique delay may occur in heavy 

loaded traffic due to prioritization process and sorting of 

video packets. Even if anyone of the AC Queue will get 

overflow the respective prioritized packet will be dropped 

out. There is no mechanism shown hoe to switch between 

respective accesses categories.  

Cross layer architecture is proposed in [10] in 

which each slice of video frame is given priority. Slice ‘I’ 

and slice ‘P’ is given a priority 3, slice ‘B’ is given a priority 

2 and slice ‘PB’ is given priority 1. Here slice ‘I’ and slice 

‘P’ is directly mapped to AC[2], slice ‘B’ are mapped to 

AC[1] and slice ‘PB’ are mapped to AC[0]. Thus static 

mapping concept is used i.e. each slice has fixed access 

category to go through. A consideration is required if AC[2] 

gets overflow, base layer slices will be discard which are 

non discard able for retrieving of video. In presence of best 

effort traffic or background traffic, slice ‘B’ and slice ‘PB’ 

will get affected or may be dropped out even if AC[2] has 

less load.  

In [11] a cross layer rate control scheme for 

optimizing 3D wavelet scalable video has been discovered. 

The approach is based on bandwidth estimation and video 

packets classification. In their proposed method they insert 

less traffic to AC[2] with respect to AC[1]. They classify the 

important frame form a group of picture and mapped it to 

AC[2].  According to authors they are expected that under 

heavy load conditions overflows is likely to occur in Ac[1] 

thus saving the important frame in access category -

2.Authors doesn’t give explanation which frame will 

mapped to in AC[2] and AC[1].According to them more 

traffic will be mapped to AC[1] which can lead to buffer out 

problem at AC[1] even if AC[0] is free or AC[2] is capable 

of handling traffic. 

 In [12] authors proposed an adaptive cross layer 

mapping algorithm for MPEG-4 video transmission. Here an 

author follows the dynamic mapping of the video packets. In 

the suggested algorithm incoming video traffic goes to AC[2] 

till queue length reaches to the its upper threshold value. 

After reaching it upper threshold value, according to the 

frame type and remaining queue length it will be mapped to 

AC[1] or AC[0]. All the decision is made on the basis of 

remaining queue length. Till upper_threshold value all 

traffic is mapped to AC[2] therefore there is a chance of 

blocking up of queue when traffic is heavily loaded. Even if 

AC[2] is partially filled there is a chance of important 

frames to be mapped to AC[1] because decision is also taken 

on account of random number. There is no checking 

mechanism of AC[1] that is what to do if AC[1] is also gets 

to be overflow. 

 A cross layer optimization through SVC packet 

prioritization at the application layer and service 

differentiation at the MAC layer is suggested in [14]. Here 

the author has derived the mathematical model through 

which a look up table of R(N) which denotes the ratio of 

normalized throughput between AC[2] and AC[1]. 

According to this graph the packets are mapped to the 

desired categories. This method is acceptable in non 

saturated traffic. For heavily traffic video packets may drops 
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even if AC[0] is free. Importance of video slice is not 

consider, according to the look up table slice–I, slice-B and 

slice-P are mapped to AC[2] or AC[1].  

Authors investigate a mathematical analysis on role 

of aggregation with fragment retransmission on IEEE 

802.11e WLAN standard in [15].In this scheme only 

corrupted frames are re transmitted which reduces the 

overheads, it leads to the better network throughput. Here 

they assume for the frame aggregation in IEEE 802.11e but 

doesn’t show they will aggregate the frames. If the concept 

of aggregation with fragment retransmission is implemented 

then there will be gibing problem with the legacy standards. 

 

IV. IEEE 802.11n WLAN STANDARD 

 

With increasing the utilization of multimedia application 

over wireless network technologies there is need of a 

standard to provide high data rate to provide better QoS and 

network performance. Keeping the above as goal IEEE 

802.11n was developed to reach ideally 600 Mbps [16]. 

Although legacy device 802.11e supports the QoS, 

Transmission opportunity and enhanced distributed 

coordination function, the inefficiency of channel utilization 

in legacy 802.11 MAC is not fulminate. To gratify the need 

of the high-speed wireless network access, the major 

amendment of IEEE 802.11n is done in PHY layer and 

MAC enhancements. The use of MIMO in PHY layer 

provides many benefits, such as increases the spectral 

efficiency of a wireless communication system. By using 

multiple antennas, a development of the multipath processes 

can leads to the data throughput and range increases, and the 

bit error rate decreases. Another important amendment in 

PHY layer enhances the bandwidth of the current channel 

from 20 MHz to 40 MHz, using a wider channel bandwidth 

will improve the network efficiency. The major MAC layer 

enhancements in 802.11n are aggregation, block 

acknowledgement, and reverse direction.[17] 

 

IV.a Aggregation:  

 

The aggregation scheme in 802.11n is designed as two-level 

aggregation scheme. These two types of aggregation frame 

are: aggregate MAC protocol service unit (A-MSDU) and 

aggregate MAC protocol data unit (A-MPDU)[20]. The 

aggregation scheme can be considered with single A-MPDU 

or A-MSDU, or using both of them to design two-level 

aggregation. A-MSDU is created with multiple MSDUs 

which are received at the MAC layer as shown in figure 3. 

 
Figure 3: A-MSDU aggregation scheme. 

 

By default the aggregation frame of IEEE 802.11n is of 

7935 bytes. Broadcasting and multicasting packets are 

excluded. In the second level, multiple MPDUs are 

aggregated into an A-MPDU as shown in figure 4. 

 
 

Figure 4: A-MPDU aggregation scheme. 

 

A-MPDUs are created before sending to PHY layer for 

transmission. Unlike the AMSDU creation, MAC does not 

wait for additional time before the A-MPDU aggregation. 

MAC only uses the MPDUs already in the queue upon 

creating AMPDUs. The A-MSDU aggregation is only 

applicable for packets having the same source and 

destination. For each A-MPDU, every MPDU sub frame 

includes an MPDU frame, the MPDU delimiter and the 

padding bytes. The maximum frame size limit of A-MPDU 

is 65535 bytes. Delimiter field is used to separate MPDU 

sub frame in an A-MPDU. The de-aggregation process first 

assures the CRC integrity and on passing the CRC check, 

the MPDU will be getting de-aggregated and sent to upper 

layer.  

 

IV.b Block Acknowledgment (Block ACK): 

 

The block ACK mechanism is enhanced in 802.11n for the 

better application of aggregation in the wireless environment 

having high bit error rate [17]. There is high probability of 

error for a large frame therefore to overcome the need of 

more retransmission, therefore Block ACK is modified to 

support single or multiple MPDUs in a A-MPDU. When an 

A-MPDU is received by a station and some errors is 

detected for some numbers of MPDU, the receiver node 

send the Block ACK for only those MPDUs who gets 

correctly. Thus sender has to re transmit only those MPDUs 

who get errors (non ACK MPDUs) while getting receiving. 

Block ACK mechanism is applicable to A-MPDU, not to A-

MSDU. As said if a MSDU is found to be faulty, the whole 

A-MSDU needs to be retransmitted for error recovery. The 

maximum limit of MPDUs in an A-MPDU is 64 so one 

block ACK bitmap can acknowledge at most 64.  

 

IV.c Reverse Direction: 

 

In legacy standards the transmission is unidirectional for the 

station holding TXOP in the conventional TXOP operation. 

This mechanism is not suited for bi-directional traffic 

scenario such as VoIP, gaming, video telephony. Therefore 
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for better QoS support in real time application TXOP must 

provide forward direction transmission as well as reverse 

direction transmission. The new reverse direction 

mechanism allows the station holder of TXOP to allocate its 

unused TXOP time to its receivers for better enhancement of 

the channel utilization. The reverse direction mechanism is 

mainly enhanced to reduce the delay time in reverse link 

traffic. Reverse direction data packets can be transmitted 

immediately whenever the RD responder is given the 

leftover TXOP. 

In [17] authors examine the new 802.11n MAC 

layer enhancements such as aggregation, Block 

Acknowledgment and reverse directions. Here author 

discuss the problem of larger frame aggregation which will 

reduce the overhead but in high bit-error rate wireless 

environment it will have higher probability of collision 

which leads to more retransmission and network 

performances degradations. A-MPDU is better aggregation 

scheme rather than A-MSDU because if one of MPDU 

frame is not received then only that frame has to be 

retransmitted but in MSDU if any one frame is not received 

correctly, whole A-MSDU has to be retransmitted. Author 

has list the advantage of reverse direction mode in reducing 

the delay time in reverse link traffic. This method is best 

suitable for voice application but it may degrade the 

performance during video transmission. Through 

simulations results author has suggested to keep aggregation 

size 16383 bytes for better performance. 

 In [18] author shows that A-MPDU is better than 

A-MSDU and also suggests a new proposed aggregation 

scheme mA-MSDU that reduces the aggregation headers by 

studying the role of the aggregation header on the 

aggregation mechanism. A-MSDU frame is limited to a 

maximum of 8Kb.A-MSDU has better performance with 

respect to A-MSDU in clear channel with same aggregation 

environment. From mathematical analysis they show that 

header to data payload ratio is inversely proportional to 

MSDU size, it is approximately constant or large MSDU 

thus there is scope of reducing MSDU headers payload. 

Similarly with their analysis shows that header to data 

payload ratio is constant and there is negligible scope in 

reducing A-MPDU headers.  

The frame aggregation scheduler which aggregates 

the frame on the estimated deadline time for frame 

transmission is suggested in [19]. The proposed algorithm 

also dynamically chooses the type of aggregation scheme 

according to the availability of resources. According to the 

author large number of frames leads to an increased delay 

which has been shown through their simulations which can 

leads to the delay.  

The performance analyses of A-MSDU, A-MPDU 

and two level aggregations are carried out in [20]. Their 

simulation results shows that small packets size is 

responsible to lower down the network performance whereas 

A-MPDU increase the network efficiency from 3 to 4 times. 

But in noisy environment short packets are preferable for 

beneficial retransmission because the processing times need 

to aggregate frame can increase the overall delay. Thus a 

type of dynamic aggregation scheduler is needed to support 

both clear and noisy environment. In [21] author through 

analytical model shows that the mandatory and real time 

PHY rate has different performance because of fixed MAC 

overheads which has larger fraction of the channel access. 

With the help of their simulation results they conclude that 

UDP traffic has higher channel utilization than TCP traffic. 

They conclude that multimedia transmission must be done 

through UDP traffic.  

In [22] authors design a new frame aggregation 

scheme where incoming traffic is distinguished with their 

QoS requirement. Here distinguished traffic class has been 

assigned with the traffic class has been assigned with the 

weight factor according to which their packets get 

aggregated. Author’s perspective to aggregation threshold is 

that it can be of Aggregation delay or due to frame length 

threshold. The later one is decided according to the QoS 

requirement such as or video it may be set to 150 msec and 

for frame length threshold it is decided through MTU of the 

physical layer protocol. A delay may occur in this approach 

due to recursively calculation of scheduling weight actor. A 

traffic class of less important requirement may get lost while 

aggregating higher priority traffic class.  

A novel mechanism of dynamic frame aggregation 

where aggregation depends on transmission rate using the 

received ACK signal strength is designed in [23]. Here 

MAC scheduler looks up in table (transmission matching 

table) for selecting the optimal frame size .For every frame 

transmission, it has to look up in the table which leads to 

undesirable delay. 

 

V. REVIEW of VIDEO OVER IEEE 802.11N WLAN 

STANDARD 

 

In this section we carried out the survey of various strategies 

and innovative ideas for MAC enhancements to deliver 

video over WLAN with desired quality of service. In [24] 

author studied the effect of A-MSDU and A-MPDU 

aggregation mechanism to support transmission of scalable 

video streaming over IEEE 802.11n.According to the author 

the video packets which gets delay greater then 200ms are 

dropped out. Their simulation results shoes that for 

aggregation scheme the best suitable maximum retry limit 

(max retransmission) is 4. Their observation shows that as 

load increase network performance through A-MSDU is first 

affected and then to A-MPDU.  

A point to multipoint aggregation scheme is 

suggested in [25]. The entire frame aggregated with an A-

MPDU is destined to the same receiver station, but in their 

approach they aggregate the different frames belong to the 

different destination. The main aim is to transmit the video 

sequences simultaneously by inter stream aggregation. Here 

author notice that aggregation schemes get distracted as 

video stream increases. The limitation of this algorithm is in 

heavy load delay will occur due to extensive aggregation 

time required. Lacks of isolation between inter stream flows 

at MAC layer. 

H.264 scalable video coding streaming evaluation 

framework (SVEF) for experimental analysis has been 

suggested in [26]. Here author extends the JSVM open 

source software of H.264/SVC released by MPEG/ITU Joint 

Video Team to develop SVEF. Author gives brief 

description about their framework that how it adapts 

according to wireless environment and drops the 



International Conference on Multidisciplinary Research & Practice                                                          P a g e  | 48 

 

Volume I Issue VII                                                                  IJRSI                                                                    ISSN 2321-2705 
 

enhancements layers. This framework is used by numerous 

authors for their analysis of scalable video transmission. 

In [27] authors derived mathematical analysis for the 

performances study of IEEE 802.11n enhanced MAC 

features. They suggest a queue utilization ratio i.e. traffic 

arrival rate / frame service rate to determine the multimedia 

performance over WLAN. According to them for better 

network performance this ration must be less than one. To 

grasp the ration less than one aggregation scheme is best 

suitable which has been proved through simulation results. 

Author also suggests piggyback aggregation frame 

transmission which allows bi-direction transmission. But the 

bi-directional transmission is of no use till there is traffic to 

transmit in reverse direction.  

Study of the performances of video streaming over 

IEEE 802.11n insight airplane is carried out in [28]. Mainly 

aggregation scheme is consider for better QoS requirements. 

According to their mathematical analysis there is more 

retransmission probability of A-MSDU then A-MPDU. 

Experimentally A-MPDU frame aggregation outperforms 

better than A-MPDU.As per author results as aggregation 

size increase (max up to 65535) number of video connection 

also increase up to 39 connections. Here analysis is done in 

ideal condition, if it is done saturated environment number 

of video connections will get reduced.  

In [29] author analyse the performance of ultra high 

definition video transmission over IEEE 802.11n WLAN. 

For doing this they compressed UHDTV through H.264 

standards. Through experimental and simulation results they 

proves that sub sampling (4:2:0) with frame rate (fps) 24 

furnishes the best result. In comparison to 4:2:2 sub 

sampling above configuration provides better results in 

network delay and packet loss. IEEE 802.11n supports 

aggregation upto 65535 bytes but here author kept MTU size 

only upto 1500 bytes thus the consequence of aggregation 

can be evaluate to see network performance.  

A new cross-layer optimization strategy of HDTV 

transmission over IEEE 802.11n has been evaluated in [30]. 

In their approach they dynamically choose the quantization 

parameter at video coding layer and modulation and coding 

process at PHY layer. First they find out the BER value for 

each MCS and then a frame is divided into many time slots 

each having a sample of the adding and according to it that 

quantization parameter and MCS is adapted which increase 

the PSNR value of the received video.  

In [31] authors’ takes subjective test with external 

participants to study different MAC parameter to 

comprehended QoE or video performance. Different video 

types are studied and evaluated on the basis of mean opinion 

score such as of movie, animation and sports type. Their 

outcomes are Aggregation with block acknowledgment will 

have better performance. As bit error rate increase received 

video quality decease. As the stations increase video quality 

decrease. Increasing the retransmission limit will increase 

the performance of video transmission. As queue length 

increase the video QoE increase and plays more impact on 

increasing competing station 

 

 

 

 

VI. OPEN KEY ISSUES 

 

In this paper we have shown various QoS related problems 

in video transmission over WLAN standards. To achieve 

high network efficiency an enhanced DCF in IEEE 802.11e 

and aggregation in IEEE 802.11n has been introduced. As 

this enhancements are better than legacy standards but there 

is more scope of enhancements which always been a hot 

research topic for the researchers. Some of the IEEE 802.11e 

EDCA enhancement is shown in table II. IEEE 802.11n 

MAC enhancement analysis is compared in table III.  

 
Refere

nce 

802.11e Cross 

Layer 

Qos Metric Comments 

[9] Static 

mapping 

PSNR Buffering at AC[2] 

even other AC is free 

[10] Static 

mapping 

PSNR Slice ‘I’,’B’,’P’ are 

consider same during 

dropping out. 

[11] Static 

mapping 

PSNR , 

Packet loss 

No consideration of 

AC[0] 

[12] Dynamic 

mapping 

PSNR, 

Queue 

length 

Supports dynamic 

mapping upto some 

extents. 

[14] Static 

mapping 

PSNR Result may degrade in 

saturated traffic. 
 

TABLE II – COMPARATIVE STUDY OF IEEE 802.11E EDCA 

 
Refere

nce 

802.11n 

Enhancements 

Qos 

Metric 

Comments 

[17] Aggregation, 

BACK, RD 

Delay, 

Throughput 

A-MPDU is better 

than A-MSDU, 

RD is not suited or 

video streaming. 

[18] Aggregation at 

MSDU level 

Header to 

data ratio 

Negligible scope or 

improving A-MPDU 

[19] Aggregation Delay, 

Throughput 

As traffic increase 

delay increase due to 

frame aggregation 

[20] Aggregation Throughput Smaller frame can be 

aggregated in noisy 

channel. 

[21] Aggregation Channel 

utilization 

Use UDP to transmit 

video packets. 
 

TABLE III – COMPARATIVE STUDY OF IEEE 802.11N STANDARD. 

 

In table IV we present a comparative study of different 

mechanism suggested to transmit video over very high 

throughput WLAN. In table V common comments by 

various researchers has been represented. 

 

Refere

nce 

Video Standard 

Used 

QoS Metric Comments 

[24] H.264/SVC Throughput 

, Delay 

Only analysis has 

done 

[25] MPG-4 Delay, no. 

of video 

stream 

Lacks of isolation 

among inter 

stream video. 

[27] H.264/MPEG-4 No. of video 

connection 

Bi-direction 

transmission is not 

suitable for video. 

[28] Not specified throughput Degrades in heavy 

load. 
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TABLE IV – COMPARATIVE STUDY OF VIDEO TRANSMISSION OF 

VIDEO OVER IEEE 802.11N STANDARD. 

 
References Comments 

[1][2][3][5][6][26]  H.264/SVC video coding is better 

option in saturated traffic. 

[18][20][21][24][25] A-MPDU is better aggregation scheme 

then A-MSDU 

[19][25] As traffic increase aggregation process 

degrades the network performance. 
 

TABLE V – COMMON COMMENTS BY SEVERAL AUTHORS. 

 
VII. CONCLUSION 

 

We have provided a brief survey of video transmission over 

WLAN standards. We focused on the QoS metrics gains 

based on the cross layer mechanism and frame aggregation. 

For easy understanding we highlighted the basic overview of 

H.264/SVC video standards. Their characteristic makes this 

standard very efficient in time varying network resources. 

For the video over IEEE 802.11e, most schemes designed 

are associated with static mapping. From our survey we find 

that there is a scope of designing righter cross layer 

solutions. As providing very high throughput, IEEE 802.11n 

is best standard for supporting video over WLAN. From our 

survey we concludes that there is a need of better 

aggregation scheme to guaranteed QoS requirement for 

video transmission over WLAN standards. Till there is a 

multimedia application over wireless technologies it will be 

the area of research to provide better network efficiency and 

real time quality of service.  

 
REFERENCES 

 
[1] Heiko Schwarz; Detlev Marpe; Thomas Wiegand. Overview 

of the Scalable Video Coding Extension of the H.264/AVC 

Standard. IEEE Transactions On Circuits And Systems For 

Video Technology Sep-07 VOL. 17 NO. 9 Pages  1103-1120 

[2] Hsiang-Chun Huang;Wen-Hsiao Peng;Tihao Chiang. 

Advances in the Scalable Amendment of H.264/AVC.  IEEE 

Communications Magazine. Jan-07 Pages  68-76 

[3] Manu Mathew. Overview of Temporal Scalability With 

Scalable Video coding (SVC). SPRABG3 Nov-10. Pages  41-

46 

[4] Said Benierbah ;Mohammed Khamadja. A New Technique for 

Quality Scalable video coding with H.264. IEEE Transactions 

On Circuits And Systems For Video Technology Nov-05 . 

VOL. 15 No.11 Pages 1332-1340 

[5] Heiko Schwarz ; Detlev Marpe; Thomas Wiegand.  Overview 

of The Scalable H.264/MPEG4-AVC Extension. IEEE 

International Conference on Image processing, 2013. Pages 

161-164. 

[6] C.T.E.R. Hewage; H.A. Karim; S. Worrall; S. Dogan. 

Comparison of Stereo Video Coding Support in MPEG-4 

MAC,H.264/AVC and H.264/SVC.  4th IET Visual 

Information Engineering Conference. July -2007. 

[7] Seung-Yerl Lee ;Dong-Sun Kim ; Je-Woo Kim; Byung-Ho 

Choi. An Implementation of  Efficient SVC (Scalable Video 

Coding) Codec. IEEE- ISOCC  2009 Pages 61-62 

[8] Stefan Mangold ; Sunghyun Choi; Guido R. Hiertz; Ole Klein. 

Analysis Of IEEE 802.11E For Qos Support In Wireless 

LANSs. IEEE Wireless Communications, Dec-03 Pages. 40-

50 

[9] Cheng-Han Mai ; Yin-Cheng Huang; Hung-Yu Wei. Cross-

layer Adaptive H.264/AVC Streaming over IEEE 802.11e 

Experimental Testbed. IEEE -Vehicular Technology 

Conference, 2010. Pages 1-5. 

[10] Hsing-Lung Chen; Po-Ching Lee; Shu-Hua Hu. Improving 

Scalable Video Transmission over IEEE 802.11e through a 

Cross-layer Architecture. IEEE International Conference on 

Wireless and Mobile Communications 2008. Pages  241-246 

[11] Chuan Heng Foh;  Yu Zhang;  Zefeng Ni; Jianfei Cai. 

Scalable Video Transmission over the IEEE 802.11e 

Networks Using Cross-Layer Rate Control. IEEE- ICC 

2007 .Pages 1760- 1765 

[12] C.-H. Lin ; C.-K. Shieh;  C.-H. Ke; N.K. Chilamkurti An 

adaptive cross-layer mapping algorithm for MPEG-4 video 

transmission over IEEE 802.11e WLAN. Springer 

Science.Jul-09 Pages  223-234 

[13] Chuan Heng Foh; Yu Zhang; Zefeng Ni ; Jianfei Cai. 

Optimized Cross-Layer Design for Scalable Video 

Transmission Over the IEEE 802.11e Networks. IEEE 

Transactions On Circuits And Systems For Video 

Technology. Dec-07 .VOL. 17 No. 12 Pages 1665-1678 

[14] Maodong Li ;Zhenzhong chen; Yap-Peng Tan. Cross-layer 

optimization for SVC video delivery over the IEEE 802.11e 

wireless networks. Elsevier journal of Vis. Commun. Image R. 

2011 Pages  284-296 

[15] Emna Charfi; Lamia ChaarI ; Lotfi Kamoun. Analytical 

analysis of applying Aggregation with fragment 

retransmission on IEEE 802.11e EDCA network in saturated 

conditions. IEEE -Third International Conference on 

ComNeT, 2012. Pages 1-9. 

[16] Eldad Perahia. IEEE 802.11n Development: History, Process, 

and Technology. IEEE Communications Magazine Jul-08. 

Pages  48-55 

[17] Chih-Yu Wang; Hung-YuWei. IEEE 802.11n MAC 

Enhancement and Performance Evaluation. Mobile Networks 

and Applications : Springer Journal .volume-14 , Issue 6. Jan-

09. Pages  760-771 

[18] Anwar Saif; Mohamed Othman; Shamala Subramaniam; Nor 

Asila W.A.H. An Enhanced A-MSDU frame Aggregation 

Scheme for 802.11n Wireless Networks. Wireless Personal 

Communications: Springer Journal. Volume-66, Issue 4, Jun-

11 Pages 683-706 

[19] Selvam T ; Srikanth S. A Frame Aggregation Scheduler for 

IEEE 802.11n .IEEE Conference – NCC, 2010 Pages 1-5 

[20] Dionysios Skordoulis ; Qiang Ni; Hsiao-Hwa Chen ;Adrian P. 

Stephens. IEEE 802.11n Mac Frame Aggregation 

Mechanisms For Next-Generation High-Throughput WLANs. 

IEEE Wireless Communications. Feb-08. Pages  40-47 

[21] Boris Ginzburg ;Alex Kesselman. Performance Analysis of A-

MPDU and A-MSDU Aggregation in IEEE 802.11n. IEEE- 

Sarnoff Symposium  -2007. Pages 1-5. 

[22] Zhang Wenzhu; Kyung-Sup Kwak ; Hou Lijun. Frame 

Aggregation Scheme Based on Dynamic Pricing. IEEE - 

Network Technology And Application. oct-2013. Pages 115-

124. 

[23] Dongwan Kim; Sunshin An . Throughput Enhancement by 

Dynamic Frame Aggregation in multi-rate WLANs. IEEE 

Symposium on Communications and Vehicular Technology. 

2012. Pages 1-5  

[24] Marcio W. Emmanuel ;Guilherme D. G. Jaime ;José Roberto 

B. de Marca. On The Use Of  IEEE 802.11n Frame 

Aggregation For Efficient Transport Of Scalable Video 

Streaming. IEEE –WCNC  2013 Pages  1079-1084 



International Conference on Multidisciplinary Research & Practice                                                          P a g e  | 50 

 

Volume I Issue VII                                                                  IJRSI                                                                    ISSN 2321-2705 
 

[25] Kyungsoo Lee; Sangki Yun ; Hyogon Kim. Boosting Video 

Capacity of IEEE 802.11n through Multiple Receiver Frame 

Aggregation. IEEE - Vehicular Technology Conference – 

2008. Pages  2587-2591 

[26] Detti ;Giuseppe Bianchi; Wolfgang Keller ;Joerg Widmer. 

SVEF: an Open-Source Experimental Evaluation Framework 

for H.264 Scalable Video Streaming. IEEE Symposiusm on 

Computers and Communications. 2009. Pages 36-41  

[27] Thanikesavan Sivanthi ;Ulrich Killat. Performance Analysis 

of Inflight Video Streaming over IEEE 802.11n.  IEEE CCNC 

2010 Pages 1-5 

[28] Lin X. Cai ;Xinhua Ling; Xuemin  Shen ;Jon W. Mark. 

Supporting voice and video applications over IEEE 802.11n 

WLANs. Wireless Networks : Springer Journal 2007. Volume 

15, Issue 4. Pages 443-454. 

[29] Anthony O.; Adeyemi-Ejeye ; Stuart D. Walker. Ultra-High 

Definition Wireless Video Transmission using H.264 over 

802.11n WLAN: Challenges and Performance Evaluation. 

IEEE –ConTEL-2013. Pages 109-114 

[30] Yan Wang; Danpu Liu. An Adaptive Cross-Layer 

Optimization Scheme for High-definition Video Transmission 

Based on IEEE 802.11n. IEEE–ICCCAS, 2013 Pages 122-

126. 

[31] Jeevan Pokhrel; Indira Paudel; Bac har Wehbi; Ana Cavalli. 

Performance Evaluation of Video transmission over 802.11n 

wireless network: A MAC layer perspective. IEEE– SaCoNeT, 

2014. Pages 1-6. 



International Conference on Multidisciplinary Research & Practice                            P a g e  | 51 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 

Experimental Study on Electrical-Discharge 

Machining of Cobalt Bonded Tungsten Carbides 

using Graphite Electrodes
S.N.Mehta

#
 

 
#
 Mechanical engineering department, 

Nirma, University,Ahmedabad,Gujarat,India

  
Abstract- Conductive ceramics like cobalt bonded tungsten 
carbide which is categorized as with high mechanical and 
physical properties are usually known to create major 
challenges during conventional and non-conventional 
machining. Electrical discharge machining (EDM) which is very 
prominent amongst the non-conventional machining methods is 
expected to be used quite extensively in machining it due to the 
favourable features and advantages that it can offer 
This assignment was undertaken to study the machining 
performance of EDM with tungsten carbide using graphite as 
electrodes. The effect of varying the machining parameters on 
the machining responses such as material removal rate (MRR), 
electrode wear ratio (EWR), and surface was investigated. The 
experimental plan for processes was conducted first on 
exploratory based and focused experiment conducted according 
to the design of experiments (DOE) and the results were 
statistically evaluated using analysis of variance (ANOVA). 
Taguchi methodology was employed in evaluating the 
machining performance of the SEDM process and 
mathematical models for MRR, EWR and machined surface 
roughness (SR) were developed. For verification of model 
results, conformation runs have been conducted. Results show 
that peak current was the most significant parameter that 
influenced the machining responses on EDM. 

Keywords— Conductive Ceramics; Tungsten carbide (WC-Co); 
EDM; Parameter; Taguchi techniques. 

 

I.   INTRODUCTION 

he intensifying field of high end applications required 

high grade technical material, which modernizes the 

field of material industry by innovating high strength 

advanced materials. These materials come with exceptional 

technical properties but are difficult to machine. Due to this, 

the field of manufacturing technology geared up with non-

traditional techniques. EDM (Electrical Discharge 

Machining) is a specialized thermal machining process   

Generating electrical spark at the electrode and work piece 

gap in the presence of dielectric Fluid (JOEMARA EDM 

Manual, 2001). At present, it is a widely used in industry for 

high-precision machining of all a widely used in industry for 

high-precision machining of all types of Conductive 

materials such as: metals, metallic alloys, graphite, or even 

some ceramic materials, of whatsoever hardness. 

During 20
th

 century, significant advancements have been 

made by researchers in material technology. The exploration 

for materials which have prominent mechanical and physical 

properties and capability to serve at high temperature 

conditions has led the continuous evolution in this direction, 

conceding the emergence of advanced ceramic materials 

(Lee,1991).Engineering ceramic material composites have 

good servicing properties but difficult to machine. 

Traditional machining processes are unable to perform it, so 

many 0 unconventional technologies like Electrical 

Discharge machining has proved to be effective tool in 

shaping such materials provided that the material should be 

conductive (Lee, 1991). Most ceramics are non-conductive. 

As the needs for more versatile ceramics are being explored, 

other refractory substances and metallic components are 

added to form composite ceramics. Especially with metallic 

additives, they are used as binder and formed by powder 

metallurgy methods. Due to the presence of some of these 

metallic substances, composite ceramics become conductive 

and allow them to be machined by electro-discharge 

machining process (Konig, 1988). 

The study aims at the research in the development of 

methodology for investigation of optimum set of machining 

parameters for machining of conductive ceramic materials by 

EDM. 

 

 

 A.Process Methodology 

 In this segment, a brief explanation of the equipment used to 

carry out the experiments, along with the specifications of 

ceramic material used is depicted. Also, the design factors 

are outlined. 

1. Equipment used in this experiment 

All the experiments have been conducted on an AZ50 

JOEMARS (JOEMARA EDM Manual, 2001) make Die 

Sinking Electrical Discharge Machine with z-axis NC fuzzy 

logic control. Figure 1 shows the experimental set up of work 

piece and electrode along with SEDM machine. The 

dielectric has been jet flushed by nozzles, directed against the 

arc gap under 0.5 kg/cm2 pressure. 

2. Tool and work piece material specification 

Tungsten carbide is one of the cemented carbide materials 

known as metal carbides. Tungsten and carbon are the 

elements of WC, W2C and W5C. Among above 

T 
Figure 1: Experimental setup with S-EDM Machine. 
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combinations, mono-tungsten carbide (WC), that is generally    

called tungsten carbide, is of more importance due to its 

better stability. It is usually used in industry as WC–Co 

composite. The specimens used were in the form of cermet 

of standard size. Availability in cermet form was readily 

ensured in local industries before going to finalize the 

specifications. 

This material was principally developed in order to be 

used as cutting tool, due to its excellent hardness properties 

and, it is capable of coping with rapid changes of 

temperature. In the case of 64WC–9Co, it has a thermal 

conductivity of 100 W/mK and a thermal expansion 

coefficient of 4.3 × 10−6 K−1, at a temperature of 2000C 

with Young’s Modulus(Gpa) 620 and Vicker’s hardness 

(VPN) 1400 – 1550.Fine grade graphite electrodes with 

cylindrical shape of 10mm diameter and 50mm length, 

exhibiting following properties were used. 

B. Design of experiments 

 There are number of statistical techniques available for 

engineering and scientific studies. Taguchi has prescribed a 

standardized way to utilize the Design of Experiments 

(DOE) technique to enhance the quality of products and 

processes (Ross Phillip J., 2006). In this approach, the 

parameters and their levels are mentioned in table 1 and 

according to it L18 orthogonal array was selected and to 

determine the effect of each variable on the output, the 

signal-to-noise ratio (SN ratio) needs to be calculated for 

each experiment conducted 

TABLE I 

ANALYSIS OF MACHINING PARAMETERS 

 

The experimental plans and results for the series of 

machining test are presented in this section. The 

experimental runs of EDM involved four factors which were 

varied at two levels; high and low levels for sparking gap and 

three levels for peak current, on time and duty cycle. The 

machining responses that were investigated were MRR, 

EWR, SR. The table mention out the over all summary of it. 

There are number of process parameters which effect on 

surface quality but the study has been restricted to peak 

current (i), ON time (µs), duty cycle (µs) and sparking gap. 

As a matter of fact, surface roughness (SR) has been treated 

as response parameter, denoted by Ra. Surface roughness of 

the machined work pieces was measured using Mitutoyo SJ-

201 equipment with digital height gauge and with sampling 

length of 0.8mm. 

 The EDM process was investigated using Taguchi design 

(L18) orthogonal array. This design is used to identify the 

significant factors that affect the machining responses. The 

results were then used for the experimental plan for SEDM. 

Minitab 15 software was employed and the experimental 

plans are given in Table II 
TABLE II 

EXPERIMENTAL PLAN 

 
 

 

The results from the Table II were then input to the Design 

Expert software for further analysis according to the steps 

outlined for Taguchi design without performing any 

transformation on the responses, the revealed design status 

was evaluated, and all the information was used for further 

analysis 

 

To investigate the effects of the factors under study (The 

interaction effects are deliberately ignored) the following 

hypothesis is tested at 1% level of significance 

 

H0: Effects of all factors are equal (assumed zero) 

H1: At least one factor has effect different from that of the 

other factors 
 
 

Design Factor Unit Level(coded unit) 

I II III 

Peak Current A 9 13 17 

OnTime μs 40 50 60 

Duty Cycle μs 0.4 0.5 0.6 

Sparking Gap V 4 6  

Std Run Sparkin

g Gap 

(V) 

Peak 

Current 

(Amp) 

ON 

Time 

(μS) 

Duty 

Cycle 

Factor 

1 13 50 9 93 0.4 

2 3 50 9 180 0.5 

3 18 50 9 360 0.6 

4 12 50 13 93 0.4 

5 10 50 13 180 0.5 

6 2 50 13 360 0.6 

7 1 50 17 93 0.5 

8 11 50 17 180 0.6 

9 7 50 17 360 0.4 

10 17 62 9 93 0.6 

11 4 62 9 180 0.4 

12 6 62 9 360 0.5 

13 8 62 13 93 0.5 

14 16 62 13 180 0.6 

15 5 62 13 360 0.4 

16 15 62 17 93 0.6 

17 14 62 17 180 0.4 

18 9 62 17 360 0.5 



International Conference on Multidisciplinary Research & Practice                            P a g e  | 53 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 

  
                                            TABLE II 
                    EXPERIMENTAL RESULT 

 

Gr to RP-30 

MRR 

(mm3/ 

min) 

EW 

(mm3/min) 

SR (Ra) (μm) 

2.624 5.470 3.72 

2.884 8.210 3.40 

2.587 9.585 3.43 

4.036 6.950 4.14 

4.678 10.55 4.86 

4.8 12.63 5.53 

6.793 13.10 6.17 

7.709 14.20 6.80 

5.339 9.890 4.10 

3.46 8.480 2.95 

2.09 5.880 2.44 

1.872 6.750 3.39 

4.648 9.060 3.57 

4.775 11.29 3.96 

3.024 7.003 3.16 

    7.03 12.59 4.67 

5.09 9.090 4.10 

5.86 11.04 4.66 

 
D. Analysis of machining parameters (MRR, EW and SR) 

The recorded response has been statistically analysed by 

Minitab 15(Minitab Technologies Inc. 2006), the ANOVA 

results (table 3, 4 and 5) and mathematical model is 

generated and tested. 

 An ANOVA (analysis of concludes information of analysis 

of variance and case statistics for further variance) table is 

commonly used to summarize the experimental results. Table 

5.3 shows the ANOVA table for MRR after transformation 

and generated by the Minitab 15 software 

Table III 

      ANOVA TABLE FOR MRR IN EDM GR TO RP-30 PROCESS 

 

Analysis of Variance for SN ratios (Classical sum of squares-Type II) 

Source DF Seg SS Adj SS Adj MS F P 

SG 1 3.835 3.835 3.8354 7.09 0.024 

PC 2 184.821 184.82
1 

92.4106 170.84 0.000 

OT 2 11.162 11.162 5.5809 10.32 0.004 

DC 2 20.617 20.617 10.3086 19.06 0.000 

Residu
al Error 

10 5.409 0.5409    

Total 17 225.845     

 
The Model F-value implies the model is significant.  There is 

only a 0.01% chance that a "Model F-Value" this large could 

occur due to noise. Values of "Prob > F" less than .0.0500 

indicate model terms are significant. In this case A, B ,C and 

D are significant model terms. 
 

Table IV 

ESTIMATED MODEL COEFFICIENT 

 
The “R-Squared" of 97.6% is in reasonable agreement with 

the "Adj R-Squared" of 95.9%. so this model can be used to 

navigate the design space.  
Final Equation in Terms of Coded Factors 
MRR = 12.1951+ 0.4616* A -4.1170*B [1] + 0.4185 *B [2] 
+ 0.8391 *C [1] +0.2145 * C [2] -1.3291 * D [1] +0.0374 *D 
[2] …………………………… (1) 
 

Table V 

      ANOVA TABLE FOR EW IN EDM GR TO RP-30 PROCESS 

 

Table VI 

ESTIMATED MODEL COEFFICIENT 

Term Coef SE Coef T P 

Constant -19.2778 0.1188 -162.325 0.000 

SG 50 -0.4229 0.1188 -3.561 0.005 

PC 9 2.0744 0.1680 12.351 0.000 

PC 13 -0.1293 0.1680 -0.770 0.459 

OT 93 0.3341 0.1680 1.989 0.075 

OT 180 -0.2918 0.1680 -1.737 0.113 

DC 0.4 2.1163 0.1680 12.601 0.000 

DC 0.5 -0.3372 0.1680 -2.008 0.072 

S = 0.5039       R-Sq = 97.5%       R-Sq (adj) = 95.8% 
 

 The Model F-value implies the model is significant. Values 

of "Prob > F" less than 0.0500 indicate model terms are 

significant. In this case A, B, D are significant model terms. 

Values greater than 0.1000 indicate the model terms are not 

significant. If there are many insignificant model terms (not 

counting those required to support hierarchy), model 

reduction may improve your model. The "Pred R-Squared" 

of 0.9138 is in reasonable agreement with the "Adj R-

Squared" of 0.9548. 
 

Final Equation in Terms of Coded Factors: 

EW = 13.9006+ 2.1160* A + 2.3014*B [1] - 0.1264 *B [2] - 0.9864 *C [1] 

- 0.6160 * C [2] +1.2321 * D [1] +0.3995 *D [2] ………………………. (2) 

 

 

Term Coef SE Coef T P 
Constant 5.78071 0.4151 13.927 0.000 
SG 50 0.09114 0.4151 0.220 0.831 
PC 9 -2.89811 0.5870 -4.937 0.001 
PC 13 0.23409 0.5870 0.399 0.698 
OT 93 0.07348 0.5870 0.125 0.903 
OT 180 0.30402 0.5870 0.518 0.616 
DC 0.4 0.02937 0.5870 0.050 0.961 
DC 0.5 -0.25806 0.5870 -0.440 0.670 
S = 1.761          R-Sq = 75.5%       R-Sq (adj) = 58.4% 

Analysis of Variance for SN ratios (Classical sum of squares-Type II) 

Source DF Seg SS Adj SS Adj MS F P 

SG 1 80.60 80.60 80.597 9.15 0.013 

PC 2 60.26 60.26 30.130 3.42 0.074 

OT 2 23.52 23.52 11.760 1.34 0.306 

DC 2 26.04 26.04 13.020 1.48 0.274 

Residual 

Error 

10 88.04 88.04 8.804   

Total 17 278.45     
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Table VII 

      ANOVA TABLE FOR SR IN EDM GR TO RP-30 PROCESS 

Values of "Prob > F" less than 0.0500 indicate model terms 

are significant. In this case A, B, D are significant model 

terms 
Table VIII 

ESTIMATED MODEL COEFFICIENT 

 

Term Coef SE Coef T P 

Constant -12.1191 0.2395 -50.599 0.000 

SG 50 -1.0348 0.2395 -4.320 0.002 

PC 9 2.0367 0.3387 6.013 0.000 

PC 13 -0.2023 0.3387 -0.597 0.564 

OT 93 -0.1130 0.3387 -0.334 0.746 

OT 180 -0.0425 0.3387 -0.126 0.903 

DC 0.4 1.1185 0.3387 3.302 0.008 

DC 0.5 -0.4131 0.3387 -1.219 0.251 

S = 1.016      R-Sq = 88.1%       R-Sq (adj) = 79.7% 
 

The "R-Squared" of 88.1%  is  close to the "Adj R-Squared" 

of 79.7% as one might normally expect.  
 
Final Equation in Terms of Coded Factors: 
SR = -12.1191 – 1.0348* A +2.0367*B [1] - 0.2023 *B [2]-
0.1130*C [1]-0.0425 * C [2] +1.1185 * D [1] -0.4131 *D [2] 
………………….. (3) 
 

 After the ANOVA procedure, further analysis was 

performed in graphic plots as shown before. Figure 2 

revealed the main effects plots the purpose of this analysis is 

to find out the strong effect of parameters on MRR .It shows 

the A1, B3, C1 and D3 have strong effect on maximizing the 

MRR 
 
 
 
 
 
 
 
 
  

 

 
Figure 2. Main effect plot of MRR 

 

As observed in the ANOVA table, the factors that influence 

the MRR are All four but the most two effectives are B and 

D and all significant effect of it shown graphically in figure 2 

where the interaction of above parameters and effect of it 

MRR can be visualize. 

 

 

 

 

 

 

 

 

 

 

 
Figure 3. Main effect plot of EW 

 

Figure 3 revealed the main effects plots the purpose of this 

analysis is to find out the strong effect of parameters on EW 

.It shows the A2, B1, C1 and D1 have strong effect on the 

EW. Figure 3 shows the four plots as above mention 

 As observed in the ANOVA table, the factors that influence 

the EW are All four but the most three effectives are A, B 

and D all significant effect of it shown graphically in figure 

53 where the interaction of above parameters and effect of it 

MRR can be visualize 

 

 

 

 

 

 

 

 

 

 

 

 
Figure 4. Main effect plot of SR 

 

Figure 4 revealed the main effects plots the purpose of this 

analysis is to find out the strong effect of parameters on SR 

.It shows the A2, B1, C3 and D1 have strong effect on the 

SR. 

As observed in the ANOVA table, the factors that influence 

the SR are All four but the most three effectives are A, B and 

D all significant effect of it shown graphically in figure 4 

where the interaction of above parameters and effect of it on 

SR can be visualize. 

 
II. CONCLUSIONS 

This investigation has proposed a model for EDming of WC-

Co with graphite electrode and taguchi technique identify the 

significant factors and their associated levels on desired 

output. The technological variables like current, ON time, 

duty cycle and sparking gap have been studied as a function 

of design to minimize the roughness and wear and maximize 

the material removal rate. 

The following conclusion are derived from the above study 

1. Based on the ANOVA table, the most influencing 

factors on MRR, EW and SR are peak pulse on 

time, current and duty cycle and with less effect of 

gap voltage 

2. For graphite electrode materials, the material 

removal rate increases with increasing peak current. 

At the low range of peak current, the relative wear 

Analysis of Variance for SN ratios (Classical sum of squares-Type II) 

Source DF Seg SS Adj SS Adj MS F P 

SG 1 19.2741 19.2741 19.2741 18.67 0.002 

PC 2 45.3250 45.3250 22.6250 21.95 0.000 

OT 2 0.2326 0.2326 0.1163 0.11 0.895 

DC 2 11.5156 11.5156 5.7578 5.58 0.024 

Residu

al 
Error 

10 10.3262 10.3262 1.3026   

Total 17 86.6734     
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ratio decreases with the peak current for graphite 

electrodes. For graphite electrode materials, the 

machined work piece surface roughness increases 

with increasing peak current 

3. The extended study of EDM technology with 

ceramics and using proper non-conventional 

optimization technique will be helpful to generate 

manufacturing data in all provisions of machining 

of ceramics. 
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Abstract--Response controls of buildings with various forms of 

dampers have been a core area of study which was adopted to 

mitigate various natural hazards like wind and earthquake. 

Active, passive and hybrid dampers of various forms are 

mostly used in structures to make structures more resilient 

under these natural hazards. Tuned Liquid Dampers or TLD 

has been a common form of response controller and has 

undergone numerous modifications in its functionality and 

installation to reduce the structural vibrations during the event 

of an earthquake. Till date, several successful applications 

validated with experimental and numerical investigations have 

been presented on TLD. It has been observed through 

literature review that the effects of TLD in presence of 

unreinforced masonry infill were not studied and since the 

effect of masonry infill is significant on frame buildings, its 

importance cannot be ignored. Similarly, there is no 

comparative study on the parametric effects for the different 

proposed TLDs taken together. This can be investigated by 

researchers . 

 

Keywords-Dampers,TLD, Natural Frequency of Water,  multi 

TLD, response control, sloshing. 

I.   INTRODUCTION 

n recent trend there is a demand to construct tall buildings 

with light facades to minimize the space problem in urban 

areas. Often these buildings are relatively flexible structures, 

possessing quite low damping. Thus sensitivity of these 

structures to dynamic excitation has increased. Other than 

that it also led to increase various failure possibilities such 

as cladding partition, damage serviceability and occupant 

discomfort too. Therefore to ensure safer functional 

performance of tall structures it is essential to restrict the 

frequency of objectionable motion levels below the 

discomfort threshold. Various possibilities exist to achieve 

this goal. The most promising solution is to mitigate these 

problems is through the use of artificial damping devices, 

one of which Tuned Liquid Damper (TLD) concept is 

relatively a newer one. TLD, its name came from its 

operational use as because of it will be tuned to resonate 

with the main structures in out of phase from it. It is a type 

of motion activated under passive mechanism of 

supplemental damping system which is activated by the 

movement of structures and dissipates some part of the 

structural seismic input energy through its motion by 

Introducing extra force to the structure without any need of 

external power source. 

 

In this paper a detailed study has been carried out to 

investigate the advances in tuned liquid dampers in the 

recent past and its applicability in buildings. This paper also 

presents a detailed report on various aspects of TLD, 

shortcomings in the past experiments and suggests a further 

improvement in the present scenario.  

 

II.  BACKGROUND 

Since 1950s liquid dampers have been used in anti-rolling 

tanks for stabilizing marine vessels against rocking and 

rolling motions. In 1960s the same concept has been used as 

mutation dampers to control wobbling motion of a satellite 

in space. In the late 1970s TLD has started to be used in 

civil engineering. To reduce structural motion, Vandiver and 

Mitome(1979) used TLD  to reduce the wind vibration of a 

platform, Mei(1978) and Yamamoto et.al.(1982) looked into 

structure wave interactions using numerical methods. In the 

early 1980s important parameters such as liquid height mass, 

frequency, and damping for a TLD attached to offshore 

proposed the use of a rectangular container completely filled 

with two immiscible liquids to reduce structural response to 

a dynamic loading. Modi& Welt(1988), Modi&Seto(1997), 

Kareem & sun (1987), Gardarsson(2001), Tamura 

&fujii(1995), Sun &Fujino(1989), Sun &Fujino(1992), 

Samanta&Banerji(2010), Olson(2001 were also among the 

first researcher who suggested the different types of TLD 

with suggested the different types of TLD with different 

properties of dampers utilizing liquid motion for civil 

engineering structures.  

 

III.  FUNCTIONALITY & VARIABILITY 

The basic mechanism in TLD is that, damping originates in 

tuned liquid damper from energy dissipation through the 

action of internal fluid viscous force and from wave 

breaking. The amount of damping is dependent on 

amplitude of the fluid motion and wave breaking patterns. 

The motion inside the TLD sloshes at the side of wall of 

TLD tank which in turn produces a force opposite to the 

excitation direction.  

 

And it is designed to have the same natural frequency of the 

structure, so that sloshing motion of fluid inside the TLD 

caused by the external excitation produces a sloshing force 

approximately anti-phase to the building motion. This in 

turn will help to mitigate the structural response in terms of 

story drift, floor response, amplitude, and roof 

displacements etc. of the building.  

 

I 
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Fig. 1: Mechanism of the Motion damper (TLD). (a) Force Diagram (b) 

Energy Diagram 

 

Figure 1 shows the mechanism of the motion damper or 

TLD representing the force and energy diagram. 

 

The abbreviations are as: 𝐹𝑒=Excitation force,𝐹𝑑  =Resisting 

force by dampers,𝐸𝑖𝑛  =Energy input,𝐸𝑎  =Energy absorbed 

by dampers,𝐸𝑑  =Energy Dissipated by dampers, 𝐸𝑟=Energy 

Returned to structure, 𝐸𝑠=Structural Vibration Energy.  

 

IV. TYPES OF TLD 

Several types of TLDs are proposed during last two decades 

for utilizing the liquid damping mechanism effectively. A 

schematic diagram in figure 2 is presented to represent the 

various types of TLDs. 

 

 

 
 

 
Fig. 2: Diagram showing the family of TLDs 

 

 

A.Flat Bottom TLD : 

Flat bottom TLD also called box type TLD. This type of 

TLD came in field first for reducing the structural vibration 

energy. These are generally of rectangular, square and 

circular type. Installed on the top most floor of the building. 

A TLD can be classified as shallow water type or deep 

water If this ratio is less than 0.15 it can be classified as 

shallow water type and for more than 0.15 it’s called as deep 

water type. Shallow water type has a large damping effect 

for a small scale of externally excited vibration, but it is 

very difficult to analyse the system for a large scale of 

externally excited vibration as sloshing of water in a tank 

exhibits nonlinear behaviour. In case of deep water type the 

sloshing exhibits linear behaviour for a large scale of 

externally excited force. 

 
   Fig. 3: Schematic Diagram of a Tuned Liquid Damper 

 

B.Slope Bottom TLD:  

Slope bottom TLD came into existence for mitigating the 

drawbacks associated with box type TLD. This concept 

originated from the sea shore phenomenon. It is well known  

 

that a sloping beach is an effective energy dissipater. The 

majority of ocean waves are dissipated along the shores, 

especially due to wave breaking. Other features associated 

with the slope bottom tank is that, Since the run-up height 

amplification is greater for the sloping beach than the 

vertical wall, wave motion in the TLD becomes more 

nonlinear than the box shape TLD and a greater horizontal 

force might be created with less water mass. Beating 

phenomenon also can mitigate through slope bottom TLD. 

 

 
 V-shape and W-shape slope bottom of 

TLD 

 
Fig. 4: Slope bottom TLDs 

 

C.Multiple TLD:    

Multiple TLD is another variety of TLD in which number of 

TLD is attached together filled with the same depth of water 

whose natural frequency are distributed over a certain range 

around the fundamental natural frequency of the structure.  

Its easy to make a TLD multiple  by employing the slightly 

different depths of liquid and no additional effort to increase 
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the damping of water sloshing to the optimal value 

isrequired. 

 

 
 

Fig. 5: Multiple TLD 

 

D.Variable Density:  

The main function of TLD with variable density is to 

increase the density of liquid by adding additional 

substances. For solving the light density limits, slow set in 

motion of water & continuous wave motion of water 

(Beating) problems this type of TLD has proposed.  

 

 
 

 W-Shape Slope Bottom of TLD with variable 

density       

 

 

 (b)  v-shape slope bottom of tld with variable density 

Fig. 6: TLDs with variable density 

 

E. Slat screen TLD:  

A perforated slat screen is used in TLD for minimizing the 

off tuning effect & to make suitable for wide range of 

excitation frequency. A slat screen is made of a number of 

slats, height of slats and total solid area of the screen is 

Ss=n.Ds. The solidity ratio of the screen S= Ss/h. 

 

 
 

Fig. 7: TLD with Slat Screen 

 

 

F. Hybrid Mass TLD:  

The TLD is known to dissipate more energy when water 

sloshing is greater , which happens  when the TLD base is 

subjected to a large amplitude motion for utilizing this 

characteristics the TLD  is connected to a secondary mass 

that is attached to the primary structure through an 

appropriately designed spring system. Which is called 

hybrid mass TLD since there are both a secondary mass and 

a liquid damper. 

 

 

 
Fig. 8: Hybrid mass liquid damper 

 

G. Baffle Wall TLD: 

TLD with baffles are used to compensate the effect of 

probable mistuning of the TLD & to make the TLD more 

controllable. 

 
Fig.  9: TLD with baffle walls 

 

H. Tuned Liquid Column Dampers(TLCD): 

Tuned Liquid Column Dampers dissipates structural 

vibration by combined action involving the motion of the 

liquid mass in the tube, where the restoring force is due to 

the gravity action upon the liquid and the damping effect as 

a result of loss of hydraulic pressure due to the orifices 

installed inside the container. 

 

As a damper TLCD system offers few advantages over other 

damping devices, including TSDs , such as 

 

 TLCD can take any arbitrary shape, for which it can be 

fitted to an existing structure easily,  

 

 Unlike mathematical model, which quantitatively 

defines the dynamics of TLCD can be formulated. 

 

 We can control the damping capacity of TLCD through 

controlling orifice opening. This allows us to actively 

control the damping in TLCD system , and 

 

 We can tune the frequency of a TLCD by adjusting the 

liquid column in the tube. 
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Fig. 10 : Tuned Liquid Column Damper 

 

V. ADVACEMENTS IN TLD TILL DATE 

 

In this section, reviews on few remarkable researches on 

tuned liquid dampers are presented. It presents the 

modifications, advancements, alterations carried out with 

TLD for better performances in buildings by researchers 

 

K.Fuji, Y.Tamura (1990) found that TSD is an effective for 

reducing the  structural response on gusty days in towers & 

it depends on the amplitude of vibration. Author has 

calculated the frequency response function by the lumped 

mass system using the TSD frequency response function. 

 

Ho(w)=-(w/wo)
2
.(1/Mo).(1/(1-(w/wo)

2
+i2ho(w/wo)+(w/wo)

2
. 

€ (mj/Mo)Hj(w)) 

Where,  

Where,    Ho(w)= Frequency response function of a 

structure with TSDs,wo= Natural frequency of the 

structure,ho= Damping ratio of the structure,Mo= 

Generalized mass of the structure,Hj(w)= Frequency 

response function of a TSD(Accel/Force),mj=Mass of the 

TSD,j= Number of TSDs 

 

Kareem, (1990) Conducted his study on TSD for reduction 

of wind induced motion. A finite element model was 

investigated the performance of liquid motion including the 

effect of free surface nonlinearity, viscosity and energy 

dissipation. Author gave conclusion that TSD imparts a 

additional damping to the system. It dissipates structural 

vibration through viscous action of fluid & wave breaking. 

Can be used in tall buildings, towers, bridges and in offshore 

platform also. 

 

L. M. Sun, (1992)Has studied Nonlinear model for 

rectangular TLD by using the shallow water wave theory 

with considering effect of liquid damping. Analytical & 

experimental both studies had performed for checking the 

efficiencies. Different basics equations has been derived by 

Navier Stokes equation & continuity equation. Boundary 

conditions for solving those  equations are also stated in his 

work. Fr accounting the breaking waves two  

 

 coefficientscda&cfr from experiments data sets has 

been found out. And lastly Author concluded that TLD 

is very satisfactory for suppressing structural vibration. 

A modified TLD model can predict the structural 

response very well even in the presence of breaking 

waves. The suggested equations are- 

 

𝐹𝑤 =
1

2𝜋
 
𝜋𝑔

𝐿
tanh

𝜋

𝐿
 

 

𝜆 =
1

𝜂 + 

1

 2
 𝑤𝜈(1 +

2

𝑏
+ 𝑆) 

 

𝐶𝑑𝑎 = 0.57 
𝜀𝑤𝑤
𝜈

𝐴
 

cfr=1.05
 

Where, 

Fw=Fundamental natural frequency of liquid 

sloshing according to linear shallow water wave 

theory,G=Acceleration due to gravity,L=length of the tank 

in the direction of liquid motion,H=Width of 

tank,λ=Damping coefficient,Ƞ=Height of water wave above 

still water,H=Height of still water,V= Kinematic 

viscosity,W= Angular excitation frequency,B= Width of the 

tank,S=Surface contamination factor(Used S=1),Cda&cfr= 

wave breaking coefficients,Cda=is used when the wave 

height exceeds the water depth h(Ƞ>h),Xs max.=Maximum 

displacement experienced by the structure at the location of 

the TLD. 

V. J. Modi, (1997) TSD by numerical simulation it can able 

for suppressing the amplitude over 85% at resonance based 

on the nonlinear dissipative as well as dispersive shallow 

water model. 

 

Reed and Gardarsson(1998)Presented a study on TLD  by 

both experimentally and the tank is robust in dissipating 

energy over a wide frequency range preferably for large 

amplitude excitation. Design damper frequency must be 

tuned at the value lower than that of the structural frequency. 

The base shear force induced by the liquid sloshing is given 

here- 

 

𝐹𝑏 =
1

2
𝜌𝑔𝑏[𝑟2 − 𝑖2] 

where p = density,g =gravity,b=tank width, hi =wave height 

at the end wall on the left side and  

hr=wave height at the end wall on the right side.  

 

Relation between Excitation Frequency f and wave 

propagation speed S 

𝐹 =
𝑆

2𝐿
 

Where,L=length of the tank And the propagation speed S of 

the breaking wave  

𝑆 =  
𝑔

2

𝑙

𝑖
(𝑖 + 𝑙) 

 

hl =is the total water depth immediately behind the wave 

front,hi=water depth. 

 

Banerji(2010) Numerical studies has been conducted on 
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 TLD for both actual ground motions & sets of artificial 

ground motions for SDOF . The normalized equations of 

motion of structure with TLD is 

 

ü𝑠 + 2𝜉𝑠𝑤𝑠ù𝑠 + 𝑤𝑠2𝑢𝑠 = 𝑎𝑔 +
𝐹

𝑚𝑠
 

𝑤𝑠 =
2𝜋

𝑇𝑠
 

Where, F=Base shear force. 

. 

 

It was observed that TLD gives good agreement for 

dissipating the structural response as the ground excitation 

amplitude increases. The TLD is less sensitive towards 

variation in the values of its parameters for larger mass & 

depth ratios. It was also concluded that the optimum value 

of depth ratio is about 0.15 & mass ratio is about 4%.  

 

M.J.Tait, (2008)A nonlinear numerical model based on 

shallow water wave theory is found to accurately predict the 

efficiency & robustness for a number of structure-TLD 

systems in random excitation. Mass ratio has greater 

influence that depth ratio for increasing the effective 

damping. 

 

Young-Moon kim(2006) Studied TLD & TLCD 

experimentally , found that TLCD was more effective 

control vibration than TLD. The different natural frequency 

are- 

 

𝐹𝑤 =
1

2𝜋
 
𝜋𝑔

𝐿
tanh

𝜋

𝐿
for rectangular &square water tank           

(1) 

𝐹𝑤 =
1

2𝜋
 

1.841𝑔

𝑅
tanh

1.841

𝑅
for circular water tank   

𝐹𝑤 =  
2𝑔

𝐿
for TLCD water tank.          

 

 

DMF=(((r
2
-β

2
)

2
+(2ξa r β)

2
)/([(r

2
- β

2
)(1- β

2
)-(r

2
 β

2
μ)]

2
+(2ξa r 

β)
2
(1- β

2
- β

2
 μ)

2
))

½
 

Where, 

(𝑀 =
𝑚𝑡

𝑚𝑠
) Mass ratio ,  (𝑅 =

𝑓𝑡

𝑓𝑠
) tuning ratio, (𝐵 =

𝑓

𝑓𝑠
)structure-excited frequency ratio, ξa =Damping Ratio of 

TLD 

 

Fw’=Fw/(mwW
2
A)  

Ƞ’max= Ƞmax/h 

 

Where, DMF=Dynamic magnification factor,Fw’=Base 

shear force,Ƞ’max=Height of waves,Fw=Base shear force 

calculated from load cell after deducting the inertia force of 

empty tank,mw=mass of water in the tank,W=Excited 

frequency of shaking table,A=Amplitude of shaking 

table,Ƞmax=Water Height Measured from wave gauge. 

 

Hong-Nan Li (2000) presented simplified simulating 

calculation formulas for TLD by the use of Navier-Stakes 

Equation of fluid. This has been solved by volume of fluid. 

The dynamic liquid pressure equations have derived in his 

work which is very beneficial for reducing the dynamic 

response of the structure. Relative formulas given below are 

taken by the stated literature. 

 

 

 
 

 
 

 

Gardarsson, (2001)Presented an experimental study on 

30
0
slope bottom tuned liquid damper. In this study Author 

concluded that Slope bottom TLD Behave like softening 

spring which mitigate the beating problem. The proposed 

type is effective when it is tuned slightly higher than the 

structures fundamental response frequency.    

 

Olson, Reed (2001)Extended the Slope bottom study to 

evaluate the appropriate Slope bottom data for structural 

engineering context. The natural frequency of water 

estimated from Lamb’s equation is modified with wetted 

perimeter. And lastly it has found that with modified length 

parameter Lamb’s equation for natural frequency of water f 

slope bottom gives close estimate. 

 

𝐹𝑤 =
1

2𝜋
 
𝜋𝑔

𝐿1
tanh

𝜋

𝐿1
 

Where,𝐿1 = 𝐿0 + (
2𝑜

sin 𝜃
) 

 

Where, g= Acceleration due to gravity, L1=Wetted 

perimeter length of slope surface,h=width of the tank. 

 

Xin, Chen (2009)Different types of slope bottom with 

variable density (by using sand) was examine on 3storey 

frame building both experimentally and numerically. They 

have found that variable density with w-shape bottom is 

consistently more effective in mitigating both the storey 

drift and floor acceleration of building than V-shaped 

bottom, and much more effective than box TLD under 

strong earthquake. Because of increased damping and 
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reducing mass in the suspended state the Density variable 

TLD(DVTLD) can step up the decaying process of free 

vibration after the cessation of an external excitation . 

In the stated literature the horizontal control force 

Fj(t) applied to the jth floor of the building by a slope 

bottom TLD is equal to the resultant of the fluid dynamic 

pressures on the left and right walls of the flat bottom TLD 

tank, and expressed by 

 

Where, ρ= Water density,ẍ𝑗 (𝑡) =Relative acceleration on the 

jth floor with respect to the base of the building, ẍ𝑔(𝑡) 

=Ground acceleration at the base of the building, ẏ(𝑡) =First 

modal acceleration of water sloshing,H=Maximum water 

depth,L=Length of tank. 

Fujino,&Sun (1993)Conducteda study on multiple TLD 

experimentally by forced excitation experiment and on 

MTLDs-structure interaction experiment. Through 

experiment he found that An MTLDs with proper frequency 

band width does not lose its efficiency even for off-tuning in 

frequency.  Various parametric formulas are presented 

there- 

 

𝑓𝑜 = 𝑓𝑁 +
𝑓1

2
       Central frequency     

∆𝑅= (𝑓𝑁 −
𝑓1

𝑓0
)      Frequency band width 

𝐵𝑖 = ((𝑓𝑖 + 1)− 𝑓𝑖)   Frequency Spacing 

∆𝑦=
𝑓𝑠−𝑓0

𝑓0
              Off-tuning parameter 

Where,fi= Natural sloshing frequency of the ith individual 

TLD, f1 and fN=Lowest and the highest fi, N= Number of 

TLDs,fs=Natural frequency of the structure,fTLD=Natural 

frequency of TLD,  h and ν=Liquid depth and kinematic 

viscosity. 

Banerji&Samanta (2011)In this work Author presented 

hybrid mass TLD for increasing the base acceleration 

amplitude and concluded that effectiveness of HMLD 

depends on the relative stiffness of the secondary mass 

spring system used for making the model hybrid compared 

to the stiffness of the primary system. HMLD found 20% -

60% more effective for reducing the structural response in 

both large amplitude excitation and broad band earthquake 

ground motions. 

Zahrai, Abbasi(2012)Studied TLD with rotable baffles for 

compensate the effect of probable mistuning of the TLD and 

also for making the TLD more controllable. Aexperimental 

investigation was carried out on five story frame building 

with TLD rotable baffles subjected by 21different harmonic 

and with 2scaled down earthquake excitation. After the 

experiment Author gave the conclusion is that the best 

performance can achieved when the angle of baffles are 

0
0
<θ>90

0
. The effectiveness of the baffles Is more strong 

against the Kobe earthquake than the El-Centro earthquake. 

With baffles increases the flexibility of the TLD under 

random excitations and also cover the mistuning effects. 

 

VI.  SHORT COMINGS & SCOPE FOR FURTHER 

ENHANCEMENT IN TLDs 

 

   In real life applications the TLD and structure are never 

perfectly tuned. As because of its very difficult  in assessing 

structure exact natural frequency beforehand, and TLD 

natural frequency is also amplitude dependant.  

 

 In real life applications the TLD and structure are never 

perfectly tuned. As because of its very difficult  in 

assessing structure exact natural frequency beforehand, 

and TLD natural frequency is also amplitude dependant.  

 Linear Structural model and TLD behavior does not 

give proper agreement for practical application. For 

knowing health monitoring, condition assessment, and 

damage detection of TLD-structural system nonlinear 

model idealization needed. 

 Optimal angle for sloped bottom TLDs, for minimal 

structure response very crucial to investigate. As liquid 

run-up decreases the liquid damping also decreases and   

Depending upon the slope angle the run-up heights 

generated.  

 For practical TLD installations, the spaces available are 

extremely limited. That prevents the TLD designer 

from installing a fully rectangle or cylindrical TLD. 

 No difference in the response reduction has been found 

in structure with and without during the first few 

periods of oscillation, until the sloshing force inside the 

TLD builds up. 

VII.  CONCLUSION 

As observed from the detailed study of tuned liquid dampers 

from its inception, it is clearly noted that TLD has been an 

efficient form of damper which has been successfully 

implemented as a device of response control in buildings by 

numerical and experimental studies. This has also been 

reported that, TLDs are less expensive and do not require 

any external power to operate, rather they can be used for 

additional purposes like swimming pool and fire fighting. 

But, the TLDs that were investigated had several 

shortcomings and need to be investigated to be more 

practically applicable in buildings. Those shortcomings are 

discussed in the present study which may be considered in 

the future and carry forward for further modifications and 

hence better optimized results.  
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Abstract- The objectives of this research work is to carry out 

“Studies on drying characteristics, effectiveness and evolution 

of solar dryers for green drying of stevia leaves and other 

selected herbs of central India. This paper presents an overall 

idea of estimation of time required, mass of air flow, total 

quantity of drying, Percentage of moisture removal, Convective 

heat and mass transfer coefficient from crop to air and Heat 

energy required for drying Green crop by using solar drying 

process. The overview of dimensional analysis to formulate an 

approximate generalized experimental data based model for 

Solar drying process by the method of design of experiments. 

Keywords—Solar Dryer, Green Drying, Convective heat transfer, 

Dimension Analysis, Test Plan 

I. INTRODUCTION 

rying is a vital and critical operation in any 

industrial/Agro Industrial process requiring substantial 

conventional energy. India spends annually around 1.80 

Million KL of furnace oil its equivalent for meeting 60% of 

thermal energy for processing the end products India, with 

an average solar radiation potential of 4-7 kWh/m2/day , has 

huge potential to utilize solar energy as alternate source of 

energy. The central India city Nagpur having higher solar 

radiation rate of 5.8 kWh/m2/day. with nearly 300 clear days 

and summer temperature close to 48 degree C has been 

declared as a solar city by Govt. of India. As per department 

of AYUSH, Govt of India sources, around 40% of India 

forest products including herbs are soured from central India 

in and around Nagpur including the Satpura Hills. Also the 

Satpura Hills area is being considered to be declared as a 

Biotech Zone amongst other Natural herbs, the region quite 

suitable to grow stevia, the Natural Herbal sweetener. These 

herbs, being perishable in nature need to be dried as primary 

post harvest system Few Green Herbs of importance in 

central India along with their benefits considered for the 

study. This paper highlights the studies on stevia. 

Stevia the herb known as alternate to suger without 

side effect, giving steviol and steviocides , the natural Herbal 

Sweetner grown well in semi-humid subtropical on 200-400 

meters above sea level, with 1500-1800 mm of rain 

temperature extremes of minus 6 deg C to plus 43 Deg C . 

The mature perennial plant survives to 5 years and can be 

larger, up to 1.8 m with up to 20 branches per plant Nagpur 

Region is ideal for Stevia cultivation. 

II. SOLAR DRYING OPERATION 

Solar drying systems present an attractive option to 

sun drying. Such system can be quite compact and suitable 

for small farmers in the region or quite large and of 

industrial design solar drying systems can be classified as 

direct or indirect and where airflow may be natural or forced 

convection. For industrial applications or drying on large 

estates, mixed mode dryers which utilize solar energy and 

conventional fuels as well as forced convection are 

recommended. For the small formers of the region, property 

designed simple solar cabinets will be recommended. Solar 

Drying will now be viewed as a standalone process for the 

production of storable, primary green herbs in the region. 

Drying will be also be considered in integrated, food 

processing operations, with technology and  

entrepreneurship combined to create successful business that 

will create many entrepreneurs in the suicide hit/drought hit 

areas of Nagpur. 

Crop drying is the process of removing water from food 

by circulating hot air through it, Hot air is required to 

vaporize the moisture contained by the solid, and air flow is 

necessary to remove the vapour. For effective drying air 

should be hot, dry and moving and moisture must migrate 

from within the product to the product‟s surface, as this is 

where the moisture exchange with the air occurs. There two 

stages in a typical drying process: 

 The first state is the removal of surface moisture. 

 The second stage is the removal of „internal 

moisture‟ form within the solid material. 

The drying process is therefore divided into a “constant 

rate” period and a “falling rate” period. During the constant 

rate drying period, the surface of the material is still wet and 

the rate of drying is governed by evaporation of free 

moisture from the product‟s surface or near surface areas. 

The rate of drying is dependent on the vapor pressure 

difference between surface and the air. Drying air 

temperature, air velocity and shape and size of the drying 

particles can significantly affect the drying rate[5],[6]. 

All most all the natural products including selected 

herbs for the studies like Stevia amongst other herbs need to 

be dried Green to retain their actives for better effectives. 

Hence there is a big demand for dryers to produce dried 

material that will remain green after drying. The market size 

being huge and with good availability of solar radiations, 

solar dryers could emerge as cost effective and energy 

efficient alternative for such applications. The objectives of 

this research work is to carry out “Studies on drying 

characteristics, effectiveness and evolution of solar dryers 

for green drying of stevia leaves and other selected herbs of 

central India. 

III. DESIGN OF EXPERIMENTAL SET-UP 

The solar dryer with box-type absorber collector was 

constructed  using the materials that are easily obtainable 

from the local market. 

D 
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Fig. 1 shows a section of the solar crop dryer. 

Fig. 1: Experimental Setup of Solar Dryer 

 

The dryer has four main features namely: the box-type 

absorber solar air collector, Suction pipe with air suction 

blower,  drying cabinet and drying racks with air exhaust 

blower and Solar panel for power supply of blowers 

a) Collector (solar air heater) 

The heat absorber (inner box) of the solar air heater was 

constructed using 2 mm thick galvanized plate, painted black, 

the 

surface facing sunlight was painted with black paint 

containing (5%) black chromium powder to increase its 

absorbing capability ([1]Duffie and Beckman, 1974). The 

solar collector  is fitted with Copper plate installed on 

heighted studs. In experimentation this copper sheet can be 

replaced with aluminum, Stainless steel plate. The solar 

collector assembly consists of air flow channel enclosed by 

transparent cover (glazing). The glazing is a single layer of 6 

mm thick transparent glass sheet. It has a surface area of 5ft  

by 4 ft  and height of 1.5 ft (fig. 2). 

b) Suction pipe with air suction blower 

 Two blowers are used in this mechanism. First blower is 

used for sucking hot air from solar air heater to the drying 

chamber cabinet through hosepipe insulated by cotton.  

Second blower is attached at top of drying chamber for 

extracting air from drying chamber. Here computer fan is 

used as blower (fig.3).  

c) The drying cabinet and drying racks 

The designing of the drying chamber depends on many 

factors such as the product to be dried, the required 

temperature and velocity of the air to dry food material, the 

quantity of the dried product and the relative humidity of the 

air passing over the food material[4]. The drying chamber 

houses two drying racks with meshed wire fitting  as shown 

in Figure 1. Two trays of dimension (3ft x 1ft) were 

fabricated and stacked uniformly/evenly at distances (1ft) 

apart, for placing of material to be dried. The tray was made 

from an aluminum wire mesh attached to it. The drying 

chamber was also lined with foam insulation material 5 cm 

thick to prevent loss of heat (fig.3). 

 

 
Fig. 2: Typical Solar Collector for air heating 

 

 

 
Fig.  3: Drying Cabinet with wire mesh racks, Blower for air extraction 

IV. DRYING MECHANISM 

In the process of drying, heat is necessary to evaporate 

moisture from the material and a flow of air helps in carrying 

away the evaporated moisture. There are two basic 

mechanisms involved in the drying process: 1) the migration 

of moisture from the interior of an individual material to the 

surface, and 2) the evaporation of moisture from the surface 

to the surrounding air. The drying of a product is a complex 

heat and mass transfer process which depends on external 

variables such as temperature, humidity and velocity of the 

air stream and internal variables which depend on 

parameters like surface characteristics (rough or smooth 

surface), chemical  composition (sugars, starches, etc.), 

physical structure (porosity, density, etc.), and size and 

shape of product. 

V. THE EXPERIMENTAL MEASUREMENTS 

Three  thermocouples have been positioned to measure the 

air temperature at the inlet and outlet portion of the air heater 
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with accuracy of ±1. Another thermocouples have been 

placed on trays in order to measure the temperature of trays. 

Ambient temperature and humidity was also recorded during 

the course of experiments. The experiment was conducted at 

Nagpur, Center India (latitude 21°06‟ N  and Longitude 

79°03‟E) and the orientation of the solar collector has been 

fixed towards the south direction, inclined at an angle of 31°. 

The solar radiation on a horizontal and inclined surface has 

been recorded during the course of experiments with the help 

of solar meter. Air velocity or flow rate of air at the inlet 

position of the drying chamber was measured by 

anemometer (fig.4). 

 

 
 

Fig. 4: Anemometer, Electronic Circuit along with thermocouples, 

humidifier and window of software for measurement of temperature, 
humidity and air velocity. 

VI. DESIGN  CALCULATIONS 

The various parameters of solar drying process I s calculated 

using following relations  

i) Mass of air flow (ma) 

Calculated using relation  𝒎𝒂 =  
𝑸

𝑪𝒑𝒂.∆𝑻
 ….(1) 

Where Q is heat flow in watts, Cpa - Specific heat of air at 

temp. tf in J/Kg
o
C, ∆T is Temperature gradient.  

ii) Convective heat and mass transfer coefficient from 

crop to air (h) 

h is Calculated using relation  𝑵𝒖 = {
𝒉.𝑫𝒉

𝑲
}….(2) 

Where Dh  is hydraulic dia in m, and K is thermal 

Conductivity of heating medium in W/m
2o

C. 

iii) Heat energy required for drying crop (Q) 

Q is Calculated using relation  𝑸 = {𝒉.𝑨𝒑.  𝒕𝒑 − 𝒕∞ }….(3) 

Where Q is heat flow in watts, Ap- Cross section Area of 

heating plate, tp & 𝒕∞is Temperature of plate and ambient  in 
o
C resp. 

iv) Efficiency of heat collector plate (ηc)              

η
c
 is Calculated using relation  𝜼𝒄 = {

𝑸

𝑰.  𝑨𝒑
}….(4) 

Where I is Solar heat flux in W/m
2
. 

I= Ig x Cos(θi) ….(5) 

Where, θi is the angle of incident.  

Calculation for global heat flux (Ig) 

(ω) =(h-12) x15….(6) 

ω is Hour angle and h is time 

Declination (δ) 

This is the angle between the sun‟s direction and the 

equatorial plane and is given by [3]Forson et al. (2007) as, 

δ = 23.45 sin [0.9863 (284 + n)] ….(7) 

Where (n) is the day in the year which varies from n = 1 to n 

= 365. 

Optimum collector slope (β) 

The optimum collector slope, β, is determined from 

β = δ + φ ….(8) 

Where (δ) is the angle of declination. For Nagpur β slope 

angle is 31.1
o
 

and (φ)= 21.1
 o
  is the latitude of the location. 

Cos (θi)= Sin δ .sin (φ – β) + Cos δ. Cos ω. Cos(φ – β) ….(9) 

Length of the day 

The length of the day is given by [2] Henry et al. (1999) as: 

N = (2/15) cos-1(-tanφtanδ) ….(10) 

v) % moisture Content (PMC) 

PMC is calculated using relation  %𝐌𝐂 =

 
𝑴𝒄𝒊−𝑴𝒄𝒐

𝑴𝒄𝒊
 . ….(11) 

Where, Mci= mass of crop sample before drying and Mco = 

mass of crop sample after drying. 

 

VII. NEED FOR FORMULATING GENERALIZED 

EXPERIMENTAL DATA BASED MODELS 

In view of forgoing it is obvious that one will have to decide 

what should be the maximum heat generated, % of moisture 

and maximum efficiency to the system for getting 

appropriate quality of drying herbs in minimum time. By 

knowing this one can establish herb drying properties. This 

would be possible if one can have a quantitative relationship 

amongst various dependent and independent variables of the 

system. This relationship would be known as the 

mathematical model of this solar drying operation. It is well 

known that such a model for the solar drying cannot be 

formulated applying logic [9]. The only option with which 

one is left is to formulate an experimental data based model. 

Hence, in this investigation it is decided to formulate such an 

experimental data based model. In this approach all the 

independent variable are varied over a widest possible range, 

a response data is collected and an analytical relationship is 

established. Once such a relationship is established then the 

technique of optimization can be applied to deduce the 

values of independent variables at which the necessary 

responses can be minimized or maximized. In fact 

determination of such values of independent variables is 

always the puzzle for the operator because it is a complex 

phenomenon of interaction of various independent variables 

and dependant variables shown in table 1. It is well known 

that mathematical modeling of any drying operation is 

possible by applying methodology of experimentation [7]. 

The same is adopted in the present work. 
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Table 1. Dependent and Independent variable For solar drying Operation 

S.

N. 

Variables Sy

mb

ol 

Unit M0L0T
0Ѳ0 

Depen

dant/ 

Indepe

ndent 

Variabl

e/Const

ant 

01 Mass of 

crop after 
drying 

MCo Kg M Dependa

nt 

Respons

e 

Variable 

02 Time 

required  
for drying 

crop 

td Sec T Dependa

nt 

Respons

e 

Variable 

03 Mass of 

air flow 

ma Kg/S MT-1 Dependa

nt 

Respons

e 

Variable 

04 Convectiv

e heat and 

mass 
transfer 

coefficient 

from crop 
to air 

h W/m2

oC 

MT-3 

Ѳ-1 

Dependa

nt 

Respons

e 

Variable 

05 Heat 

energy 
required 

for drying 

crop 

Q W ML2T-3 Dependa

nt 

Respons

e 

Variable 

06 Efficiency 
of heat 

collector 

plate 

ηc % M0L0T0

Ѳ0 

  

07 % 

moisture 

Content 

PM

C 

% M0L0T0

Ѳ0 

Dependa

nt 

Respons

e 

Variable 

1 Velocity 
of air 

va m/s LT-1 Indepen

dent 

Variable 

2 Ambient  

Temperatu
re 

t∞ 
oC M0L0T0

Ѳ1 

Indepen

dent 

Variable 

3 Temperatu

re inside 

the heating 
Chamber 

tp 
oC M0L0T0

Ѳ1 

Indepen

dent 

Variable 

4 Temperatu

re inside 
the drying 

chamber 

tb 
oC M0L0T0

Ѳ1 

Indepen

dent 

Variable 

5 Film 

Temperatu
re tf= 

tp+t∞/2 

tf 
oC M0L0T0

Ѳ1 

Indepen

dent 

Variable 

6 Relative 

Humidity 

H % M0L0T0

Ѳ0 

Indepen

dent 

Variable 

7 Dynamic 

Viscosity 

of air at 
temp. tf 

μa NS/ 

m2 

ML-1T-

1 

Indepen

dent 

Variable 

8 Thermal 

Conductivi
ty of air at 

temp. tf 

Ka W/mo

C 

MLT-

3Ѳ-1 

Indepen

dent 

Variable 

9 Specific 

heat of air 

at temp. tf 

Cpa J/Kgo

C 
L2T-2Ѳ-

1 

Indepen

dent 

Variable 

10 Density of 

air at 
temp. tf 

ρa Kg/m
3 

ML-3 Indepen

dent 

Variable 

11 Length of 

heating 

Plate 

Lp m L Indepen

dent 

Variable 

12 Width of 

heating 

Plate 

Bp m L Indepen

dent 

Variable 

13 Thickness 
of heating 

Tp m L Indepen

dent 

Variable 

plate 

14 Thermal 

Conductivi

ty of 
heating 

Plate 

KP W/mo

C 

MLT-

3Ѳ-1 

Indepen

dent 

Variable 

15 Specific 

heat of 
heating 

Plate 

Cpp J/Kgo

C 
L2T-2Ѳ-

1 

Indepen

dent 

Variable 

16 Thermal 
diffusivity 

of heating 

Plate 

αp m2/s L2T-1 Indepen

dent 

Variable 

17 Specific 

Density of 

heating 
Plate 

ρp Kg/m
3 

ML-3 Indepen

dent 

Variable 

18 Volume of 

heating 

Chamber 

Vhc m3 L3 Indepen

dent 

Variable 

19 Volume of 

drying 

Chamber 

Vdc m3 L3 Indepen

dent 

Variable 

20 Solar heat 
flux 

I W/m2 MT-3 Indepen

dent 

Variable 

21 Angle of 

incident 
Ѳ rad -- Indepen

dent 

Variable 

22 Length of 
Day 

N -- -- Indepen

dent 

Variable 

23 Mass of 

crop 
before 

drying 

MCi Kg M Indepen

dent 

Variable 

VIII. BRIEF DESCRIPTION OF APPLICATION OF 

THEORY OF EXPERIMENTATION 

The approach adopted for formulating generalized 

experimental model suggested by Hilbert Schenck Jr [9] is 

indicated below stepwise 

1) Identification of independent, dependent and extraneous 

variables, 2) Reduction of independent variables adopting 

dimensional analysis, 3) Test planning comprising of 

determination of test envelope, test points, test sequence and 

experimentation plan, 4) Physical design of an experimental 

set up, 5) Execution of experimentation, 6) Purification of 

experimentation data, 7) Formulation of the model.8)Model 

optimization. 

IX. EXPERIMENTAL PROCEDURES 

For Solar drying of various types of herbs, six to seven types 

of herbs should be selected and at dried using three different 

(copper, Aluminum & Steel) heat collecting plate of air 

heating chamber in various months of the year. The reading 

should be noted for forced and natural draft circulation. 

Based on the data experimental plan can be decided to 

calculate test plan. Based on the collected data mathematical 

model can be formulated using Buckingham‟s – theorem. 

The procedure to establish mathematical model is as follows:  

A. Formulation of Approximate Generalized Experimental 

Data Base Model By Dimensional Analysis 

As per dimensional analysis [8], Mass of crop after drying 

(MCo) 

was written in the function form as :- 
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MCo =f(va, t∞, tp, tb, tf, H, μa, Ka,Cpa, ρa,Lp,Bp,Tp, KP, Cpp, αp, ρp, 

Vhc, Vdc, I,Ѳ, N, MCi)  … (12) 

By selecting Mass (M), Length(L), Time (T) and  

Temperature (Ѳ) as the basic dimensions, the basic 

dimensions of the forgoing quantities were mentioned in 

table 1: 

According to the Buckingham‟s - theorem, (n- m) number of 

dimensionless groups are forms. In this case n is 23 and m=4, 

so π1 to π19dimensionless groups were formed. By choosing 

„Lp‟, „va‟, „Ka‟ and „μa‟ as a repeating variable, nineteen π 

terms were developed as follows: 

 
𝑣𝑎 .𝑀𝑐𝑜

𝐿𝑝
2 . 𝜇𝑎

 

= 𝑓

 
 
 
 
 
 

 
 
 
 
  

𝐾𝑎 . 𝑡∞
𝑣𝑎

2 . 𝜇𝑎
  

𝐾𝑎 . 𝑡𝑝

𝑣𝑎
2 . 𝜇𝑎

  
𝐾𝑎 . 𝑡𝑏
𝑣𝑎

2 . 𝜇𝑎
  

𝐾𝑎 . 𝑡𝑓

𝑣𝑎
2 . 𝜇𝑎

  𝐻  
𝜇𝑎 .𝐶𝑃𝑎
𝐾𝑎

 

 
𝜇𝑎 .𝐶𝑃𝑝

𝐾𝑎
  

 𝜌𝑎 . 𝑣𝑎 .𝐿𝑎
𝜇𝑎

  
 𝜌𝑝 . 𝑣𝑎 .𝐿𝑎

𝜇𝑎
 

 
𝐾𝑝

𝐾𝑎
  

𝐵𝑝

𝐿𝑎
  

𝑇𝑝

𝐿𝑎
  

𝑉𝑐

𝐿𝑎
3  

𝑉𝑑𝑐

𝐿𝑎
3  

𝐼. 𝐿𝑝

𝜇𝑎 . 𝑣𝑎
2
 

 
𝛼𝑝

𝐿𝑝 . 𝑣𝑎
  

𝑣𝑎 .𝑀𝑐𝑖

𝐿𝑝
2. 𝜇𝑎

  Ѳi  N 
 
 
 
 
 
 

 
 
 
 
 

 

. . (13) 

B. Reduction of independent variables/dimensional analysis 

When n (no. of variables) is large, even by applying 

Buckingham‟s π theorem number of π terms will not be 

reduced significantly than number of all independent 

variables. Thus, much reduction in number of variables is 

not achieved. It is evident that, if we take the product of the 

π terms it will also be dimensionless number and hence a π 

term. This property is used to achieve further reduction of 

the number of variables. Thus few π terms are formed by 

logically taking the product of few other π terms and final 

mathematical equations are given below:  

i) Mass of crop after drying (Mco) : Measured with 

calibrated with weighing device.  

 𝜋01 = 𝑓  
(𝜋01 )(𝜋02 )(𝜋03 )(𝜋04 )(𝜋05 )

(𝜋06 )(𝜋07 )(𝜋08 )(𝜋09 )(𝜋10 )(𝜋11 )
  

 
𝑣𝑎 .𝑀𝑐𝑜

𝐿𝑝
2 . 𝜇𝑎

 = 𝑓

 
 
 
 
 

 
 
 
  

𝐾𝑎
4 . 𝑡∞. 𝑡𝑝 . 𝑡𝑏 . 𝑡𝑓

𝑣𝑎
8. 𝜇𝑎

4
  𝐻  

𝜇𝑎
2.𝐶𝑃𝑎 .𝐶𝑃𝑝

𝐾𝑎
2  

 
𝑣𝑎

2𝐿𝑝
2.  𝜌𝑎 .  𝜌𝑝

𝜇𝑎
2

  
𝐾𝑝

𝐾𝑎
  

𝐵𝑝 .𝑇𝑝

𝐿𝑎
  

 
𝑉𝑐 .𝑉𝑑𝑐

𝐿𝑎
6   

𝐼. 𝐿𝑝

𝜇𝑎 . 𝑣𝑎
2
  

𝛼𝑝

𝐿𝑝 . 𝑣𝑎
 

 
𝑣𝑎 .𝑀𝑐𝑖

𝐿𝑝
2. 𝜇𝑎

 ( Ѳi. N)
 
 
 
 
 

 
 
 
 

 

𝑀𝑐𝑜 =

𝐾1
𝐿𝑝

2 .𝜇𝑎

𝑣𝑎

 
 
 
 
 

 
 
 
  

𝐾𝑎
4 .𝑡∞.𝑡𝑝 .𝑡𝑏 .𝑡𝑓

𝑣𝑎
8 .𝜇𝑎

4  
𝑎1

 𝐻 𝑏1

 
𝜇𝑎

2 .𝐶𝑃𝑎 .𝐶𝑃𝑝

𝐾𝑎
2  

𝑐1

 
𝑣𝑎

2𝐿𝑝
2 . 𝜌𝑎 . 𝜌𝑝

𝜇𝑎
2  

𝑑1

 
𝐾𝑝

𝐾𝑎
 
𝑒1

 
𝐵𝑝 .𝑇𝑝

𝐿𝑎
  
𝑓1

 
𝑉𝑐 .𝑉𝑑𝑐

𝐿𝑎
6  

𝑔1

 
𝐼.𝐿𝑝

𝜇𝑎 .𝑣𝑎
2 

1

 
𝛼𝑝

𝐿𝑝 .𝑣𝑎
 
𝑖1

 
𝑣𝑎 .𝑀𝑐𝑖

𝐿𝑝
2 .𝜇𝑎

 
𝑗1

( Ѳi. N)k1

 
 
 
 
 

 
 
 
 

(14) 

ii) Time required  for drying crop- td 

 𝜋02 = 𝑓  
(𝜋01 )(𝜋02 )(𝜋03 )(𝜋04 )

(𝜋05 )(𝜋06 )(𝜋07 )(𝜋08 )(𝜋09 )(𝜋10 )(𝜋11 )
  

 
𝑣𝑎 . 𝑡𝑑
𝐿𝑎

 

= 𝑓

 
 
 
 

 
 
  

𝐾𝑎
4. 𝑡∞. 𝑡𝑝 . 𝑡𝑏 . 𝑡𝑓

𝑣𝑎
8. 𝜇𝑎

4
  𝐻  

𝜇𝑎
2.𝐶𝑃𝑎 .𝐶𝑃𝑝

𝐾𝑎
2  

 
𝑣𝑎

2𝐿𝑝
2 .  𝜌𝑎 .  𝜌𝑝

𝜇𝑎
2

  
𝐾𝑝

𝐾𝑎
  

𝐵𝑝 .𝑇𝑝

𝐿𝑎
  

 
𝑉𝑐 .𝑉𝑑𝑐

𝐿𝑎
6   

𝐼. 𝐿𝑝

𝜇𝑎 . 𝑣𝑎
2
  

𝛼𝑝

𝐿𝑝 . 𝑣𝑎
  

𝑣𝑎 .𝑀𝑐𝑖

𝐿𝑝
2 . 𝜇𝑎

 ( Ѳi. N)
 
 
 
 

 
 
 

 

𝑡𝑑 = 𝐾2

𝐿𝑎
𝑣𝑎

 
 
 
 
 
 

 
 
 
 
  

𝐾𝑎
4. 𝑡∞. 𝑡𝑝 . 𝑡𝑏 . 𝑡𝑓

𝑣𝑎
8. 𝜇𝑎

4
 

𝑎2

 𝐻 𝑏2

 
𝜇𝑎

2.𝐶𝑃𝑎 .𝐶𝑃𝑝

𝐾𝑎
2  

𝑐2

 
𝑣𝑎

2𝐿𝑝
2.  𝜌𝑎 .  𝜌𝑝

𝜇𝑎
2

 

𝑑2

 
𝐾𝑝

𝐾𝑎
 
𝑒2

 
𝐵𝑝 .𝑇𝑝

𝐿𝑎
  
𝑓2

 
𝑉𝑐 .𝑉𝑑𝑐

𝐿𝑎
6  

𝑔2

 
𝐼. 𝐿𝑝

𝜇𝑎 . 𝑣𝑎
2
 
2

 
𝛼𝑝

𝐿𝑝 . 𝑣𝑎
 

𝑖2

 
𝑣𝑎 .𝑀𝑐𝑖

𝐿𝑝
2. 𝜇𝑎

 

𝑗2

( Ѳi. N)k2

 
 
 
 
 
 

 
 
 
 
 

 

.....(15) 

iii) Mass of air flow (ma) 

 𝜋03 = 𝑓  
(𝜋01 )(𝜋02 )(𝜋03 )(𝜋04 )(𝜋05 )

(𝜋06 )(𝜋07 )(𝜋08 )(𝜋09 )(𝜋10 )(𝜋11 )
  

 
𝑚𝑎

𝐿𝑎 . 𝜇𝑎
 

= 𝑓

 
 
 
 

 
 
  

𝐾𝑎
4. 𝑡∞. 𝑡𝑝 . 𝑡𝑏 . 𝑡𝑓

𝑣𝑎
8. 𝜇𝑎

4
  𝐻  

𝜇𝑎
2.𝐶𝑃𝑎 .𝐶𝑃𝑝

𝐾𝑎
2  

 
𝑣𝑎

2𝐿𝑝
2 .  𝜌𝑎 .  𝜌𝑝

𝜇𝑎
2

  
𝐾𝑝

𝐾𝑎
  

𝐵𝑝 .𝑇𝑝

𝐿𝑎
  

 
𝑉𝑐 .𝑉𝑑𝑐

𝐿𝑎
6   

𝐼. 𝐿𝑝

𝜇𝑎 . 𝑣𝑎
2
  

𝛼𝑝

𝐿𝑝 . 𝑣𝑎
  

𝑣𝑎 .𝑀𝑐𝑖

𝐿𝑝
2 . 𝜇𝑎

 ( Ѳi. N)
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𝑚𝑎 = 𝐾3. 𝐿𝑎 . 𝜇𝑎

 
 
 
 
 
 

 
 
 
 
  

𝐾𝑎
4. 𝑡∞. 𝑡𝑝 . 𝑡𝑏 . 𝑡𝑓

𝑣𝑎
8 . 𝜇𝑎

4
 

𝑎3

 𝐻 𝑏3

 
𝜇𝑎

2.𝐶𝑃𝑎 .𝐶𝑃𝑝

𝐾𝑎
2  

𝑐3

 
𝑣𝑎

2𝐿𝑝
2.  𝜌𝑎 .  𝜌𝑝

𝜇𝑎
2

 

𝑑3

 
𝐾𝑝

𝐾𝑎
 
𝑒3

 
𝐵𝑝 .𝑇𝑝

𝐿𝑎
  
𝑓3

 
𝑉𝑐 .𝑉𝑑𝑐

𝐿𝑎
6  

𝑔3

 
𝐼. 𝐿𝑝

𝜇𝑎 . 𝑣𝑎
2
 
3

 
𝛼𝑝

𝐿𝑝 . 𝑣𝑎
 

𝑖3

 
𝑣𝑎 .𝑀𝑐𝑖

𝐿𝑝
2 . 𝜇𝑎

 

𝑗3

( Ѳi. N)k3  
 
 
 
 
 

 
 
 
 
 

 

.....(16) 

iv) Convective heat and mass transfer coefficient from crop 

to air (h) 

 𝜋04 = 𝑓  
(𝜋01 )(𝜋02 )(𝜋03 )(𝜋04 )(𝜋05 )(𝜋06)

(𝜋07 )(𝜋08 )(𝜋09 )(𝜋10 )(𝜋11 )
  

 
𝐿𝑝 . 

𝐾𝑎
 

= 𝑓

 
 
 
 

 
 
  

𝐾𝑎
4. 𝑡∞. 𝑡𝑝 . 𝑡𝑏 . 𝑡𝑓

𝑣𝑎
8. 𝜇𝑎

4
  𝐻  

𝜇𝑎
2 .𝐶𝑃𝑎 .𝐶𝑃𝑝

𝐾𝑎
2  

 
𝑣𝑎

2𝐿𝑝
2 .  𝜌𝑎 .  𝜌𝑝

𝜇𝑎
2

  
𝐾𝑝

𝐾𝑎
  

𝐵𝑝 .𝑇𝑝

𝐿𝑎
  

 
𝑉𝑐 .𝑉𝑑𝑐

𝐿𝑎
6   

𝐼. 𝐿𝑝

𝜇𝑎 . 𝑣𝑎
2
  

𝛼𝑝

𝐿𝑝 . 𝑣𝑎
  

𝑣𝑎 .𝑀𝑐𝑖

𝐿𝑝
2. 𝜇𝑎

 ( Ѳi. N)
 
 
 
 

 
 
 

 

 Nu = f

 
 
 
 

 
 
  

Ka
4. t∞. tp . tb . tf

va
8 . μa

4
  H  

μa
2. CPa . CPp

Ka
2  

 
va

2Lp
2.  ρa .  ρp

μa
2

  
Kp

Ka

  
Bp.Tp

La

   
Vhc .Vdc

La
6  

 
I. Lp

μa . va
2
  

αp

Lp . va

  
va . Mci

Lp
2. μa

 ( Ѳi. N)
 
 
 
 

 
 
 

 

Where  Nu is Nusselt Number 

h = K4

Ka

La

 
 
 
 
 
 

 
 
 
 
  

Ka
4. t∞. tp . tb . tf

va
8 . μa

4
 

a4

 H b4  
μa

2. CPa . CPp

Ka
2  

c4

 
va

2Lp
2.  ρa .  ρp

μa
2

 

d4

 
Kp

Ka

 
e4

 
Bp.Tp

La

  
f4

 
Vhc .Vdc

La
6  

g4

 
I. Lp

μa . va
2
 

h4

 
αp

Lp . va

 

i4

 
va . Mci

Lp
2. μa

 

j4

( Ѳi. N)k4

 
 
 
 
 
 

 
 
 
 
 

 

                                                                 .....(17) 

v) Heat energy required for drying crop (Q) 

 π05 = f  
(π01 )(π02 )(π03 )(π04 )(π05 )(π06 )

(π07 )(π08 )(π09 )(π10 )(π11 )
  

 
Q

La . va
2. μa

 

= f

 
 
 
 

 
 
  

Ka
4. t∞. tp . tb . tf

va
8 .μa

4
  H  

μa
2. CPa . CPp

Ka
2  

 
va

2Lp
2.  ρa .  ρp

μa
2

  
Kp

Ka

  
Bp.Tp

La

   
Vhc .Vdc

La
6  

 
I. Lp

μa . va
2
  

αp

Lp . va

  
va . Mci

Lp
2. μa

 ( Ѳi. N)
 
 
 
 

 
 
 

 

Q

= K5 . La . va
2 . μa

 
 
 
 
 
 

 
 
 
 
  

Ka
4. t∞. tp . tb . tf

va
8. μa

4
 

a5

 H b5

 
μa

2. CPa . CPp

Ka
2  

c5

 
va

2Lp
2.  ρa .  ρp

μa
2

 

d5

 
Kp

Ka

 
e5

 
Bp.Tp

La

  
f5

 
Vhc .Vdc

La
6  

g5

 
I. Lp

μa . va
2
 

h5

 
αp

Lp . va

 

i5

 
va . Mci

Lp
2. μa

 

j5

( Ѳi. N)k4

 
 
 
 
 
 

 
 
 
 
 

 

                                                                          .....(18) 

vi) Efficiency of heat collector plate (ηc) 

 π06 = f  
(π01 )(π02 )(π03 )(π04 )(π05 )

(π06 )(π07 )(π08 )(π09 )(π10 )(π11 )
  

 ηc = f

 
 
 
 

 
 
  

Ka
4. t∞. tp . tb . tf

va
8. μa

4
  H  

μa
2 . CPa . CPp

Ka
2  

 
va

2Lp
2.  ρa .  ρp

μa
2

  
Kp

Ka

  
Bp.Tp

La

   
Vhc .Vdc

La
6  

 
I. Lp

μa . va
2
  

αp

Lp . va

  
va . Mci

Lp
2. μa

 ( Ѳi. N)
 
 
 
 

 
 
 

 

ηc = K6

 
 
 
 
 
 

 
 
 
 
  

Ka
4. t∞. tp . tb . tf

va
8 . μa

4
 

a6

 H b6  
μa

2. CPa . CPp

Ka
2  

c6

 
va

2Lp
2.  ρa .  ρp

μa
2

 

d6

 
Kp

Ka

 
e6

 
Bp.Tp

La

  
f6

 
Vhc .Vdc

La
6  

g6

 
I. Lp

μa . va
2
 

h6

 
αp

Lp . va

 

i6

 
va . Mci

Lp
2. μa

 

j6

( Ѳi. N)k6

 
 
 
 
 
 

 
 
 
 
 

 

                                                                                        ....(19) 

vi) % moisture Content (PMC) 

 π07 = f  
(π01 )(π02 )(π03 )(π04 )

(π05 )(π06 )(π07 )(π08 )(π09 )(π10 )(π11 )
  

 PMC = f

 
 
 
 

 
 
  

Ka
4. t∞. tp . tb . tf

va
8. μa

4
  H  

μa
2. CPa . CPp

Ka
2  

 
va

2Lp
2 .  ρa .  ρp

μa
2

  
Kp

Ka

  
Bp.Tp

La

   
Vhc .Vdc

La
6  

 
I. Lp

μa . va
2
  

αp

Lp . va

  
va . Mci

Lp
2 . μa

 ( Ѳi. N)
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PMC = K7

 
 
 
 
 
 

 
 
 
 
  

Ka
4. t∞. tp . tb . tf

va
8. μa

4
 

a7

 H b7

 
μa

2. CPa . CPp

Ka
2  

c7

 
va

2Lp
2.  ρa .  ρp

μa
2

 

d7

 
Kp

Ka

 
e7

 
Bp.Tp

La

  
f7

 
Vhc .Vdc

La
6  

g7

 
I. Lp

μa . va
2
 

h7

 
αp

Lp . va

 

i7

 
va . Mci

Lp
2. μa

 

j7

( Ѳi. N)k7

 
 
 
 
 
 

 
 
 
 
 

 

                                                                                          .....(20) 

The relationship between various parameters was unknown. 

The dependent parameter Π01 to  Π07  were bear an intricate 

relationship with remaining terms (ie. π1 to π11)  evaluated on 

the basis of experimentation. The true relationship is difficult 

to obtain. The possible relation may be linear, log linear, 

polynomial with n degrees, linear with products of 

independent πi terms. In this manner any complicated 

relationship can be evaluated and further investigated for 

error. Hence the relationship for Mco was formulated as: 

01 = k1 x (1)
a1 

x
 
(2)

b1 
x

 
(3)

c1 
x

 
(4)

d1 
x

 
(5)

e1 
x

 
(6)

f1 
x 

(7)
g1

....................... (11)
k1

  ….(21) 

Equation is modified as: 

Obtaining log on both sides we get, 

Log 01 = log k1+ a1log 1+ b1log 2+ c1log 3 + d1log 4 + 

e1log 5 + f1log 6 + g1log 7…. k1log 11 (22)                                                                                                              

This linear relationship now can be viewed as the hyper 

plane in seven dimensional spaces. To simplify further let us 

replace log terms by capital alphabet terms implies, 

Let,  Z1= log 31,    K1 =  log k1,  A = log 1,   B = log 2,  C = 

log 3,     D =  log 4,  E = log 5,           F = log 6    G = log 

7 .............K= log 11 

Putting the values in eqn. 7, the same can be written as   

Z1 = K1+ a1 A + b1 B + c1 C + d1 D + e1 E + f1 F + g1G.............. 

k1K  .(23) 

This is true linear relationship between A to K to reveal 01 

to 07 .Applying the theories of regression analysis, the aim 

is to minimize the error Error (E) = Ye – Yc. Yc is the 

computed value of 01 using regression equation and Ye is 

the value of the same term obtained from experimental data 

with exactly the same values of 1  ---- 11. Correlation and 

reliability were computed for model accuracy. 

IX. CONCLUSION 

Under this experimental investigation of thermal 

performance of solar air heater gives the temperature 

difference of atmospheric air and wooden box of solar air 

heater of near about 20  to 25 0C on a moderate sunny day. It 

is suitable air heater for producing hot air of space heating 

and agricultural drying applications.  After establishment of 

test points and test envelopes mentioned in this paper, the 

mathematical model for Mass of crop after drying, Time 

required  for drying crop, Mass of air flow, Convective heat 

and mass transfer coefficient from crop to air, Heat energy 

required for drying crop, Efficiency of heat collector plate, 

and  % moisture Content for solar drying operation can be 

easily established. 
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Abstract--The RC frame-shear wall building or dual system is a 

common form of reinforced concrete tall building. The frame 

are generally designed to independently resist 25%  of the 

design base shear and the rest 75% of the base shear is resisted 

by the shear walls. The present study is aimed at ascertaining 

the applicability of UPBD (Unified Performance-Based design) 

method in carrying out performance-based design of 

reinforced concrete frame- shear wall buildings for any given 

target performance objectives under specified hazard level. 

Frame-shear wall  buildings of heights 16 storey and 20 storey 

have been considered as sample buildings. The target 

performance objectives considered is IO performance level 

with 1% drift. For analysis and design of buildings, SAP2000 

v14 has been used . Beams and columns have been modeled as 

frame elements and shear walls have been modeled as wide 

columns. Beam and shear wall sizes have been obtainedusing 

UPBD method and column sizes have been taken according to 

demand maintaining 3% to 4% of steel in column. Nonlinear 

default hinges are assigned to column and beam elements as 

per FEMA 356. User defined hinges have been provided to 

shear wall as per FEMA 356. For nonlinear time history 

analysis, spectrum compatible ground motions (SCGM) have 

been used. 

I.     INTRODUCTION 

eneral:Reinforced Concrete frame-shear wall building 

is a common form of reinforced concrete tall buildings. 

The frame-wall structure is also known as a dual system. 

Typically, it consists of an assembly of shear walls and 

moment-resisting frames. In the present paper the effect of 

frame shear wall building without infill struts has been 

studied. The design method used is UPBD method. 

Performance-Based Design:InPerformance-based design 

(PBD) method a structure is designed for some target 

performance objectives under specified hazard level. The 

PBD methodology is the deformation-based design rather 

than a force-based design. Therefore, due consideration is 

given to the nonlinear behavior of the structure. PBD 

methods differ from codal method in the way that here the 

building is designed for a set of target performance 

objectives. In codal design, it is not possible to design a 

building for a laid down performance-objectives. 

II. LITERATURE REVIEW 

Fajfar(2000)presented a nonlinear analysis method for 

performance based seismic design. The method is 

formulated in the acceleration displacement format which 

enables the visual interpretation of the procedure and the 

relation between the basic quantities controlling  the seismic 

response.  

Sullivanet al.(2003)presented the limitations and 

performances of different displacement based design(DBD) 

methods. This paper presents the findings of a study that 

uses eight different DBD methods to undertake the seismic 

design of five different case studies. Some significant 

limitations with the eight methods have been identified 

through their application to realistic examples. 

Kappos and Gregories(2004) presented PBD procedure of 

realistic 3DRC buildings. Pettinga and Priestly (2005) 

presented the direct displacement based design methodology 

for reinforced concrete tube frame structures. An improved 

design displacement profiles and equivalent lateral force 

distribution were developed for the DDBD method. 

Sullivanet al.(2006) presented the procedure of direct 

displacement based design of frame wall structures. Within 

the new procedure, strength proportions  between the walls 

and frames are assigned and are used to establish the design 

displacement profile. This paper also gives an expression for 

the equivalent SDOF system or equivalent viscous damping 

that takes into account the frame-wall interaction. 

Priestly et al. (2007) presented a book on Displacement 

Based seismic design of structures. This book gives the full 

details of the procedure of displacement based design 

structures. 

Choudhury (2008) improved the DDBD method of 

Sullivanet al.  (2006) byincorporating both performance 

level and drift limit together. The method was called as 

UnifiedPerformanceBasedDesign(UPBD)method. 

 

Singh and Choudhury(2013) established a new approach in 

UPBD method so that the estimation of column size was 

incorporated in the design. 

 

III.DIRECT DISPLACEMENT BASED DESIGN (DDBD) 

OF FRAME-WALL STRUCTURES 

The direct displacement based design of frame wall 

structure is given by Sullivan, et al.(2006). Various steps 

have to be followed for seismic design of frame- wall 

structures. The MDOF system has to be converted into an 

equivalent SDOF system by assigning strength proportions 

and subsequently using moment profile in the walls to set a 

design displaced shape. The required effective period and 

stiffness of the structure is determined using the substitute 

structure approach. The design base shear is obtained 

though multiplication of the effective stiffness by design 

displacement. The wall inflection height isestablished by 

assigning strength proportion to the members. The storey 

shear and consequently the moment in the walls are used to 

establish the inflection height (ℎ𝑖𝑛𝑓 ) in the walls, where the 

G 
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moment and curvature is zero. The inflection height will be 

used to find the displacement of the structure at yield of the 

walls and to develop the design displacement profile. 

Equivalent single degree of freedom (ESDOF) properties 

are determined using the following relations: 

Design displacement∆𝑑=  𝑚𝑖∆𝑖
2𝑛

𝑖=1 / 𝑚𝑖∆𝑖
𝑛
𝑖=1  

Effective mass          𝑚𝑒 =  𝑚𝑖∆𝑖
𝑛
𝑖=1 /∆𝑑  

Effective height        𝐻𝑒 =  𝑚𝑖∆𝑖ℎ𝑖
𝑛
𝑖=1 / 𝑚𝑖∆𝑖

𝑛
𝑖=1  

Where, ℎ𝑖 = storey height, 𝑚𝑒 = effective mass of the 

structure, 𝐻𝑒  = effective height, 𝑚𝑖= seismic mass of i-th 

floor. 

Frame and wall ductility demand are determined. 

The yield displacement profile of wall is given by, 
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The equivalent viscous damping for the frame and walls is 

obtained adding the elastic and hysteretic component 

together as follows, 
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Where eis equivalent viscous damping of system, 𝑀𝑊  is 

wall moment, 𝑀𝑂,𝐹  is frame overturning moment, 𝜉𝑊  is 

equivalent damping of wall,  𝜉𝐹 is equivalent damping of 

frame. 

The effective stiffness (Ke) is determined by, 
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Here, Te is obtained from displacement spectra 

corresponding to d . 

The base shear (Vb) is determined , 

deb KV   

The base shear force (Vb) is distributed up the height of 

structures 
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Where the Fi is the portion of base shear applied at the i-th 

floor. 

IV.  UNIFIED PERFORMANCE BASED DESIGN 

(UPBD) METHOD FOR FRAME-WALL BUILDINGS 

Choudhury (2008) has further improved the Direct 

Displacement Based Design of frame wall buildings 

proposed by Sullivan etal.(2006), by combining the inter-

storey drift and performance level through theoretical 

treatment. The performance level of building is related 

directly with the beams size. The beam depth is given by, 

ℎ𝑏 = 0.5𝜀𝑦 𝑙𝑏/(𝜃𝑑 − 𝜃𝑝𝑏 ) 

Where, ℎ𝑏  is depth of beam, 𝜀𝑦  is yield strain of rebar, 𝑙𝑏  is 

length of beam, 𝜃𝑑  is design drift and 𝜃𝑝𝑏  is plastic rotation 

in beam corresponding to the performance level considered. 

The width of beam as kept half to two-third of beam depth. 

The length of the frame wall is given by, 

𝐿𝑤 = 𝜀𝑦ℎ𝑖𝑛𝑓 /(/(𝜃𝑑 − 𝜃𝑝𝑊 ) 

Where, 𝐿𝑤 is horizontal length of wall, 𝜀𝑦  is yield strain of 

rebar, ℎ𝑖𝑛𝑓  is height of inflexion, 𝜃𝑑  is design drift and 𝜃𝑝𝑊  

is plastic rotation in wall corresponding to the performance 

level considered. The thickness of wall is obtained from 

base shear consideration and number of wall used in a 

particular direction. 

The inflection height of the frame shear wall building is 

calculated by finding the moments carried by shear wall.The 

vertical distribution of wall moment found out by 

subtracting the linear distribution of frame moments from 

the total overturning moments. At the wall moment , there 

exist a contra flexure point and the height up to that point 

from the base is the inflection height. 

 

V.SCOPE OF THE PRESENT WORK 

In the present study, reinforced concrete frame-shear wall 

buildings with heights 20 storey  and 16 storey and are 

considered as sample buildings. IO target performance level 

is considered . Plan is shown in Fig. 1. Shear walls are 

shown in Fig. 1. 

The materials used in the structure are M30 grade concrete 

and Fe500 HYSD grade steel bars. 

For capacity design we used EC-8 2000 is used. The 

spectrum compatible ground motions have been generated 

by using software developed by Kumar (2004). 
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Fig. 2: SCGM (IS Spectra ) after Mammoth Lakes, 1980 Earthquake 

 

 
Fig. 3: IS Spectra and response spectra corresponding to SCGM. 

 

 

 

 

 

 

 

 

 

 

 

VI. RESULTS AND DISCUSSIONS 

The results obtained out of nonlinear analysis are discussed 

here. Sample SCGM is shown in Fig. 2. The match of the 

SCGM with IS design spectrum is shown in Fig. 3. Roof 

displacement histories have been captured for all floor levels 

along two orthogonal directions of the buildings. From this, 

the Interstorey Drift Ratio (IDR) have been computed. 

Fig. 4 shows the IDR diagram for 16-storey building along 

the short direction of the building. Fig. 5 shows the IDR 

diagram for the same building along the long direction of 

plan of the building. 

Fig. 6 and Fig. 7 show the IDR diagram for 20-storey 

building along the short and long direction respectively.  

From these IDR diagrams it is found that the buildings have 

achieved drifts less than 1% which was the target drift. 

Fig. 8 shows a typical pushover curve for 20-storey 

building. The curve shows that IO has been achieved. 
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Fig. 4: IDRfor 16-storey in short direction  

Fig. 1:(a) Plan; (b) & (c) Elevation of shear wall in long and 
short directions. 
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Fig. 5: IDRfor 16-storey in short direction 
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Fig. 8: Pushover curve for 20-story building 

Table 1: Target vs. achieved performance 

Buildings Target Achieved 

Drift PL Drift PL 

Short dir Long dir 

16 storey 1% IO 0.75 0.80 IO 

20 storey 1% IO 0.95 0.90 IO 

Table 1 gives the gist of the findings. It shows that the target 

performances have been achieved for the reported buildings. 

VII.CONCLUSION 

The performance of RC frame shear wall buildings designed 

with UPBD method have been evaluated. The performance 

have been evaluated under non linear static analysis (NSA) 

and non linear time history analysis (NLTHA). Within the 

purview of the study following conclusions have been 

drawn. 

1. The UPBD method for RC frame-shear wall buildings 

can be used for any target performance objective under 

any given hazard level. 

2. For the buildings considered it has been found that inter 

drift ratio (IDR) remained in the design drift limit. 

3. The target performance level for the buildings 

considered has been achieved. 
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Abstract - The ultimate expectation of the company is to make 

the people for purchase of product. The AIDA Model work in 

this process. The stages are Awareness, Interest, Desire and 

Action. The concept can also be explained through Levidge and 

Stonier model. The model states about the different stages i.e. 

Awareness, Knowledge, Liking, Preference, Conviction and 

Purchase. The sales promotion and advertising functions and 

stimulate the customer purchase decision in accordance with 

this model. Present research paper will examine the 

comparative effectiveness issue of Sales promotion and 

advertising measures. 

 

Keywords: Brand Decision, AIDA Model, Customer Purchase 

Decision, Sales Promotion, Advertising Measures. 

 

 

I. INTRODUCTION 

 

rand Management takes a decided approach to manage 

brand value. Presenting the brand at the middle of 

corporate strategy. It concentrates on the issues, problems 

and strategies influencing a brand‟s  and therefore a 

company's  performance and value, both in the short and 

long duration. For any company, performance is about 

„Competing for Choice‟ by all of its stakeholders, member 

customers, employees, partners, investors, and others. The 

brand is the central point for these stakeholders and is a 

important means of delivering value to them. Well-managed 

brands create value. As brands have become increasingly 

important, developing and managing a robust brand strategy 

has come to be recognised as a crucial core competence by 

many businesses. Companies always try to establish the 

contact with target market. This is a prestigious status for 

company to address the customers. Company wanted to 

enhance its image in the minds of common man so that in 

future, whenever it would be visited to customer court; it 

would be having enough matter to communicate the 

customers. The company presents its history products history 

and even national history. Companies have these processes in 

all continuance and consistency. Promotion is a term which 

means the moving from one end to another. in marketing, 

promotion means all those took that a marketer uses to take 

his product from the factory to the customers and it involves 

the advertising sales promotion, personal selling, public 

relations, publicity and merchandising. Promotions are result 

oriented. Promotion system works with proper 

communication system. This has sender, receivers and 

feedback systems. Feedback is form of action which 

customer gives bark to the company about product, 

advertisement or strategy. 

Promotion involves the following steps: 

(i) Common Understanding 

(ii) Demographic and psychographic profile 

(iii) Media habits 

(iv) Level of Awareness. 

The ultimate expectation of the company is to make the 

people for purchase of product. The AIDA Model work in 

this process. 

The stages are Awareness, Interest, Desire and Action. The 

concept can also be explained through Levidge and Stonier 

model. The model states about the different stages i.e. 

Awareness, Knowledge, Liking, Preference, Conviction and 

Purchase. The conclusively ends up with the purchasing of 

products. 

The sales promotion and advertising functions and stimulate 

the customer purchase decision in accordance with this 

model. Present research paper will examine the comparative 

effectiveness issue of Sales promotion and advertising 

measures. 

 

II. OBJECTIVES 

 

1. To study the brand selection process of shampoos. 

2. To assess the effect of promotion concept on 

shampoos. 

3. To study value addition factors. 

4. To investigate the effects of brand strategy 

measures. 

 

III. RESEARCH METHODOLOGY 

 

Exploratory research design is an appropriate for this 

research work. Sample size is 200 for these Products are 

given to consumers or customers are never remaining in the 

most original form. But it is packed, branded and surrounded 

by other related products and services. The consumers are 

more familiar about product offering than the product itself. 

Product comes in pack with brand name; its quality and 

safety is ensured through its guarantee and warranty; its tag 

gives its elements and uses and instructions; it is promised of 

after-sale services. The product support service make the 

consumers learn about the total offering. All these are 

important product related decisions which are tested at 

different times.  

 

IV. PRODUCT BRANDING 

 

Branding of products is of strategic importance. Product 

brand is an associated feature and is so important that due 

relative weightage is to be offered in product management 

and strategy formulation. At some point the company has to 

decide an effective brand name for the product. Brand, 

though, is a name, play important role than a mere ordinary 

name because; a brand is very much different than an 

ordinary name. „Brand‟ is a term consisting most ways of 

B 
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identifying a product. A brand is symbol, sign, a mark or 

name that acts as ways of communication to bring about an 

identity, image of a given product.. According to American 

Marketing Association, it is “a name, term, symbol or a 

design or a combination of them which is intended to 

identify the goods or services of one seller or group of sellers 

and to differentiate them from those of competitors”, usually, 

a brand is a composition of a name and mark. A brand name 

is the part of a brand which can be communicable aspect. It 

consists of words, letters and Rs. or numbers. The best 

examples of brand names are: SURF, Lifebuoy, Colgate, 

Wim. 

„Branding‟ on the other hand, is the process of finding and 

fixing the means of recognition. It is like   naming the family 

member. Products are like a family member of producers. 

Products are not brought into world by accident. There is a 

conscious effort to give birth. Once, a product gets shape, it 

needs recognition. 

When a brand has a legal approval, protection or sanction 

and the right to its exclusive use by its manufacturer, it 

becomes a trade-mark. Generally, the letter „R‟ is shown to 

the brand name to denote its legal position. In Indian system, 

brands can be registered as trade-marks under Trade and 

Merchandise Mark Act of 1958.  

Nobody is away from this creative task of branding that 

provides merits to the consumers and marketers. However, 

branding is having its own limitations.  

V. MERITS TO CONSUMERS 

 
1. It Features quality and value. Whenever a product is 

differentiated by means of brand, the consumer has 

promise of assurance, quality, and consistency. A 

branded product is a quality product with right 

value for money. 

2. It values position. Whenever a person makes a use 

of particular branded product, he or she has a 

feeling that he or she belongs to a special class of 

customer. The brand is a status builder. In today‟s 

world of personal distinction, one is particular about 

the brand of product  

3. It saves time and effort. Good deal of time and 

energy can be managed in shopping for goods, if 

they branded. A branded product renders product 

identification much convenient and convincing. 

This is of importance in marketing.  

 

VI. MERITS TO MARKETERS 

 

1. It is a massive value brand is considered as a major 

intangible property because, all the physical assets 

such as plant, equipment, building, inventory, 

stocks and bonds have the limitation that they can 

be duplicated or copied very easily. However, it is 

difficult to duplicate the brand names..  

2. It is promotional tool. Sales promotion is based on 

the basic idea of product differentiation. Most 

companies prefer to compete on a non-price basis. 

This difference is with brand. Major way for 

product promotion is advertising but it is of no use 

without product brand name. They have a 

communication value 

3. It cares market. Once a consumer has tried and 

accepts a product, the brand enables him or her to 

identify it so well that he is motivated to buy it 

repeatedly. . Thus brand reputation ensures market 

control as repeat sales become more likely. Branded 

products have more price stability and price stability 

enhances the products image.  

4. It is a way for survival of middlemen. If a product 

wins consumer reputation, the manufacturers gain 

command on production, distribution and 

distribution net-work. Image on the market place 

guarantees that customers will demand the product 

from distributors. This gives the powerful 

bargaining position with suppliers and distributors... 

A reputation built by a brand for its owner is an 

antidote for middleman‟s hesitation and hostile 

attitude that they have at first sight.  

5. Means of identification. Branding is the simplest 

manner of identifying a product or a service that a 

customer wants. For him, a brand is value, quality, 

personality, prestige and the image. Consumer uses 

brand image as a symbol for quality. A branded 

product is unique one in his mental sphere. Even an 

uneducated who does not know the alphabets will 

identify by symbol.  

6. Facilitates product-line expansion. A well-known 

brand name can be of use for the company for 

expansion of its product-line. It will provide 

consumer acceptance of the new products because 

of its brand reputation.  

7. Though it is a kind of brand strategy that has role in 

selection of  a good brand name. Selecting a right 

and meaningful brand name is one of the most 

important elements in developing a new product. 

Good product with ordinary name may not sell ever.  

Changing or modifying the name is almost 

impossible once it is chosen and product is released.. 

There are different ways in which brands are 

classified. The most obvious ways are three namely,  

8. Individual brand names are those where each 

product has a special and distinct brand name.. On 

the other hand, family brand names are used in a 

product-line of a company. one which is identified 

by the people as one through-out the nation. Thus, 

Lipton‟s „Dalada‟ brand Vanaspati is the finest 

example of national brand. If the same Vanaspati is 

identified in different states by varying brands, it is 

regional brand. Thus, it can be „Camel‟ brand in 

Rajasthan, „Everest‟ in northern states, „Ganesh‟ in 

southern states, „Kali‟ brand in the eastern states.  

 

VII.   BRAND STRATEGIES 

 

To introducing any product in a market, a viable branding 

policy or strategy is to be decided.  A company is likely to 

fix any one or combination of the classes of brands and 

design its own branding strategy. Normally, there are five 

brand strategies open to a firm.  
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Single brand product strategy:  It is that practice where the 

marketer uses only one brand name for all the products sold 

by him irrespective of the fact that name may be an 

individual or a company or a family 

Multi-brand product strategy: Multi-brand strategy signifies 

that practice where the manufacturer or the marketer offers 

more than one brand in a product category.  

Distributors or private brand strategy: This is a brand 

strategy under which the producer prefers to sell products 

under dealers or distributors name. This is the case with 

small and medium manufacturers who rely on dealers for 

product success. .  

 

VIII. BENEFITS 

 

Whenever the manufacturer is not trusted of his new product 

progress as to quality and price expectations of consumers, 

At times, a manufacturer not having broad—based financial 

and marketing back-ground and support, he has not option 

than to salute the private brand strategy. A good brand name 

should: 

1. be legally protect  

2. be easy to communicate  

3. be easy to memorize  

4. be easy to identify  

5. attract concentration 

6. product benefits  

7. company or product image  

8. product's positioning relative to the competition  

A premium brand typically costly than other products. An 

economy brand is a brand targeted to economic customer. A 

fighting brand is a brand specifically to counter a competitor 

threat.. When all a company's products are given different 

brand names, this is referred to as individual branding. When 

a company uses the brand equity associated with an existing 

brand name to introduce a new product or product line, this 

is referred to as brand leveraging.  

Brand rationalization refers to maintain the number of brands 

marketed by a company. Companies tend to create more 

brands and product differences within a brand than 

economies of scale suggest they should. Frequently they will 

create a brand for each market that they target. Many brand 

managers limit themselves to setting financial objectives. 

They ignore strategic objectives because they feel this is the 

responsibility of senior management.  

 Most product level or brand managers limit 

themselves to setting short term objectives because 

their compensation packages are designed to reward 

short term behaviour. Short term objectives should 

been seen as milestones towards long term 

objectives.  

 Often product level managers are not given enough 

information to construct strategic objectives.  

 It is sometimes difficult to translate corporate level 

objectives into brand or product level objectives. 

Changes in shareholders equity are easy for a 

company to calculate. It is not so easy to calculate 

the change in shareholders equity that can be 

attributed to a product or category. More complex 

metrics like changes in the net present value of 

shareholders equity are even more difficult for the 

product manager to assess.  

 In a diversified company, the objectives of some 

brands may conflict with those of other brands. Or 

worse, corporate objectives may conflict with the 

specific needs of your brand. This is particularly 

true in regards to the trade-off between stability and 

riskiness. Corporate objectives must be broad 

enough that brands with high risk products are not 

constrained by objectives set with cash cow's in 

mind (see B.C.G. Analysis). The brand manager 

also needs to know senior managements harvesting 

strategy. If corporate management intends to invest 

in brand equity and take a long term position in the 

market (ie. penetration and growth strategy), it 

would be a mistake for the product manager to use 

short term cash flow objectives (ie. price skimming 

strategy). Only when these conflicts and tradeoffs 

are made explicit, is it possible for all levels of 

objectives to fit together in a coherent and mutually 

supportive manner.  

 Many brand managers set objectives that optimize 

the performance of their unit rather than optimize 

overall corporate performance. This is particularly 

true where compensation is based primarily on unit 

performance. Managers tend to ignore potential 

synergies and inter-unit joint processes.  

Branding is not only a name but an association for the 

company. The challenge lies with branding   is to   create a 

positive linkages with the brand. Companies will have to 

promote not only the attributes but the benefits also. 

Competitors will also be monitored as they should not be 

able to copy the brand ideas. Promotion of single attribute 

will not be much gaining. Companies try to follow the 

promotion of multiple attributes. 

The most admiring definition of the branding is to have a 

relation with the values, culture and the personality. 

Branding strategy of brands must contain these factors. 

Dilution on any of these will   shrink the brand image. 

Nirma has launched new campaign with Camay. As the 

efforts are to make reach of Camay in other segments also. 

The campaign reinforces the image of Camay as an ideal 

skincare soap." customer satisfaction research is important. 

However, it is often not useful due to flawed approaches and 

methodologies 

 

IX. DATA ANALYSIS 

 
TABLE I 

USE OF BRANDS 

 

Clinic Plus 30% 

Pentene 42% 

Head & Shoulder 28% 

 

This shows that Pentene is there with most users. Clinic plus 

and Head and shoulder are in second and position. The 

brands have various likeliness due to which they perform 

differently. 

 

http://en.wikipedia.org/wiki/Positioning_(marketing)
http://en.wikipedia.org/wiki/Target_market
http://en.wikipedia.org/wiki/Individual_branding
http://en.wikipedia.org/wiki/Brand_equity
http://en.wikipedia.org/wiki/Product_lining
http://en.wikipedia.org/wiki/Economies_of_scale
http://en.wikipedia.org/wiki/B.C.G._Analysis
http://en.wikipedia.org/wiki/Penetration_pricing
http://en.wikipedia.org/wiki/Price_skimming
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TABLE II 

LIKELINESS OF PROGRAMME 

 

Clinic Plus 47% 

Pentene 20% 

Head & Shoulder 33% 

 

Clinic plus has got most likeliness about promotion 

programmes. It has got the acceptance due well design 

programme. Head and Shoulder is the II choice brand on the 

basis of sales promotion programme. The III choice is 

pentene. The sales promotion programme has got different 

performance level. 

 
TABLE III 

CLEAN LINES EFFECT 

 

Clinic Plus 27% 

Pentene 43% 

Head & Shoulder 30% 

 

Cleanliness has received maximum attention through 

Pentene. Head & Shoulder is the II contender. Pentene is the 

III cotender.Cleanliness is the important considerable factor 

in shampoo selection.  

 
TABLE IV 

CONFIDENT BRAND 

 

Clinic Plus 22% 

Pentene 30% 

Head & Shoulder 48% 

 

Head & Shoulder has maximum confidence by the customers. 

Pentene and Clinic Plus are other trusted brand. The 

consumers may have perception oriented situation. 

 
TABLE V 

PERIOD OF USAGE 

 

 Clinic Plus Pentene Head & Shoulder 

1-5 years 20% 32% 48% 

5-10 years 11% 40% 49% 

10-15 years 17% 40% 43% 

 

All the brands have different acceptability in different usage 

times. Head & Shoulder is in first choice position. Pentene is 

II consumed brand. Clinic Plus is III choice brand. The 

consumption factor shows the likeliness of association for 

the brand. 

 
TABLE VI 

CHANCES OF SWITCHOVER 

 

Strong 22% 

50% - 50% 30% 

No Chance 48% 

  

Users have limited chance of switch over. The no chance is 

maximum. 50% - 50% is II consideration. The strong 

chances are in minimum position. The individual factors may 

be important in this regard. The switchover factor plays an 

important role in defining the importance of brand for 

consumers. 

 
TABLE VII 

FACTORS OF ASSOCIATION 

 

Own decision 25% 

Family Trend 40% 

Advertising 35% 

 

Always the factors of association work in an important 

manner. Some factors of association are discussed here. The   

Family trend has the maximum impact. Advertisement is II 

important factor. Own decision will also be a important 

factor. 25% people go by their on decision. 

 
TABLE VIII 

ROLE MODEL AFFECT 

 

Film  35%  

Models  20% 

Reference  45%  

 

References have important role in the decision making of 

shampoos. Models also affect the decision of consumers. 

Films also play important role in decision for shampoo. 

 
TABLE IX 

PRICE FACTORS 

 

Yes 40% 

No 60% 

 

Price factors have no effect in the decision of shampoos. 40% 

favor the importance of price. 60% do not. 

 
TABLE X 

PACKAGING AS VALUE FACTOR 

 

Yes 90% 

No 10% 

 

Packaging is considered as important value factor.90% do 

the favour. 10% don‟t. 

 

X. CONCLUSION 

 

1. Advertising affect the decision making. 

2. Cleanliness is perceived as important factor 

3. The range of acceptability is different with respect 

to usage times 
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4. Switch over is possible with the time 

5. Family trends is a important role 

6. Packaging is a value addition 

 

XI. SUGGESTION 

 

1. Advertising can be more impact generating. 

2. Marketing Research can be practiced at the regular 

interval 

3. Packaging can be given more consideration 

4. Family Trend can be analysed in a specific manner 

5. Segmentation can be reviewed at regular interval. 
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Abstract- Various design codes provide us with the empirical 

formulae for fundamental time period of buildings. Most of 

these formulae consider building with no masonry infill where 

as some of the formulae consider the effect of masonry infill. In 

the present paper critical study has been made on  of 

fundamental time period formulae of buildings. The adequacy 

of the formulae have been tested by designing buildings of 

various plans and heights. 

Three building plans have been considered for analysis. RC 

frame buildings based on these plans were designed using 

SAP2000 v.16 software. For each the number of stories were 

varied from 2 to 5. The buildings have been first designed 

without infill and then infill was struts have been introduced as 

per equivalent strut models of FEMA-356.  Two types of 

equivalent strut models are considered, namely, concentric and 

eccentric struts. 

I.   INTRODUCTION 

he fundamental time period of a building is the time 

period given by the first mode of vibration. This time 

period is dependent on the lateral stiffness and mass of the 

building. Consideration of masonry infill in the calculation 

of time period of building is necessary as these infill walls 

contribute to a large extent to the lateral stiffness and also 

the mass of the building. Many codes does not consider the 

effect of infill, whereas some codes try to give empirical 

formulae based on certain parameters like base dimension, 

infill thickness etc. 

IS 1893:2002 recommends the following formula for 

moment resisting RC framed buildings with no infill panels: 

𝑇𝑎 = 0.075ℎ.075                             (1) 

Also IS 1893:2002 recommends the following empirical 

formula for buildings with masonry infill: 

 

  𝑇𝑎 =
0.09×ℎ

√𝑑
                       (2)                

 

Where, Ta is the empirical time period of building, 

h is the height of building from the base and d is the base 

dimension. Codes like NBC-105 1995; NSR-98 1998; 

ESCP-1 1983; suggest the same empirical formula for 

calculating the fundamental time period of a building with 

masonry infill. 

Eurocode-8 recommends the following empirical period 

formula: 

𝑇𝑎 = 𝐶𝑡ℎ
.75(3) 

Where, 𝐶𝑡 =
.075

√𝐴𝑐
  ,  𝐴𝑐 =  𝐴𝑖  0.2 +

𝑙𝑤𝑖

ℎ
 

2

,  \
𝑙𝑤𝑖

ℎ
≤ 0.9 

Where Ct is the correction factor for infill, Ac is the 

combined effective area of Infill in the first story, Ai is the 

effective cross+-sectional area of wall i in the first story, and 

lwi is length of the wall i in the first story in the considered 

direction. This formula can be used up to 40 m height.                          

French code AFPS 90-1990 recommends the following 

empirical formula: 

 𝑇 = 0.06 ×
ℎ

√𝑑
×  

ℎ

2𝑑+ℎ
                        (4) 

Costa Rican Code suggests the following formula for 

masonry infilled frame buildings: 

 

𝑇𝑎 = 0.08𝑁                     (5) 

Where N is the number of storeys in a building. 

Israeli seismic code SI-413 1995 recommends the following 

formula: 

𝑇𝑎 = 0.049ℎ.75                                      (6) 

Also, according to the Israeli code, the natural period 

calculated by any structural dynamics method shall not be 

larger than the following: 

 𝑇𝑎 = 0.068ℎ.75                                          (7) 

Algerian code 1998 specifies that T should be taken as the 

smaller value between the values given by the following 

equations: 

  𝑇𝑎 =
0.09×ℎ

√𝑑
  ,    𝑇𝑎 = 0.05ℎ.75  

The Empirical formulae give by the different codes 

have been compared by drawing the time period vs. height 

curve for each formula, considering fixed base dimension of 

20 m (Fig. 1) 

T 
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Fig. 1: Comparison of 𝑇𝑎  vs. H curves for empirical formulae of different 

Codes. 

 

II.  LITERATURE REVIEW 

Kaushiket al. (2006) presented a paper that 

concluded there is no single code that contains all the 

relevant information required for the seismic design of 

masonry infilled buildings. Most of the codes agree that 

masonry infilled RC frame buildings require special 

treatment, and they specify clauses on several important 

issues related to such buildings. However, the codes differ 

greatly in specifications of the individual clauses. George 

and Kanapitsas (2012) had presented a paper on evaluation 

of fundamental period of low-rise and mid-rise reinforced 

concrete buildings. They recommended an empirical 

formula for the estimation of the fundamental period of RC 

structures. Angel (2005) has submitted a thesis on 

Behaviour of concrete reinforced frames with masonry 

infill. Patel et al. (2011) presented a paper on effect of 

number of stories to natural time period of building. Their 

conclusion was, as the number of storeys increases natural 

time period increases although the height of the building 

remains same. Das and Murty (2004) presented a paper on 

Brick masonry infills in seismic design of RC framed 

buildings in which they discussed the equivalent braced 

frame method to consider the effect of infill in RC 

buildings. Uvaet al. (2012) presented a paper on the role of 

equivalent strut models in the seismic assessment of infilled 

RC buildings where they discussed different ways of 

modelling infill panels. They also considered a model using 

multiple struts in order to model the formation of brittle 

shear mechanisms at the nodes of the frames.Fiore et al. 

(2012) proposed that the simulation of the complex 

behaviour of infill walls can be achieved by modelling an 

infill panel, for each direction and for each sign  

of the seismic action, through two equivalent struts whose 

position is expressed in function of the aspect ratio of the 

panel. 

III. EQUIVALENT STRUT MODELS FOR INFILL 

PANELS 

Two types of equivalent strut models specified in 

FEMA-356. In first model compression struts representing 

infill stiffness of solid infill panels was placed 

concentrically across the diagonals of the frame, effectively 

forming a concentrically braced frame system. In the other 

model, compression struts was placed eccentrically within 

the frames only at the columns. The thickness of the infill 

struts is given by the following formula: 

 𝐴 = 0.175 𝜆1ℎ𝑐𝑜𝑙  
−0.4𝑟𝑖𝑛𝑓 (9) 

Where, 

𝜆1 =  
𝐸𝑚𝑒 𝑡𝑖𝑛𝑓 sin 2𝜃

4𝐸𝑓𝑒 𝐼𝑐𝑜𝑙 ℎ𝑖𝑛𝑓

 

1/4

 

hcolis the column height between centre lines of beams, in. 

hinfis the height of infill panel, in. 

Efeis the expected modulus of elasticity of frame material, 

ksi 

Emeis the expected modulus of elasticity of infill material, 

ksi 

Icolis the moment of inertia of column, in
4
. 

Linfis the length of infill panel, in. 

rinfis the diagonal length of infill panel, in. 

tinfis the thickness of infill panel and equivalent strut 

θis the angle whose tangent is the infill height to length 

aspect ratio, radians 

λ1is the coefficient used to determine equivalent width of 

infill struts. 

 

IV. RESULTS FROM THE PRESENT STUDY 

The fundamental time period calculated from the 

analytical models are compared by graphical representation: 

1. Building Plan 1. 
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Fig. 2: Building Plan 1 



International Conference on Multidisciplinary Research & Practice                                                              P a g e  | 81 
 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 
 

 

 

 
 

 

Fig. 3: T vs. H curve for Building Plan 1 with concentric and eccentric strut 

models. 

2. Building Plan 2: 

 

 

 

 

 

 

 

 

 

 

 

 

 

 
 

 

Fig. 5: T vs. H curve for Building Plan 2 with concentric and 

eccentric strut models. 

 

 

 

3. Building Plan 3: 

. 

 

 

 

 

 

 

The average of time periods of all the building 

models with infill struts were calculated and they were 

compared with the time period curve drawn using the 
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Fig. 6: Building Plan 3 

 

Fig. 7: T vs. H curve for Building Plan 3 with concentric and eccentric 

strut models. 
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empirical formula given in IS-1893-2002 for infilled frame. 

Base dimension was taken as 20 m. 

 

Fig. 8: T vs. H curve for Equivalent concentric Strut model, Equivalent 

eccentric Strut model and IS-1893 empirical formula for infill 

V.  CONCLUSIONS 

 

1. The empirical formulae for fundamental time period of 

a building given by various codes has similar approach 

but the periods diverge with increase of height of 

building.  

2. Infill panels affect greatly the time period of a building 

as it imparts a great lateral stiffness to  RC frame 

building.  

3. The time period calculated after applying equivalent 

struts for infill is almost 60% less than the time period 

of the same building when infill effect was neglected. 

4. The equivalent Eccentric Strut model gives more time 

period than the Equivalent Concentric Strut model 

although the difference is very less. 

5. The IS codal period formulae seems to be conservative 

as the time periods of buildings with strut models are 

higher than the codal period values. 
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Abstract— Unnecessary utilization of the cellular telephones 

has expanded a requirement for creating mixed bag of light 

weighted Operating Systems and additionally applications that 

would encourage client prerequisites. Recently, advanced 

mobile phones have become fundamentally regarding both 

transforming and client interface which will fulfill the 

developing pervasive requests of client. We emphatically see 

that confinements in existing following based applications will 

handicap the adaptability of utilizing cell telephones within any 

area, whenever, by anybody. Subsequently, requesting the 

requirement for Ubiquitous applications to be conveyed in a 

PDA. This paper goes for creating a coordinated application in 

particular Location Based Intelligent Mobile Organizer that 

will encourage client with area mindful administrations. 

Retailers could likewise distribute their item rebate data by 

enlisting into our approved site. All clients with this stacked 

application will procure huge profit through this application. 

The proposed work is to be implemented utilizing JDK 1.6 

(Java Development Kit), Eclipse and Android 4.2 (Google 

programming interface) introduced on Windows Operating 

System. Being at a state of investment client will be capable 

partner errand and perspective the markdown data as 

portable alarms. This proposed application is coordinated into 

a pervasive gadget and can structure as a necessary piece of 

our routine exercises. 

Keywords—GPS, Android, SQLite, Google Analytics, Mobile 

Tracking. 

I.    INTRODUCTION 

lobal
 [1]

 Positioning Systems is a top need engineering 

utilized for finding a gadget position precisely. 

Procedure for following is possible utilizing a GPS recipient 

which is an extra equipment coordinated in the vast majority 

of versatile supplies. We have utilized GPS as the 

methodology thought for area following. The stage utilized 

for improvement is Android Operating System Customer 

inviting client interface letting client to enter the errand and 

store it for future recovery is carried out utilizing the select 

SQLite inbuilt database accessible in Android versatile. 

Client can adjust errand related to any area and recovering 

points of interest as caution before arriving at a fancied area 

of investment. Client entering into this application is given a 

choice for uniting with the database in order to confirm the 

area redesigns. Data is then conveyed at the opportune time 

in the ideal spot to the perfect individual. The portable client 

will likewise have the capacity to get retail offers and rebate 

data in the encompassing by this keen spectator 

module.
[3]

SQLite is an in-process library that implements a 

self-contained, server less, zero-configuration, transactional 

SQL database engine. It is the one database, which is zero-

configured, that means like other database you do not need 

to configure it in your system. SQLite engine is not a 

standalone process like other databases, you can link it 

statically or dynamically as per your requirement with your 

application. The SQLite accesses its storage files directly. 

Major features include: 

SQLite does not require a separate server process or system 

to operate.(server less). 

 SQLite comes with zero-configuration, which 

means no setup or administration needed. 

 A complete SQLite database is stored in a single 

cross-platform disk file. 

 SQLite is very small and light weight, less than 

400KiB fully configured or less than 250KiB with 

optional features omitted. 

 SQLite is self-contained, which means no external 

dependencies. 

 SQLite transactions are fully ACID-compliant, 

allowing safe access from multiple processes or 

threads. 

 SQLite supports most of the query language 

features found in the SQL92 (SQL2) standard. 

 SQLite is written in ANSI-C and provides simple 

and easy-to-use API. 

 SQLite is available on UNIX (Linux, Mac OS-X, 

Android, iOS) and Windows (Win32, WinCE, 

WinRT). 
[4]

Google Analytics is a service offered by Google  that 

generates detailed statistics about a website's traffic and 

traffic sources and measures conversions and sales. It's the 

most widely used website statistics service. The basic 

service is free of charge and a premium version is available 

for a fee. 

Google Analytics can track visitors from all referrers, 

including search engines and social networks, direct visits 

and referring sites. It also tracks display advertising, pay-

per-click networks, email marketing and digital collateral 

such as links within PDF documents. 

II.    PROPOSED METHODOLOGY 

Most guaranteeing sort of relevant data is the closeness 

determination known as Location Based Service Tracking 

area of a cell phone precisely. The area has been a testing 

G 
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exploration point for quite a long time
.[2]

 Global Positioning 

Systems is a top need engineering utilized for placing a 

gadget position precisely. Approach for following is 

possible utilizing a GPS beneficiary which is an extra fitting 

incorporated in the majority of portable devices. We have 

utilized GPS as the methodology thought for area following. 

The stage utilized for advancement is Android Operating 

System, is been demonstrated as the best working 

framework for a connection mindful area based 

administrations. Client well disposed client interface letting 

client to enter the undertaking and store it for future 

recovery is carried out utilizing the selective SQLite inbuilt 

database accessible in Android versatile. Client can adjust 

undertaking related to any location and can receive subtle 

elements as alarm before arriving at a location. Client 

entering into this application is given an alternative for 

associating with the database to check the area upgrades. 

Data is then conveyed at the ideal time in the correct spot to 

the perfect individual. The portable client will likewise have 

the capacity to get retail offers and rebate data in the 

encompassing by this android onlooker module. 

 

Google Analytics can be used to track mobile related info. 

Once user account is created and the application code 

configured the application sends periodic info regarding 

location information for the user. The information is 

generated and recorded as report. If a user loses device, this 

feature can be used to track the location of the device. The 

Google Analytics also has the feature of tracing real-time 

event and information. The application sends periodic 

information from certain modules in the application so as to 

trace realtime events in the device. 

 

 

 

 

 

 

\ 

 

 

 

 

 

 

III.  EXPECTED OUTCOME 

Including Task: Task is entered and stored in the SQLite 

database. Area reminder alert is performed utilizing the GPS 

administration. Changes in area can be updated also using 

Android. The area change is compared with the database 

information to check whether there are information related 

to the current area.  

 

Tracking Location: Location application will get the task 

data from client and will listen for area changes. The new 

co-ordinates are gone to administration routine composed 

for taking care of tracking .  

 

Task showed as alert: User can adjust assignment related to 

any area and recovering subtle elements as alarm before 

arriving at a specified area. Client entering into this 

application is given a choice for uniting with the database in 

order to confirm the area updates. Data is then conveyed at 

the correct time in the opportune spot to the user.  

 

Transfer retail discount: Retailers could likewise distribute 

their item rebate data. Once done, the administrative 

privileges of transferring discount data are given to the 

retailer.  

 

Review retail rebate data: The client will likewise have the 

capacity to get retail offers and discount data in the 

encompassing by this clever eyewitness module. Client will 

be capable partner assignment and perspective the rebate 

data as mobile alerts. 

IV.   CONCLUSION 

Future fight in the telecom business is slightest anticipated 

that will be focused around the equipment or the 

peculiarities like SMS and call cost, yet the fight would be 

focused around the upgraded client  well disposed 

applications gave by the administration supplier and 

versatility for such applications gave by gadget makers. 

Setting up of framework for an area based administration 

utilizing the GPS info, to alert a client on arriving at a 

specified area is copied utilizing the Android platform 

effectively. Subsequently this Location based  intelligent 

mobile organizer and application utilizing GPS following is 

produced in order to include compose clients' assignment 

wisely. 
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Abstract - The Bhopal Gas Disaster, of 2nd-3rd December, 

1984, caused by a “run-away chemical reaction” of Methyl 

IsoCyanate stored in a Stainless Steel Tank, of UCIL (Union 

Carbide of India Ltd) Factory, is undoubtedly the worst 

chemical disaster of the world. The sheer magnitude of the 

industrial catastrophe has aroused the conscience of the 

world. The incriminated Tank 610 E of the „Pesticide Plant‟ 

of Union Carbide Corporation (UCC) in Bhopal was 

maintained by its Indian counterpart, Union Carbide India 

Limited (UCIL). Unlike minor accidents in their US Plants, 

immediately following the chemical run-away reaction of 

Methyl IsoCyanate (MIC) in Bhopal, there was a massive 

release of toxic gases into the atmosphere which spread 

rapidly over a densely populated area of Bhopal City, the 

capital of Madhya Pradesh, India. In this paper, we present 

and analyse various aspects of the leak of toxic gas from the 

Union Carbide Plant at Bhopal, India in December 1984. 

The physicochemical properties of the deadly methyl 

isocyanate (MIC) and its biological activity, as well as the 

probable causes of the accident, are discussed. The role of 

meteorology and topography with regard to the dispersion 

process is also documented. The Mechanical and Human 

both errors considered in these study. By the Toxic 

simulation study rectify the results. For the Simulation 

ALOHA (AREAL LOCATIONS OF HAZARDOUS 

ATMOSPHERES,5.4.4) software is used, developed by 

National Oceanic and Atmospheric Administration, USA 

which is available on the respected sites. The model output 

gives an estimate of the ground level concentration and the 

approximate time of arrival of the plume front in the various 

affected localities. 

Dry deposition and the aqueous phase conversion of MIC 

with the humid atmosphere were also featured in the model. 

The model results seem to be fairly well correlated with the 

scantily available mortality distribution records. The Bhopal 

Gas Leak shows us the complexity of the chemical society we 

live in today. The fact is, that we do not know which 

compounds we might be exposed to from chemical plants, 

and we do not know in what way and to which degree these 

compounds are harmful to us, in the short-term and in the 

long-term. The NGOs and trade unions usually fight for 

what is best for human beings. But we must realise that this 

is not the primary goal of a company. What is good for a 

company is not always good for the people. For the people, 

and for public health, it is good with small income 

differences, strong working rights legislation, protection of 

water and ground, manpower-rich companies and the 

making of strong demands on the company concerning the 

work environment and the environment as a whole. For the 

companies it is good to have few employees, ease in 

exchanging the labourers, an unsafe labour market which 

leads to the employed working hard and keeping silent and 

low demands on the work environment and environment. 

I. INTRODUCTION 

 

he atmosphere, which makes up the largest fraction of 

the biosphere, is a dynamic system that continuously 

absorbs a wide range of solids, liquids, and gases from 

both natural and man-made sources. These substances 

travel through air, disperse, and react with one another 

and with other substances both physically and chemically. 

Most of these constituents, eventually find their way into 

a depository such as the ocean, or to a receptor such as 

man. Some substances such as helium, however, escape 

from the biosphere. Others such as carbon dioxide may 

enter the atmosphere faster than they enter a reservoir and 

thus gradually accumulate in the air.  

 

UCIL (Union Carbide India Limited) was incorporated in 

India in 1934. In 1969, the Bhopal Plant begun operations 

as a pesticide formulations plant on land leased from the 

Indian State of Madhya Pradesh. As a formulations plant, 

UCIL imported the chemical components of pesticide 

products and mixed the final product, such as the “Sevin” 

pesticide, in India. At that time, UCC owned 60% of 

UCIL. In the latter half of the 1970s, the Bhopal Plant was 

back-integrated into a facility capable of manufacturing 

the pesticides itself; in connection with this project, 

UCC‟s (Union Carbide Company) ownership interest in 

UCIL was reduced to 50.9%. The Bhopal Plant operated 

as a manufacturing facility for only a few years. In the 

normal course of operations, the Bhopal Plant generated 

wastes; generally, solid wastes were disposed in on-site 

tanks and pits, while wastewater was treated and then 

pumped to three solar evaporation ponds lined with low 

density black polyethylene sheets. Plaintiffs allege that 

toxic substances seeped into a ground aquifer, polluting 

the soil and drinking water supply in residential 

communities surrounding the former Bhopal Plant site. In 

1984, after a catastrophic gas leak claimed thousands of 

lives, the Government of India closed the Bhopal Plant. In 

1994, UCC sold its stake in UCIL; UCIL subsequently 

changed its name to EIIL. In 1998, EIIL terminated its 

lease of the Bhopal Plant site and surrendered the property 

to the state government of M.P. 

 

T 
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Fig. 1: The GPS location of Bhopal City (Capital of M.P.) 

 
Fig. 2: Technology which was used was not adequate. 

 

The Bhopal gas tragedy is one of the worst industrial air 

pollution disasters that has ever occurred in the world. 

The count down for the disaster started around 0030 IST 

when untreated vapors of methyl isocyanate (MIC) were 

seen escaping through a nozzle of 33 m high atmospheric 

vent-line, from the Union Carbide (UC) plant located at 

Bhopal (India), in the early hours of Monday~ 3 

December 1984. During the night Dec 2-3, 1984, large 

amounts of water entered a tank containing 43 tonnes of 

Methyl isocyanate (MIC) in Union Carbide's plant in 

Bhopal, India 
(3 & 4)

. A strong chemical reaction started 

and a big cloud of toxic gases spread over the sleeping 

town. 500,000 people were exposed to the gases. 8,000 

died within the first week, and 8,000 since. 100,000 have 

permanent injuries. Today, Dow Chemical has taken over 

Union Carbide Corporation. The survivors fight for their 

right to full economic compensation and medical care. 

Together with other residents, they fight for Dow and the 

Government of India to clean up the polluted area and the 

ground water. Fig. (1) Shows the Global Positioning of 

the Bhopal City with the details of the disaster and Fig. 

(2) Shows basic locations of all the production, storage 

and distribution unit operations. 

Methyl isocyanate (MIC) is an organic compound with 

the molecular formula CH3NCO. Synonyms are 

isocyanatomethane, methyl carbylamine, and MIC. 

Methyl isocyanate, as shown in Fig. (3), is an 

intermediate chemical in the production of 

carbamatepesticides pesticides (such as carbaryl, 

carbofuran, methomyl, and aldicarb). It has also been used 

in the production of rubbers and adhesives. As a highly 

toxic and irritating material, it is extremely hazardous to 

human health 
(1 & 2)

. 

 

Fig. 3: Methyl-Isocynate. 

 
Fig 4.: An energy profile of an exothermic 

It was the principal toxicant involved in the Bhopal 

disaster, which killed nearly 8,000 people initially and 

approximately 20,000 to 30,000 people in total. Methyl 

isocyanate (MIC) is extremely toxic as represented in Fig. 

(4). The threshold limit value set by the American 

Conference on Government Industrial Hygienists is 0.02 

ppm. MIC is toxic by inhalation, ingestion and contact in 

quantities as low as 0.4 ppm. Exposure symptoms 

includes coughing, chest pain, dyspnea, asthma, irritation 

of the eyes, nose and throat, as well as skin damage. 

Higher levels of exposure, over 21 ppm, can result in 

pulmonary or lung edema, emphysema and hemorrhages, 

bronchialpneumonia and death. Although the odor of 

methyl isocyanate cannot be detected at 5 ppm by most 

people, its potentlachrymal properties provide an 

excellent warning of its presence (at a concentration of 2–

4 parts per million (ppm) subject's eyes are irritated, while 

at 21 ppm, subjects could not tolerate the presence of 

methyl isocyanate in air). Proper care must be taken to 

store methyl isocyanate because of its ease of 

exothermically polymerizing (see Reactions in Fig. (5), 

and its similar sensitivity to water. MIC must be stored at 

temperatures below 40°C (104°F) & preferably at 4°C 

(39°F). 

 
Fig 5: Reversible reaction of glutathione (top) with methyl iso-

cynate (MIC, middle) allows the MIC to be transported into 

the body. 

Methyl isocyanate reacts readily with many substances 

that contain N-H or O-H groups. With water, it forms 1,3-

dimethylurea and carbon dioxide with the evolution of 

heat (325 calories per gram of MIC).  
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At 25 °C, in excess water, half of the MIC is consumed in 

9 min.; if the heat is not efficiently removed from the 

mixture, the rate of the reaction will increase and rapidly 

cause the MIC to boil. If MIC is in excess, 1,3,5-

trimethylbiuret is formed along with carbon dioxide. 

Alcohols and phenols, which contain an O-H group, react 

slowly with MIC, but the reaction can be catalyzed by 

trialkylamines or dialkyltin dicarboxylate. Oximes, 

hydroxylamines, and enols also react with MIC to form 

methylcarbamates. 

 
 

Carbaryl (1-naphthyl methylcarbamate) is a chemical in 

the carbamate family used chiefly as an insecticide. It is a 

white crystalline solid commonly sold under the brand 

name Sevin, a trademark of the Bayer Company. Union 

Carbide discovered carbaryl and introduced it 

commercially in 1958. 

 

Bayer purchased Aventis CropScience in 2002, a 

company that included Union Carbide pesticide 

operations. It remains the third-most-used insecticide in 

the United States for home gardens, commercial 

agriculture, and forestry and rangeland protection. About 

11 million kilograms were applied to U.S. farm crops in 

1976.
[1]

 As a veterinary drug, it is known as carbaril. 

Carbaryl is produced by treating methyl isocyanate (3) 

with 1-naphthol (4). 

 

Alternatively, 1-naphthol (1) is first converted to its (2) chloroformate 

(3) which is then treated with methylamine to give the desired product 
(4). 

In November 1984, most of the safety systems were not 

functioning and many valves and lines were in poor 

condition. In addition, several vent gas scrubbers had 

been out of service as well as the steam boiler, intended to 

clean the pipes. Another issue was that Tank 610 

contained 42 tons of MIC, more than safety rules allowed 

for. During the night of 2–3 December 1984, water 

entered a side pipe that was missing its slip-blind plate 

and entered Tank E610 which contained 42 tons of MIC. 

A runaway reaction started, which was accelerated by 

contaminants, high temperatures and other factors. The 

reaction was sped up by the presence of iron from 

corroding non-stainless steel pipelines. The resulting 

exothermic reaction increased the temperature inside the 

tank to over 200 C (392 F) and raised the pressure. This 

forced the emergency venting of pressure from the MIC 

holding tank, releasing a large volume of toxic gases. 

About 30 metric tons of methyl isocyanate (MIC) escaped 

from the tank into the atmosphere in 45 to 60 minutes. 

The initial effects of exposure were coughing, severe eye 

irritation and a feeling of suffocation, burning in the 

respiratory tract, blepharospasm, breathlessness, and 

stomach pains and vomiting. People awakened by these 

symptoms fled away from the plant. Those who ran 

inhaled more than those who had a vehicle to ride. Owing 

to their height, children and other people of shorter stature 

inhaled higher concentrations. The gas cloud, The gases 

were blown in southeastern direction over Bhopal. As of 

2008, UCC had not released information about the 

possible composition of the cloud. Apart from MIC, the 

gas cloud may have contained phosgene, hydrogen 

cyanide, carbon monoxide, hydrogen chloride, oxides of 

nitrogen, mono-methyl amine (MMA) and carbon 

dioxide, either produced in the storage tank or in the 

atmosphere. As the gas cloud was composed mainly of 

materials denser than surrounding air, it stayed close to 

ground and spread outwards through surrounding 

community. Thermal runaway by definition the enthalpy 

change has a negative value: ΔH < 0 in an exothermic 

reaction, gives a negative value for ΔH, since a larger 

value (the energy released in the reaction) is subtracted 

from a smaller value (the energy used for the reaction). 

For example, when hydrogen burns: 2H2 (g) + O2 (g) → 

2H2O (g), ΔH = −483.6 kJ/mol of O2. An exothermic 

reaction is a chemical reaction that releases energy in the 

form of light or heat. It is the opposite of an endothermic 

reaction. Expressed in a chemical equation: reactants → 

products + energy. 

Table (1) :- Chemicals dumped by Union Carbide management in and 
around the factory from 1969 to 1984. 

S.N

o. 

Chemicals Amount Use in Pollution 

1. Methylene Chloride 100 MT Solvent Air 

2. Methanol 50 MT Solvent Air 

3. Ortho-
idichlorobenzene 500 MT Solvent Air, Water, Soil 

4. Carbon tetrachloride 500 MT Solvent Air 

5. Chloroform 300 MT Solvent Air 

6. Tri methylamine 50 MT Catalyst Air 

7. Chloro benzyl 

chloride 10 MT Ingredient Air, Water, Soil 

8. Mono chloro toluene 10 MT Ingredient Air, Water, Soil 

9. Toluene 20 MT Ingredient Air, Water, Soil 

10. Aldicarb 2 MT Product Air, Water, Soil 

11. Carbaryl 50 MT Product Air, Water, Soil 

12 Benzene 

Hexachloride 5 MT Ingredient Air, Water, Soil 

13 Mercury 1 MT  Water, Soil 

14 Mono methyl amine 25 MT Ingredient Air 

15 Chlorine 20 MT Ingredient Air 

16 Phosgene 5 MT Ingredient Air 

17 Hydro chloric acid 50 MT Ingredient Air, Soil 

18 Chloro sulphonic 
acid 50 MT Ingredient Air, Soil 

19 Alpha Naphthol * 50 MT Ingredient Air, Soil 

20 Napthalin 50 MT Ingredient Air 

21 Chemical waste Tar 50 MT Waste Water, Soil 

22 Methyl Isocyanate 5 MT Ingredient Air, Water, Soil 

http://en.wikipedia.org/wiki/Biuret
http://en.wikipedia.org/wiki/Biuret
http://en.wikipedia.org/wiki/Carbon_dioxide
http://en.wikipedia.org/wiki/Alcohols
http://en.wikipedia.org/wiki/Phenols
http://en.wikipedia.org/wiki/Amine
http://en.wikipedia.org/wiki/Oxime
http://en.wikipedia.org/wiki/Hydroxylamine
http://en.wikipedia.org/wiki/Enol
http://en.wikipedia.org/wiki/Carbamate
http://en.wikipedia.org/wiki/Insecticide
http://en.wikipedia.org/wiki/Bayer
http://en.wikipedia.org/wiki/Union_Carbide
http://en.wikipedia.org/wiki/Union_Carbide
http://en.wikipedia.org/wiki/Union_Carbide
http://en.wikipedia.org/wiki/Gardens
http://en.wikipedia.org/wiki/Carbaryl#cite_note-Ullmann-1
http://en.wikipedia.org/wiki/Veterinary_medicine
http://en.wikipedia.org/wiki/Methyl_isocyanate
http://en.wikipedia.org/wiki/1-naphthol
http://en.wikipedia.org/wiki/Chloroformate
http://en.wikipedia.org/wiki/Thermal_runaway
http://en.wikipedia.org/wiki/Exothermic_reaction
http://en.wikipedia.org/wiki/Phosgene
http://en.wikipedia.org/wiki/Hydrogen_cyanide
http://en.wikipedia.org/wiki/Hydrogen_cyanide
http://en.wikipedia.org/wiki/Hydrogen_cyanide
http://en.wikipedia.org/wiki/Carbon_monoxide
http://en.wikipedia.org/wiki/Hydrogen_chloride
http://en.wikipedia.org/wiki/Nitrogen_oxide
http://en.wikipedia.org/wiki/Nitrogen_oxide
http://en.wikipedia.org/wiki/Nitrogen_oxide
http://en.wikipedia.org/wiki/Carbon_dioxide
http://en.wikipedia.org/wiki/Carbon_dioxide
http://en.wikipedia.org/wiki/Carbon_dioxide
http://en.wikipedia.org/wiki/Chemical_reaction
http://en.wikipedia.org/wiki/Energy
http://en.wikipedia.org/wiki/Heat
http://en.wikipedia.org/wiki/Endothermic_reaction
http://en.wikipedia.org/wiki/Endothermic_reaction
http://en.wikipedia.org/wiki/Endothermic_reaction
http://en.wikipedia.org/wiki/Chemical_equation


International Conference on Multidisciplinary Research & Practice                                                              P a g e  | 88 

 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 
 

Sodium methoxide, triethyl phosphine, ferric chloride and 

certain other metal compounds catalyze the formation of 

the MIC-trimer, while the high-molecular-weight polymer 

formation is catalyzed by certain trialkylamines. Since the 

formation of the MIC trimer is exothermic (298 calories 

per gram of MIC), the reaction can lead to violent boiling 

of the MIC. The high-molecular-weight polymer 

hydrolyzes in hot water to form the trimethyl 

isocyanurate. Since catalytic metal salts can be formed 

from impurities in commercial grade MIC and steel, this 

product must not be stored in steel drums or tanks. The 

MIC must be stored at temperatures below 40
0
C (104

0
F) 

and preferably at 4
0
 (39

0
F). The toxic effect of the 

compound was apparent in the Bhopal disaster, when 

around 42,000 kilograms (93,000 
0
 lb) of methyl 

isocyanate and other gases were released from the 

underground reservoirs of Union Carbide India Limited 

(UCIL) factory, detailed chemicals was present at time of 

disaster is listed in Table [1]. 

 

Installing safety devices can cost between 15-30 % of 

outlay at a plant‟s inception. In light of UCC‟s $20 

million investment in Bhopal, this amounts to $3-6 

million. Carbide‟s own documents show that the company 

trimmed $8 million off their initial cost estimates, the 

plant was supposed to cost a total of $28 million. In 2002, 

secret Union Carbide documents obtained by “discovery” 

during a class action lawsuit brought by survivors against 

UCC, revealed for the first time that the technology used 

at the fatal Bhopal factory including the crucial units 

manufacturing carbon monoxide and MIC was 

“unproven,” meaning the company knew it could pose 

unknown risks. This is how they had saved so much 

money they didn‟t install safety mechanisms that had 

been tried and tested and known to be effective. When 

managers make a deliberate decision to stop an activity, 

they usually let it quietly lapse and do not draw attention 

to the CHANGE. However one report frankly stated, 

“The data collection system was run for a period of about 

3 years. The system is now no longer running not because 

it was unsuccessful, but because the management 

emphasis on the works has changed. The emphasis is now 

on the reduction of unnecessary work, not on the 

reductions of breakdowns 
(7 & 8) 

 

II. METHODOLOGY 

 

A chemical vapor cloud is composed of a pollutant 

chemical and air in a ratio that changes with time and 

location. Clouds containing chemicals with high 

molecular weight, or aerosols, can be sufficiently dense 

that gravity has a significant effect on their movements. 

These dense gas clouds are modeled differently in 

ALOHA than clouds that are not directly affected by 

gravity. ALOHA incorporates two semi-empirical air 

dispersion models:  

  The Gaussian model is appropriate for pollutants 

clouds that are not directly affected by gravity; 

 The Heavy Gas model is appropriate for 

pollutant clouds with densities greater than the 

ambient air and affected in a significant way by 

gravity.  

These air dispersion models used for neutral and dense 

pollutant plumes in ALOHA can account for vertical 

gradients in wind speed and atmospheric turbulence, but 

do not account for topographic steering or winds that vary 

with time. Guidance on when to model and how to 

interpret modelling results, in terms of evaluating the 

potential effects of the discharge on the environment, will 

be contained in a separate document currently being 

prepared by the Ministry entitled the Good Practice Guide 

for Assessing Discharges to Air. Although these two areas 

are integrally linked they have been separated to avoid 

excessive complexity in one document. Modelling the gas 

leak. The existing models for the dispersion of air 

pollutants may be broadly classified into two groups: 

analytical models such as Gaussian plume/puff and 

numerical models. The Gaussian type of dispersion 

models which assumes that the winds are constant in 

space and time may fail in an urban environment. Most of 

the modifications to incorporate the changes in wind 

speed and direction with height, are based on at/hoc 

assumptions. 

 

 

 

 

 
Area & Type of leak. Calculations options. 

Fig. 6 :Area and type of leak & calculations options. 
 

Limitations 

 ALOHA does not account for the effects of fires 

or chemical reactions. 

 ALOHA does not account for terrain steering 

effects. 

 ALOHA does not model dispersion effects 

associated with building wakes. 

 
Fig 7: Process modeling of Bhopal Disaster. 

 

The accuracy and uncertainty of each stage must be 

known and evaluated to ensure a reliable assessment of 

the significance of any potential adverse effects. A model 

is a simplified picture of reality 
(9)

.  

http://en.wikipedia.org/wiki/Exothermic
http://en.wikipedia.org/wiki/Bhopal_disaster
http://en.wikipedia.org/wiki/Union_Carbide_India_Limited
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Fig [8]: The gas affected areas determined on the basis of mortahty state 

stacs are indicated by dots and the concentration of dots approximately 

represents the extent of the effect. Contours in & cate the parts per 
million isopleths are classified as follows: Zone I, 50 ppm; Zone II, 15 

ppm, Zone III, 1.5 ppm and Zone IV, < 1 0 ppm. 

 

It doesn‟t contain all the features of the real system but 

contains the features of interest for the management issue 

or scientific problem we wish to solve by its use. Models 

are widely used in science to make predictions and/or to 

solve problems, and are often used to identify the best 

solutions for the management of specific environmental 

problems. An atmospheric dispersion model is a: 

 Mathematical simulation of the physics and 

chemistry governing the transport, dispersion and 

transformation of pollutants in the atmosphere. 

 Means of estimating downwind air pollution 

concentrations given information about the 

pollutant emissions and nature of the 

atmosphere. 

Dispersion models can take many forms. The simplest are 

provided in the form of graphs, tables or formulae on 

paper. Today dispersion models more commonly take the 

form of computer programs, with user-friendly interfaces 

and online help facilities. 

 
Fig [9]: This is a footprint plot generated by ALOHA. The footprint 

represents an overhead view of the area where the concentration of the 

chemical released is predicted to exceed the LOC at some time during 

the hour after the release begins. How to interpret a footprint depends on 
what level of concern is being used. 

 

 

III. CONCLUSIONS 

 

ALOHA Software are widely used, well understood, easy 

to apply, and until more recently have received 

international approval. Even today, from a regulatory 

point of view ease of application and consistency between 

applications is important 
(5 & 6)

. Also, the assumptions, 

errors and uncertainties of these models are generally well 

understood, although they still suffer from misuse. 

ALOHA software used Gaussian-plume models for the 

dispersion Modelling. Gaussian-plume models play a 

major role in the regulatory arena. The Gaussian-plume 

formula is derived assuming „steady-state‟ conditions. 

That is, the Gaussian-plume dispersion formulae do not 

depend on time, although they do represent an ensemble 

time average. The meteorological conditions are assumed 

to remain constant during the dispersion from source to 

receptor, which is effectively instantaneous. Emissions 

and meteorological conditions can vary from hour to hour 

but the model calculations in each hour are independent of 

those in other hours. Due to this mathematical derivation, 

it is common to refer to Gaussian-plume models as 

steady-state dispersion models. In practice, however, the 

plume characteristics do change over time, because they 

depend on changing emissions and meteorological 

conditions. One consequence of the plume formulation is 

that each hour the plume extends instantaneously out to 

infinity. Concentrations may then be found at points too 

distant for emitted pollutants to have reached them in an 

hour. 

 

On the night of Dec. 2nd and 3rd, 1984, a Union Carbide 

plant in Bhopal, began leaking. due to run-away reactions, 

temperature and pressure rise and the safety valve lifted to 

the atmosphere. About 25-27 tons of the deadly gas 

methyl isocynate spread through the city of Bhopal. Half 

a million people were exposed to the gas. Protective 

systems that should have prevented or minimized 

discharge were out of service. Refrigeration system to 

cool the reactor was down. Scrubbing system to absorb 

the released vapour was not immediately available. Flare 

system to burn vapours getting past the scrubber was out 

of service.Lessons we learned form Bhopal Tragedy; (1) 

Reduce inventory of hazardous material (MIC), (2) Keep 

all the safety related equipment in order (3) Keep 

residential areas away from the plant, (4) Proper 

Management. The Logical Framework Approach (LFA) 

seems more complete and useful for a complex situation 

like the Bhopal gas leak. The problem and objectives trees 

look like a chain of events from where there are branches 

and roots. The matrix makes it possible to clarify what 

processes/changes from other instances are needed if the 

project is to succeed. As this is an analysis of an accident 

that has already happened, the matrix deals with both 

prevention and management. The results of the overall 

investigation are discussed and it is demonstrated that the 

commonly held view that water-washing of a certain 

header caused the disaster is physically impossible. 

Evidence is presented which indicates that direct water 

entry into the methyl isocyanate storage tank was the 

likely initiating cause of the Bhopal disaster. 
( 8) 
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The Bhopal gas leak clearly illustrates the threat to public 

health posed by the chemical industry: (a) A hazardous 

work environment. (b) The risk of exposure for the host 

population. (c) Direct damage to the environment during 

the production process, which creates hazards to human 

health. (d) Production of substances, in this case 

pesticides, that are toxic to human beings when used, and 

are the cause of many deaths in large parts of the world. 

(e) Production of substances that have long-term toxic 

effects on the environment, and which may lead to 

contaminated food and water as well as to decreased food 

production in the long run.  
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Abstract— This review paper presents the use of spinels in 

photocatalytic conversion to generate e-/h+ which in turn 

produce reactive oxygen species through redox processes for the 

degradation of the contaminants . Spinel ferrites have a 

relatively narrow band gap (̴1.9 eV) making them capable of 

such processes. Spinels (mixed oxides of composition AB2O4 

with A(II) and B(III) cations) are an important family of 

crystalline systems and are an important class of mixed-metal 

oxides  extensively used MFe2O4 (M=Mn, Fe, Co, Ni) and 

semiconductors TiO2 use for different photocatalytic process for 

degradation of industrial dyes under visible light, dark/sunlight, 

microwave irradiation. Spinel-type oxides materials with 

narrow band gap, high sunlight utilization efficiency, good 

electrical and magnetic property, reused, stable, and cheap have 

been proven to be efficient in the degradation of pollutants like 

industrial organic dye (wastewater) involving methylene blue, 

methyl orange, rhodamine B, reactive black 5. Semiconductor 

used in photocatalytic degradation process is difficult to 

separate from liquid solution after reaction, broad band gap, 

corrode in water which probably produced secondary pollution 

and increased costs.  

Synthesis of nano-sized spinels from sol–gel, co-precipitation, 

solution combustion, citrate. Different techniques to 

characterize ferrites are XRD, XPS, SEM, TEM, BET 

analytical methods are UV-visible spectro photo meter, FTIR, 

COD,TOC.  

This review paper discusses introduction about dyes, 

phtocatalytic degradation techniques, semiconductor used as 

photocatalyst and spinel-type oxides as novel photo-catalyst to 

overcome the limiotation of semiconductor. Synthesis and 

characterization of spinel-type oxides and mechanism of 

degradation of dyes using spinel-type oxides.  

 

Keywords— Dyes; Band gap; Photocatalyst; Spinel and 

Semiconductor; Sol-gel,citrate, co-precipetation 

I. INTRODUCTION 

 

yes are organic compounds consisting of two main 

groups of compounds, chromophores (responsible for 

color of the dye) and auxochromes (responsible for intensity 

of the color) [1]. The pollution of water resources by the dyes 

from industries such as textile, paper, plastic, leather, 

cosmetics and photographic, has become a serious 

environmental problem because of their toxicity, affecting 

the quality of life for generation to come [2].  Spinel ferrites, 

with a general formula of MFe2O4 where M represents a 

metal cation, are chemically and thermally stable magnetic 

materials that have been used for many applications [3, 4, 5]. 

Their magnetic properties make them useful in magnetic 

resonance imaging (MRI), electronic devices, information 

storage, and drug delivery.  [4] Separation of these catalysts 

from treated water, especially from a large volume of water, 

is expensive and time consuming, which limited their 

application in industrial fields. It is realized that introducing 

the magnetic catalysts is a good choice to deal with the 

catalysts separation and reuse problems [5, 6, 7, 8, 9, 10, 11, 

12, 13, 14]. Spinel AB2O4  (mixed oxides of composition 

AB2O4 with A(II) and B(III) cations) are an important family 

of crystalline systems and are an important class of mixed-

metal oxides  extensively used ferrites MFe2O4 (Ni, Mn, Zn, 

Co, Cu, etc) Spinel ferrites have a relatively narrow band gap 

(1̴.9 eV) making photocatalytic process possible.  

Semiconductors having broad band gap > 3.0unable to 

capture the solar radiation also it is very difficult to separate 

it out from waste water as it is very costly. Semiconductors 

are defined having to be between an insulator and 

conductor[15, 16, 17, 18]. The band gap of semi conductor 

are given in table 1. 
TABLE I 

BAND GAP OF SEMICONDUCTORS 
 

Semi conductor Band gap 

TiO2 3.0-3.2 

Diamond 5.4 

WO3 2.7 

ZnO 3.2 

SnO2 3.5 

SrTiO3 3.4 

Fe2O3 2.2 

 

 

 A broad range of experimental conditions was established in 

order to reduce the colour and organic load of dye containing 

effluent wastewater [17]. The ideal photocatalyst should 

process the following 

Properties like photoactivity, biological and chemical 

inertness, stability toward photocorrosion, suitability towards 

visible or near UV light, low cost, and lack of toxicity [8]. 

Since 1972, when Fujishima and Honda discovered the 

photocatalytic splitting of water using TiO2 electrodes; 

research on the heterogeneous photocatalysis started growing 

rapidly but semiconductors have sone disadvantages [18]. 

Spinel overcomes all the limitation of semiconductor as it 

has a narrow band gap, high magnetic and electrical property, 

low cost, high stability, can be reused and recycled for other 

process many times without any decrease in its activity. 

D 
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Fig 1: Structure of RB5 

Reactive Black 5 (RB5) is an azo dye and has the above 

molecular structure and the molecular weight is 991 g/mol 

was obtained  International Welspun India Ltd Vapi. 

 

II. PREPARATION OF SPINEL 

 

Spinels can be prepared by sol-gel, coprecipetation, citrate, 

solution combustion, reactive grinding methods.  

Preparation steps of sol-gel method used for  NiFe2O4 which 

is widely used in industry follows the following stages as 

shown in fig 1. 

Spinel preparation set-up by sol-gel method 

                      
Nickel nitrate                    Ferric nitrate                   Citric acid                                                                                                                                                                                                                                                                                                                                

           
Mixing with 25ml distilled water for 15 minutes 

             
Addition of Ethylene glycol dropwise                           

                         
Formation of viscous gel at 80 C̊  in water bath 

                
After gel formation keep in hot air oven at 110 ̊C overnight   

                   
       Muffle furnace set at 750  C̊ for 5 hr at 10  °C/min of ramp 

 

Fig 2. Experimental set-up of sol-gel method 

 

The most widely used method in the industry is sol-gel 

method. Sol-gel method used to prepare different spinels in 

laboratory are listed in table 2 and one of the calculation of 

spinel NiFe2O4 uses chemical like Ni(NO3)2.6H2O (99.0% 

purity), Fe(NO3)3.9H2O (99.99% purity), citric acid (CA) 

(99.7% purity), ethylene glycol (EG) and citric acid . Both 

nitrates are mixed with distilled water 25 ml and kept stirring 

for 15 minutes. The solution is then kept in water bath till gel 

formation for 80 C̊. After viscous gel is formed the solution 

is kept in muffle furnace at 10 C̊/min of ramp for calcinations 

at 750 C̊ for 5 hr. The same procedure is done in 

coprecipetation method instead of using citric acid  sodium 

carbonate were used dropwise till pH 10 and then washed by 

vacuum pump with distilled water till pH 7 Finally the 

drying and calcinations steps are same as sol-gel only the gel 

formation in water bath is omitted. The nucli formation 

during ph 10 and then aging for 15 minute is the most 

important step in the co-precipitation method.  

 

Experimental reagents 
All the chemicals are obtained from Piyush Chemicals, 

Ahmedabad. The reactive dye (RB5, molecular 

weight=774.16 g/mol) was obtained International Welspun 

India Ltd Vapi. Distil water was used throughout the 

experiments.  

 

III. EXPERIMENTS 

Dye Removal Experiments 

Batch experiments were performed to evaluate the effect of 

the following parameters on the removal of RB5 by spinel 

particles: initial solution pH, initial dye concentration, 

different doses of catalyst and contact time. A prepared 

solution of RB5 was distributed into different flasks (1 L 

capacity) and pH was adjusted with the help of a pH meter 

(VSI 07, Indian made). The initial pH value of the dye 

solution was adjusted to the desired levels, using either HCl 

(0.5 M) or NaOH (0.5 M). A known mass of spinel was then 

added to 10 mL of the RB5 aqueous solution, and the 

obtained suspension was immediately stirred for a predefined 

time. All experiments were done at the room temperature. 

The investigated ranges of the experimental variables were as 

follows: dye concentration (50–150 mg/L), pH of solution 

(1–13), LCNO dosage (0.01, 0.02 and 0.03 g) and mixing 

time (1–30 min). The initial RB5 concentration for all 

experiments was adjusted to 50 mg/L, except for the 

experiments in which the effect of the initial RB5 

concentration in the removal of RB5 by spinel catalyst was 

tested. After a preselected time of decolorization, samples 

were collected and absorbance of the solution at a λmax equals 

to 599 nm (Shimadzu UV-1800) was measured to monitor 

the residual RB5 concentration. 

The optimized parameters for spinel are dosage (0.03gm), 

time (30 min), stirring time (30 min), room temperature, 

10ml sample each the photocatalytic degradation process of 

dye for removal of color is measured. 

The above table shows the degradation of dye using spinel 

by sol-gel and coprecipetation method. The activity of the 

spinel is checked in UV-vis spectro photometer. 

Absorbances can be calculated as, 

 

                   % Absorbances= 
𝐼𝑛𝑖𝑡𝑖𝑎𝑙 −𝐹𝑖𝑛𝑎𝑙

𝐼𝑛𝑖𝑡𝑖𝑎𝑙
× 100 
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Spinel experiments can be performed under  microwave 

process for degradation of dye MW/spinel, photocatalyst 

process under sunlight, under dark, and photocatalytic 

process under visible light using different lamps like UV 

lamp, Xenon lamp, Mercury lamp, Ultraviolet lamp and also 

can be done using a reactor under visible light. >90 % 

degradation of dye is noted by literature survey using spinel 

as photocatalyst.  

                                                                     

                                                                                           
TABLE 2 

USE OF SPINELS IN DEGRADATION PROCESS OF DYES 

 
Sr. 

no 

Sample Total % 

Absorbances 

Preparation 

method 

1 NiFe2O4 40 Sol-gel 

2 NiFe2O4 90 Sol-gel 

3 NiFe2O4 80 Coprecipetation 

4 NiFe2O4 60 Citrare 

5 ZnFe2O4 60 Sol-gel 

6 CoFe2O4 56 Sol-gel 

7 CuFe2O4 65 Sol-gel 

 

Before performiong the experiment the sample was first kept 

in 30 minute in dark for better adsorption of spinel on the 

surface. The experiments were performed at pH-8 which was 

adjusted by NaOH foe basic and HCl for acidic drop wise 

which was optimized and as the experiments were done at 

neutral the disposal problem of acidic solution is solved. 

Spinel on optimizing pH it noted that at acidic also it gives 

same result and at neutral its activity is constant. The spinel 

dosage was also optimized as 0.03 gm because when the 

dosage increases the degradation decreases because sites of 

spinel increases and at one specific dosage the degradation 

becomes constant. Stirring time 10 minutes. 

IV. CHARACTERIZATION 

 For structural investigation of calcined powder at 750 °C 

XRD measurements were carried out in the region of (2θ=20 

to 70°) using CuKα radiation on a Rigaku D/MAX RB XRD 

diffractometer equipped with a curved graphite 

monochromator. The specific surface area (SSA) of the 

adsorbent was calculated using BET method from the 

nitrogen adsorption isotherms obtained at 77 K on samples 

outgassed at 250 °C with the use of a MicromeriticsAccusorb 

2100E apparatus. A UV–vis spectrophotometer (Shimadzu 

UV-1800) was employed to monitor adsorption of 

dyes.Structural morphology, phases and other spinel 

characterization is done by XRD, FTIR, SEM, TEM and 

results are awaited. 

V FINDINGS 

 

From the above experiments performed in room and in 

sunlight shows good degradation efficiency but if the 

efficiency of photocatalytic degradation process is to be 

increase then visible light under UV lamp, mercury lamp, 

Xenon lamp can give best result. According to the literature 

survey it is proved that to achieve >90% of degradation of 

dye under visible light and microwave is the best process and 

environment friendly 

 

 

 

 Experimental set-up 
 

 
 

Under dark        Room temp.    Microwave irradiation 

                                        Under sunlight 

                         Fig 3. Experimental set-up of  dye degradation 

NiFe2O4 spinel photocatalyst by optimizing parameters like 

dosage 0.03 g of spinel, 10 ml solution of RB-5 dye of 50 

ppm preparation, pH  7 neutral room temperature and in 

microwave 400 W the 80 to 90 % degradation was observed. 

But in sunlight only 40 % of efficiency was gain from 11 am 

– 1 pm in afternoon during monsoon with low sunlight. It 

can be concluded that if the visible light like xenon, mercury, 

halogen was used then spinel photocatalyst will give > 90 % 

of dye degradation efficiency. Thus 90% color removal, 70 

% TOC, 50 % COD reduction was analyzed under 

microwave irradiation.  

 

VI. RESULT 

 

Spinel prepared by sol-gel and coprecipetation method gives 

>90 % of degradation efficiency of dye removal. Spinel can 

be reused and recycled for different processes. Waste water 

disposal problem is a current issue in todays day to day file 

for industries and this process overcomes all the limitation of 

semiconductor by degrading the dye in less cost and being 

clean photocatalytic route for waste water it is remediation 

for the environment for current issue of waste water.  

 
VII. FUTURE SCOPE 

 

It has been experimentally proved that spinel based 

photocatalyst for degradation of dye from waste water. 

However the future scope for the existing work would 

typically involve preparation of spinel using different 

combination of metal oxide with different techniques like 

reactive grinding. Sunlight, solar is the aim to degrade the 

pollutant. Analysis can be made by TOC, UV, COD. 

Parameters that can lead to treat the actual wastewater 

coming out from dye industries is experimentally done under 

sunlight, visible light and microwave irradiation to achieve 

>90 % of photocatalytic dye degradation from textile 

industry. 

REFERENCES 

[1]. A. Bagheri Gh., V. Ashayeri, K. Mahanpoor, ―Photocatalytic efficiency 

of CuFe2O4 for photodegradation of acid red 206‖, Int. J.Nano Dimens 

4(2):, (2013), 111-115. 
[2]. A.I. Borhan, P. Samoila, Vasile Hulea, A.R. Iordan, M.N. Palamaru. 

"Photocatalytic activity of spinel ZnFe2-xCrxO4 nanoparticles on removal 



International Conference on Multidisciplinary Research & Practice                         P a g e  | 94 

 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 
 

Orange I azo dye from aqueous solution". Journal of the Taiwan 
Institute of Chemical Engineers (2013).  

[3]. A.I. Borhana, P. Samoilab, Vasile Huleac, A.R. Iordana, M.N. 

Palamaru. "Effect of Al3+substituted zinc ferrite on photocatalytic 
degradation of Orange I azo dye". Journal of Photochemistry and 

Photobiology,  A: Chemistry 279 (2014):17-23. 

[4]. Erik Casbeer, Virender K. Sharma, Xiang-Zhong Li, 87 (2012) 1–14, 
Separation and Purification Technology, Synthesis and    photocatalytic 

activity of ferrites under visible light: A review 

[5]. Jum Suk Jang, Pramod H. Borse, Jae Sung Lee, Kwon Taek Lim, Ok-
Sang Jung, Euh Duck Jeong, Jong Seong Bae, Mi Sook Won, and Hyun 

Gyu Kim, Bull. Korean Chem. Soc. 2009, Vol. 30, No. 12 3021, Energy 

Band Structure and Photocatalytic Property of Fe-doped Zn2TiO4 
Material 

[6]. Jing Denga, Yisheng Shaoa, Naiyun Gaoa, Chaoqun Tana, Shiqing 

Zhoua, Xuhao Hu, CoFe2O4 magnetic nanoparticles as a highly active 
heterogeneouscatalyst of oxone for the degradation of diclofenac in 

water, Journal of Hazardous Materials 262 (2013) 836– 844 

[7]. Lijun Han, Xue Zhou, Lina Wana, Yuanfu Deng, Shuzhong Zhan , 
Synthesis of ZnFe2O4 nanoplates by succinic acid-assisted hydrothermal 

route and their photocatalytic degradation of rhodamine B under visible 

light, Journal of Environmental Chemical Engineering 2 (2014) 123–
130 

[8]. Linfeng Zhang and Yuanxin Wu. "Sol-Gel Synthesized Magnetic 

MnFe2O4 Spinel Ferrite Nanoparticles as Novel Catalyst for Oxidative 
Degradation of Methyl Orange". Journal of Nanomaterials, (2013):6. 

[9]. Lei Zhang, Xueyan Liu, Xingjia Guo, Mingming Su, Tianci Xu, 

Xiaoyan Song. "Investigation on the degradation of brilliant green 
induced oxidation by NiFe2O4 under microwave irradiation". Journal of 

Chemical Engineering 173 (2011):737-742. 

[10]. Lei Zhang, Xinyu Zhou, Xingjia Guo, Xiaoyan Song, Xueyan Liu, 
"Investigation on the degradation of acid fuchsin induced oxidation by 

MgFe2O4 under microwave irradiation", Journal of Molecular Catalysis 

A: Chemical 335 (2011):31–37. 
[11]. Mohammad Yazdanbakhsha, Iman Khosravia, Elaheh K. 

Goharshadia, Abbas Youssefic. "Fabrication of nanospinel ZnCr2O4 

using sol-gel method and its application on removal of azo dye from 
aqueous solution". Journal of Hazardous Materials 184 (2010):684-689.  

[12]. Mohammad Yazdanbakhsha, Iman Khosravia, Elaheh K. 

Goharshadia, Abbas Youssefic. "Fabrication of nanospinel ZnCr2O4 
using sol-gel method and its application on removal of azo dye from 

aqueous solution". Journal of Hazardous Materials 184 (2010):684-689.  

 
[13]. Pradeep, Kumar, Ruchika Agnihotri, Monoj Kumar Mondal. 

"Catalytic treatment of synthetic dye wastewater: COD and color 
reduction". Journal of Environmental Chemical Engineering (2013).  

[14]. Wojciech Konicki, Daniel Sibera, Ewa Mijowska, Zofia Lendzion-

Bielun, Urszula Narkiewicz. "Equilibrium and kinetic studies on acid 
dye Acid Red 88 adsorption by magnetic ZnFe2O4 spinel ferrite 

nanoparticles". Journal of Colloid and Interface Science 398 

(2013):152-160. 
[15]. Xinyong Li, Yang Hou, Qidong Zhao, Lianzhou Wang. "A general 

one-step and template-free synthesis of sphere-like zinc ferrite 

nanostructures with enhanced photocatalytic activity for dye 
degradation". Journal of Colloid and Interface Science 358 

(2011):102-108. 

[16]. Xiangyu Hou, Jing Feng, Xiaohan Liu, Yueming Ren, Zhuangjun 
Fan, Milin Zhang. "Magnetic and high rate adsorption properties of 

porous Mn1-xZnxFe2O4 adsorbents", Journal of Colloid and Interface 

Science, 353 (2011):524-529. 
[17]. O. Prieto, J. Fermoso, Y. Nunez, J.L. del Valle, R. Irusta, 

―Decolouration of textile dyes in wastewaters by photocatalysis with 

TiO2‖, 24, (2005) 
[18]. Radwan A. Al-Rasheed, ―Waste water treatment by heterogeneous 

photocatalysis an overview, Saline Water Desalination Research 

Institute‖ 

 
 



International Conference on Multidisciplinary Research & Practice                            P a g e  | 95 

 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 
 

Study of Some of Acetic Anhydride Based 

Synthetic Reactions under Microwave- A Green 

Approach 
1
Narendra D. Phatangare , 

1
K.T.Bharti , 

1
Dr. K.K.Deshmukh 

 1
S.N Arts, D.J.M Commerce and B.N.S. Science College,  

Sangamner, Maharashtra, India 

Abstract- Green Chemistry gives the solution to energy 

conservation and designing for energy efficiency. Energy 

requirements should be recognized for their environmental 

and economic impacts and should be minimized. Most of the 

synthetic methods are conducted at ambient temperature 

and pressure. Chemists also use lots of energy for heating, 

drying and cooling etc.This energy consumption can be 

reduced. Energy is not only expensive – most of the time the 

power plant that creates the energy contributes to pollution. 

Finally, Different synthetic reactions are performed by 

microwave oven which gives the excellent result than the 

routine practical methods. These reactions are not only time 

saving but also energy saving, ultimately cost and pollution 

reducing. This method helps to reduce severity of Global 

warming.   

Key Words: Green Chemistry, Energy efficiency, Energy 

conservation, Pollution, Global Warming. 

I. INTRODUCTION 

cetic Anhydride is corrosive in nature.It also 

destructive to environmental ecosystem. 

So, present study is base on to find different synthetic 

applications based on acetic anhydride.  

The purpose is to review the different reactions of Acetic 

anhydride in laboratory.And to perform FTIR 

spectroscopic study and data interpretation. 

This method gives modified methods of synthesis with 

green approach.        

II. METHODOLOGY 

There are many methods for synthesis of different acetic 

anhydride based derivatives as a  routine practical 

procedure for electrophilic substitution.Thses reactions 

causes pollution. To avoid these pollution some reactions 

are studied under microwave oven.These reactions are as 

follows. 

1. Synthesis of 4 Acetamido Benzoic acid :  

     

 

 
 

 
 

 

 
 

    
 

 

2. Synthesis of Succinic Anhydride from Succinic Acid: 

          

 

 

 

 

 

 

 

 
 

 

 

 

 

3. Synthesis of 2-Acetoxybenzoic acid from Salicylic 

acid: 

 

 

 

    

 

 

 

 

 

4.Synthesis of N-Phenyl acetamide from Aniline:  
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III. RESULTS 

     
Sr.No Name of test Observation 

Reaction Ist: 

1. Melting Point 246
o
C 

2. TLC Rf (R) 0.85 

3.    Rf (P) 0.52 

4. Product yield 63.53 % 

Reaction IInd: 

1. Melting Point 136
o
C 

2. TLC Rf (R) 0.88 

3.    Rf (P) 0.77 

4. Product Yield 80.98 % 

Reaction IIIrd: 

1. Melting Point 118
o
C 

2. TLC Rf (R) 0.062 

3.    Rf (P) 0.35 

4. Product yield 80.98% 

Reaction IV th: 

1. Melting Point 92
o
C 

2. TLC Rf (R) 0.66 

3.    Rf (P) 0.55 

4. Product yield 77.24 % 

 

 
IV. CONCLUSION 

The following conclusion will be drawn from the project.  

1. Reaction 1
st
: 

a. In this reaction the heating time is reduced dramatically 

by using microwave oven. Instead of heating we just  

the charged to microwave oven for 45 minuets. This 

time can be further reduced.  

b. This method saves  consumption of fuel used for 

heating thus this method is cost reducing.  

2. Reaction 2
nd

: 

a. In synthesis of Dehydro Furan 2,5 dione  the heating 

time is reduced dramatically by using Microwave oven. 

Instead of heating  for 1 hour we just charge reacting 

mixture to oven for 30 minuets. This time can be further 

reduced.  

b. This method saves  consumption of fuel used for 

heating thus this method is cost reducing. 

3. Reaction 3
rd

: 

a. In Synthesis of 2 acetoxy Benzoic acid the heating time 

is reduced dramatically by using Sonicator. Instead of 

heating  for 20 mins. we just sonicate the reacting 

mixture for 10 minuets. This time can be further 

reduced.  

b. This method saves  consumption of fuel used for 

heating thus this method is cost reducing. 

4. Reaction 4
th

: 

a. In these reaction time reduced to 10 mins. 

b. This method saves  consumption of fuel used for 

heating thus this method is cost reducing. 

 
Yield Composition: 

 

 
 

IR Study of Product Obtained is as follows 

 
FTIR of 4-acetamido Benzoic acid 

FTIR of 2-acetoxy benzoic acid 
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These are FTIR of all four products which significantally 

gives product by using microwave oven. 
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Business Management Practices in Medieval India 
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Abstract— Research into the economic history of medieval 

India with a focus on the study of select mercantilist 

communities in north-western part of the Indian sub-continent 

and their business administration, reveals the efficacious 

commercial management practices followed about three 

hundred years ago. Future entrepreneurs of a globally 

resurgent India can draw a lot of inspiration from the 

excellence of their predecessors in world-trade. 

Keywords: Hundi, Bania, Caravan Trade, Diaspora, Medieval 

World Economy 

       I. INTRODUCTION 

t is a well-established fact among historians of repute that 

pre-colonial Indian economy was rich and prosperous. 

The political stability ushered in by the Mughals gave a 

fillip to both internal as well as external trade. The drivers 

of this engine of growth via the medium of exchange were a 

range of communities which indulged in profitable trade in 

areas far and wide. Till what extent were these traders 

successful in carving out a niche for themselves in the 

contemporary world economy is a matter of intense debate 

and research among advanced scholarship on the subject. 

Also, the other important question is that what were the 

means and mechanisms through which they were achieving 

their ends?  

A. Indo-Persian World Economy 

Before the onset of European trading companies 

viz. the Portuguese Estado da India or the Dutch and 

English East India Company, Indian economic power and 

resilience rested upon two factors- the sea-trade and the 

overland caravan trade. While the former has received 

voluminous scholastic attention, the latter aspect of Indian 

economy had hitherto been neglected. However, it is this 

overland trade between India and other parts of the 

contemporary world that will form the focus area of this 

paper. The establishment of a pax-Islamica in the world 

during the sixteenth century A.D. with the political 

consolidation of three grand Empires – the Ottoman Empire 

in Turkey, the Safavid Empire in Iran and the Mughal 

Empire in India, facilitated a vibrant global economy 

stretching over far-flung areas and covering huge land mass 

of Central Asia. In order to comprehend this Indo-Persian 

world economy, it is imperative to discuss Indian economic 

history as a provincial segment of a much larger South 

Asian – Central Asian regional history.  

The testimony to this Indo-Persian world economy 

is provided by the huge multitudes of Indian Diaspora 

enlisted in cities like Isfahan (Iran), Astrakhan (a prominent 

medieval sea-port in southern Russia) and Bukhara (a famed 

commercial entre-pot of Turan now lying in Uzbekistan). 

The Indian Diaspora extended to Turan (the old name of the 

region covered by modern-day nations of Uzkekistan and 

Turkmenistan) and Russia which bolsters the claims of the 

Indian world economy. These Indian merchants were 

members of a sophisticated trading network which was 

quite identical to the financial characteristics of the 

Armenian mercantile Diaspora. There is a need to assign an 

appropriate status to Indian merchants in this world 

economy denouncing the tendency of European scholars to 

project Indian merchants as archaic commercial artifacts of 

early modern period. They are categorized by the term 

peddler which, in itself, signifies economic denigration. 

Dismantling many Eurocentric misrepresentations, it can be 

said that the Indian merchants closely resembled their well 

known European contemporaries – those in Genoa, Florence 

and Siena. 

 The participant Indian merchant communities 

included the Multanis, Marwaris, Khatris and the Gujarati 

Hindu banias. Way back in the sixteenth and the 

seventeenth centuries A.D. these communities operated in 

far off trading destinations as a rich and vibrant diaspora. 

Travelers like Pietro Della Valle, Mohun Lal, Alexander 

Burnes etc who traversed through Central Asia during 

medieval centuries reported that caravan serais at cities like 

Badakshan, Bukhara, Samarkand, Shiraz, Isfahan etc were 

dominantly inhabited by these merchant communities. 

These merchants did not restrict their commerce to import-

export trade only which was carried on through caravans. 

Instead of a simple exchange of Indian commodities for 

other goods in demand in Indian markets and then returning 

home with the next caravan, the diaspora merchants 

remained in distant locations for extended periods of time 

and they engaged their capital in a variety of interest 

yielding money-lending operations. These merchants were 

known quite well across the length and breadth of the 

diaspora as a source of various types of short-term high 

I 
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interest loans and for financing elaborate systems of urban 

and rural credit. 

B. Trade Mechanisms and Practices 

 The strength of these merchant communities in 

terms of efficiently conducting long-distance money-

lending operations accrued out of their position as agents of 

Indian family firms. Long before India fell prey to European 

capital and European merchants flooded the ports along the 

Malabar, Konkan and Coramandel coasts, Indian family 

firms based in the commercial centers of north India 

operated capitalized commercial institutions that maintained 

diverse portfolios of trade and investments. The amount of 

capital involved was gigantic and thus, it can be safely 

concluded that the roots of Indian capital lay in these 

economic enterprises and not in the purported European 

influence which is ascribed for it rather, erroneously. The 

period of European expansion in the Indian Ocean created 

opportunities of expansion for these very important sources 

of indigenous commercial institutions. The Indian family 

firms started the diversification of their trade portfolios 

geographically by sending agents to distant markets in port 

cities, villages and major and minor urban centers as far as 

Moscow and St. Petersburg 

Trade and commerce over such an expansive tract 

of land was highly perilous, risky and fraught with danger. 

Considering the glaring differences in geography, culture, 

religion, language, law, climate and polity between 

homeland and these hostile territories, one can imagine the 

survival challenges faced by the traders in their day-to-day 

dealings. They were able to withstand such heavy odds due 

to their affiliations with the great family firms back home. 

The strong lines of communication between the different 

nodes are highlighted, thus. It is precisely through these 

channels of communication that the large-scale transfer of 

funds and capital could be organized by the means of bills 

of exchange. Pre-colonial Indian businessmen gave an 

excellent account of entrepreneurial skills and management 

by the efficacious and sophisticated use of hundis, ie. bills 

of exchange. Hundis were similar to modern day money 

orders or treveler’s checks. They were written orders made 

by one person on the other for the payment, on demand or 

after a specified time, of a certain sum of money to a person 

named therein. It was an important tool of commercial 

technology in the hands of sarrafs and seths. It was useful 

as a means to remit payment for goods received or for the 

movement of capital between the central offices of financial 

houses and their agents in distant locations. The usage of 

hundis far and wide bears a testimony to the advanced trade 

mechanisms that they employed and its development and 

maintenance as a highly evolved system of monetary 

exchange and transaction. Such hundis were mostly issued 

by moneylenders but in some instances, traders and 

merchants also issued the same. High degree of reputation, 

professionalism and business communication existed in 

earlier times also which is proven by the fact that hundis 

issued upon debtors were honored in distant places. 

Mahajans in Pali or Ahemdabad had their trustworthy 

agents posted in places such as Patna, Aurangabad, 

Calcutta, Agra, Lahore etc and they facilitated exchange of 

substantial sums of money within a short period of time. As 

pointed out earlier, merchants were operating in far flung 

trading towns all across Central Asia and at each of these 

distantly dispersed locations also, the mechanism of hundi 

transaction was active and thriving. There are innumerable 

instances in old documents which show that money got 

circulated through these bills of exchanges and changed 

hands at diverse places like Astrakhan,  Kiziliar (Russia), 

Bukhara, Badakhshan (Turan), Isfahan, Shiraz(Iran), Kabul 

and  Herat(Afghanistan). For instance, Alexander Burnes 

informs that he was offered the option of purchasing bills of 

exchange or hundis at the office of an Indian family firm at 

Kabul which could be encashed at Nizhny Novgorod, 

Astrakhan or Bukhara. He was highly impressed by the 

advanced and sophisticated commercial apparatuses made 

use of by Indian merchants in those times which rendered 

economic cohesiveness to a large land mass of the globe 

and fostered global connectivity.    

 

                 CONCLUSION 

 The study of Indian merchant diaspora prevalent 

during the medieval times in areas as far away as Central 

Asia brings to light the vitality and dynamism of pre-

colonial Indian capital and enterprise. We get acquainted 

with their sheer diligence, determination and ability to 

adjust to rapidly changing circumstances when we take into 

account their vehement effort to continue with their 

commercial activities in the face of hostile territories and 

severe restrictions on social liberties. Colonial historians 

played a malevolent role by portraying indigenous capitalist 

and mercantilist sections of the Indian society as decadent 

and stagnant. There is a need to research the new 

dimensions and contours of business management practices 

as followed in India during its heyday. At a time, when the 

whole nation is seething with new energy and 

entrepreneurial enthusiasm under a strong, visionary and 

dedicated leadership, it is highly opportune for the future 

Indian players in world economy to learn about the courage, 

volition, hardships and success of these entrepreneurs and 

businessmen of the Early Modern period. 
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Abstract: A 'Grid' is a networks that carry electricity 

from power plants to consumers. The grid is made 

'smart' or 'intelligent' as it can monitor and control 

the distribution system. Intelligent Grid is an 

automated and broadly distributed energy delivery 

network. It is characterized by bidirectional flow of 

electricity and information. Intelligent Grid network 

integrate elctrical distribution system with information 

and communication network. Enormous capabilities 

result from the highly integrated use of digital 

technology with electrical power grids.  Intelligent grid 

technology ensures reliable, improved and advanced 

energy distribution system with enormous features. 

Integration of renewable energy sources can lead to 

better energy management. This paper focuses on 

optimization of Energy-efficient Intelligent Grid 

technology by integrating renewable energy  resources. 

Keywords- Energy-efficient Intelligent Grid, Renewable 

energy resources, Smart meters, AMI, Solar energy, 

Wind energy  

I. INTRODUCTION 

n electric power grid is a network that deliver 

electricity from power plant to customer premises.It 

is a network of transmission lines, substations and 

transformers. It allowes one way communication between 

power plant and customer premises. A grid is made smart 

by incorporating advanced two way communication, 

automation, control and pervasive computing capabilities. 

Enormous capabilities result from the highly integrated 

use of digital technology with electrical power grids.  

It provides efficiency, reliability and safety. It controls 

intelligent applications at customer premises to save 

energy, reduce cost and increase reliability, efficiency and 

tranperancy. Integration of the new grid information flows 

into utility processes and systems is one of the major 

issues in the design of smart grids.  

Existing power systems acan be considered as one of the 

major reason for global warming that cause adverse 

environmental impacts due to fossil fuels. The 

comparisions between existing grid and smart grid is 

shown in table-1. 

 

 

II. OPTIMIZATION OF GREEN INTELLIGENT GRID 

INFRASTRUCTURE 

     Optimization is the process of designing  the system in 

such a way that it can operate as efficiently as possible. 

Existing power grid demands enormous amount of fossil 

fuels and contribute significantly in global warming. In 

contrast to fossil fuels, renewable energy resources like 

wind and solar offers environment friendly solutions to 

mitigate the adverse effects of global warming. 

Renewable energy resources are eco friendly, 

technologically efficient and pollution free. There is 

unprecedented attention to renewable energy which 

provides clean and Energy- efficient Intelligent energy 

solutions. Most of the current transmission systems are 

considered as ''dumb'' and ''passive'' as they are not 

capable of intelligent operations.  

     The existing power power grid network has no 

potential to offer adequate services with security, 

reliability, safety, energy efficiency and the integration of 

renewable energy resources at the scale needed to meet 

the clean and Energy- efficient Intelligent energy demand 

for the sustainable future. Therefore the implementation 

of smart grid technology is an inevitable requirement to 

reduce emissions of Energy- efficient Intelligent house 

gases. Use of application based resources can provide 

energy-efficient solutions. Small wind turbines or photo 

A 
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voltaic arrays can be used at customer premises. High 

capacity solar and wind turbines can be installed in the 

electric grid system at the generation side to reduce the 

carbon emissions. The impact of integration of renewable 

energy resources with smart grid technology was 

investigated by national grid, USA. Figure 1 shows the 

proposed model by national grid, USA. 

 

Figure 1. The Smart grid evolution—a proposed model by national grid, 
USA. 

Electrical Power Research Institute’s (EPRI’s) Intelligrid 

has undertaken an initiative to develop the technological 

foundation for a smart power grid that links electricity 

systems with communication and computer networking 

technology to achieve tremendous gains in reliability , 

efficiency and customer services. Figure 2 illustartes the 

model proposed by Intelligrid. 

 

 

Figure 2. The smart grid evolution—A typical scenario of EPRI’s 

intelligrid model 

III. ADVANCED METERING INFRASTRUCTURE 

     Smart meters are the key contributors in the 

development of smart grid technology. A smart meter is 

an electrical meter that records the consumption of 

electricity in specific timing intervals and communicates 

that information back to the utility system for monitoring 

and billing purposes. Smart meters enable bidirectional 

communication between the meter and the central system.  

    A smart meter is an advanced meter which identifies 

power consumption and communicates the collected data 

to electricity company as well as customers for utility and 

billing purpose. It requires two way communication 

system. Advanced metering system requires an efficient 

ICT infrastructure. Figure-3 shows the AMI system. It 

will monitor various application like electricity, Consumer 

equipments and data usage. IEEE has developed more 

than 100 standards for various applications. 

 

Figure 3. The smart grid evolution—A typical AMI model 
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IV. PROPOSED MODEL OF ENERGY EFFICIENT 

GREEN INTELLIGENT GRID SYSTEM 

 

 

 

 

 

 

Figure 4. Proposed model of an Energy efficient 'Green' Intelligent grid 

The Energy- efficient Intelligent grid can be implemented 

by integrating following features. It requires the 

integration of different standards as well as technologies.  

 Smart meters 

 Dynamic Pricing 

 Automated control of appliances 

 Real time feedback system 

 Scheduling and control of loads 

 Interoperability between standards 

 Cyber-security  

CONCLUSION 

Smart grid is a self regulated, automated, energy efficient 

and intelligent power distribution system. The use of 

technology must be harmonised with nature. So, 

Advancement in technology must mitigate the adverse 

effects of existing technologies in terms of pollutions and 

energy efficiency. Integration of renewable energy 

resources with smart grid technology offers a promising 

features to reduce GHG emissions. Optimization of 

Energy- efficient Intelligent Smart grid technology is a 

journey towards nature friendly technology-development. 

It also demands interoperability between standards. We 

should focus on challenges in design and implementation 

of Energy- efficient Intelligent Smart grid technology to 

make it more efficient and eco friendly. 
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Abstract- Various solvent extract of leaves of Kalanchoe 

pinnata were analyzed for phytochemicals and in vitro 

antibacterial activity against selected species isolated from 

urine samples. The phytochemical analysis revealed that the 

plant extract contains the important phyto-constituents like 

tannin, flavonoid, carbohydrate, protein, terpanoid and 

cardiac glycoside indicating its potential activity for 

treatment of Urinary Tract Infection (UTIs). To provide a 

scientific basis to treat UTIs, the extracts of leaves of 

Kalanchoe pinnata were subjected to antibacterial activity 

against selected bacterial species by well diffusion assay. 

MIC values were also determined to find minimum effective 

concentration. All the extracts show good antibacterial 

activity against highly resistant UTI isolates. 

Key words: Kalanchoe pinnata, anti-bacterial activity, 

phytochemical activity, minimum inhibitory concentration,       

Urinary Tract Infection (UTI). 

I. INTRODUCTION 

rinary Tract Infections (UTIs) are the most 

widespread microbial disease in India as per WHO. 

The common pathogenic bacteria causes UTI are 

Escherichia coli, Klebsiella pneumoniae, Haemophilus 

influenza, Streptococcus pneumonia and  Proteus vulgaris 

are the major causative agents of nosocomial infections 

[1]. Many of the antibiotics and synthetic drugs become 

sensitive and show many undesirable side effects. So 

natural altrnative must be selected as they are more safe in 

biological system [2].   

Plants and herbal medicines have important position in 

modern medicine, due to their chemical and medicinal 

contents found in natural form. They contain various 

secondary metabolites which work together and show 

wide range of antibacterial activities. Microorganisms 

may get mutated and become resistant to many antibiotics 

and so it generates a global health problem. These 

inspired scientists to search out new natural alternative to 

treat diseases [3].                              

Kalanchoe pinnata is also known as Bryophyllum 

pinnatum, Patharkuchi, Air plant, Life plant, Mirecal 

Leaf, Goethe plant< tht Katakataka and also called 

“Wonder of the World”.The genus was first described by 

the botanist Michel Adanson in 1763.The main 

phytoconstitutes found in Kalanchoe are alkaloids, 

triterpeness, glycosides flavonoids, steroids, bryophyllin, 

palmitic acid, oxalic acid etc. [4].  

Fig. 1  Kalanchoe pinnata        

 

II. MATERIAL AND METHODS 

A. Plant Material  

Department of Biosciences, Veer Narmad South Gujarat 

University, Surat, Gujarat. Leaves of the plant was 

washed with running water, dried in shade at room 

temperature,  ground to powder  and stored in air tight bag 

in dry at low temperature. 

B. Extraction  

The powdered sample was used for extraction using 

absolute methanol, ethanol and 50% methanol as a solvent 

by Soxhlet apparatus. After removing pigments, the 

solvent was evaporated and the residue was dissolved in 

DMSO. The % yield of different solvent extract was 

calculated using following formula, 

% yield = Weight of final extract  ×  100 /  weight of 

powdered sample [5]. 

C. Isolation and Selection of Bacterial species  

Urine samples of the patient suffering from UTI were 

collected from Bhanumati laboratory and Parsi hospital at 

Navsari, Gujarat. The isolated bacterial species were 

identified by biochemical tests [6].                                                                       

From all the identified causative agents, highly resistant 

species were selected by performing antibiotic 

susceptibility test against 11 different antibiotics that are 

Ampicillin (AS), Co-Trimoxazole (BA), Cefataxime 

(CF), Piperacillin(PC), Chloramphenicol (CH), 

Ciprofloxacin (RC), Tetracyclin (TE), Ceftizoxime (CI), 

Ofloxacin (ZN), Gentamycin (GM), Amikacin (AK).  

U 
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D. Phytochemical  Evaluation  

Preliminary phytovhemical analysis was carried out using 

standard protocol for determinationis phytoconstituents : 

alkloids, tannins, saponin, aonthocyanide, phenolic 

flavonoids, flavonoids, carbohydrate, protein, terpenoids, 

cardiac glycoside and phlobatannins as directed by 

references [7], [8], [9] and [10]. 

E. Anti-bacterial Assay  

Determination of anti-bacterial activity was performed by 

agar well diffusion assay against all selected bacterial 

species [11]. Diameter of zone of inhibition was measured 

in mm and Minimum Inhibitory Concentration (MIC) was 

also determined using 1:2, 1:4, 1:8, 1:16, 1:32 and 1:64 

dilutions. 

III. RESULTS AND DISCUSSION 

A. Percentage Yield  

The highest yield was obtained with 50% methanol 

extract (33.7 mg/ml) followed by methanol extract (28 

mg/ml) while lowest yield was obtained with ethanol 

solvent (24.3 mg/ml). 

B. Isolation and Selection of Bacterial species  

50 urine samples were collected from different 

laboratories of Navsari, Gujarat. Gram negative bacteria 

isolated from urine sample were Escherichia coli 

Klebsiella pneumoniae, Pseudomonas aeruginosa, 

Proteus vulgaris and gram positive Staphylococcus 

aureus  were isolated.  Out of 50 isolates,36 Escherichia 

coli, 10 Klebsiella pneumoniae, 2 Pseudomonas 

aeruginosa, 1 Proteus vulgaris and 1 Staphylococcus 

aureus were obtained. Frequency of microorganisms to 

cause UTI is given in figure 2. 

Fig. 2  Frequency of microorganisms in UTI 

             

 All the isolates were tested for antibiotic susceptibility 

and highly resistant specieses were selected. The results 

of antibiotic susceptibility test of selected species were 

given in Table 1. 

 

TABLE I 

Antibiotic Susceptibility Test of Urine Isolates 

No. Name of 

Antibiotic 

Name of Organism 

Escherichia 

coli 

Klebsiella 

pneumonia 

Proteus 

vulgaris 

Pseudomonas 

aeruginosa 

Staphylococcus 

aureus 

1. Ampicillin S R S R S 

2. Co-Trimoxazole R R R R R 

3. Cefataxime R R R R R 

4. Piperacillin R R R R R 

5. Chloramphenicol R R S S S 

6. Ciprofloxacin R R R R R 

7. Tetracyclin R R S R R 

8. Ceftizoxime R R R R R 

9. Ofloxacine R R R R R 

10. Gentamycin R R S S S 

11. Amikacin S R S S S 

S= Sensitive and  R=Resistant 

 

EC
72%

KP
20%

PV
4%

PA
2%

SA
2%



International Conference on Multidisciplinary Research & Practice                                                            P a g e  | 105 

 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 
 

C. Anti-bacterial Assay  

All the extracts were tested for the antibacterial activity 

against all the selected highly resistant bacterial species. 

Zone of inhibition was measured in mm which is given in 

Figure 3. Methanol extract showed maximum activity 

against all selected isolates except Pseudomonas 

aeruginosa while maximum activity against Pseudomonas 

aeruginosa was shown by ethanol extract. Formation of 

clear zone of inhibition surrounding the well clearly 

showed that all the extracts of Kalanchoe pinnata were 

effective on all the selected isolates. This antibacterial 

activity might be due to t be due to presence of bioactive 

compounds in plant extracts.  

MIC of the plant extracts was determined by well 

diffusion method by using different dilutions and results 

of MIC was given in Table 2. Lowest MIC (0.303 

mg/100µl) was shown by ethanol extract of Kalanchoe 

pinnata against all the bacterial species except 

Staphylococcus aureus. Lowest MIC value of methanol 

extract was shown against Escherichia coli, Proteus 

vulgaris and Pseudomonas aeruginosa and 50% methanol 

extract against all except Staphylococcus aureus. 

 

Fig. 3 Antibacterial activity of Kalanchoe pinnata extract 

 

EC= Escherichia coli, KP= Klebsiella pneumoniae, PV= Proteus vulgaris, PA= Pseudomonas aeruginosa, SA= Staphylicoccus aureus 

TABLE II 

MIC in mg/100µl of Kalanchoe pinnata extract 

Plant extract MIC in mg/100µl 

Escherichia coli Klebsiella 

pneumoniae 

Proteus 

vulgaris 

Pseudomonas 

aeruginosa 

Staphylococcus 

aureus 

Methanol 0.35 0.7 0.35 0.35 0.7 

Ethanol 0.303 0.607 0.303 0.303 1.215 

50% Methanol 1.685 1.685 1.685 1.685 3.73 

 

D. Phytochemical Evaluation  

The phytochemical analysis reveals presence of tannin, 

flavonoid, carbohydrate, protein, terpanoid and cardiac 

glycoside.Their presence in extract indicate its 

effectiveness in inhibition of microbial growth. 

IV.  CONCLUSION 

The present study showed that all the plant extracts of 

Kalanchoe pinnata had successfully inhibited all the 

selected isolates of UTIs. .Ethanol extract showed least 

MIC value against Escherichia coli, Proteus vulgaris and 

Pseudomonas aeruginosa. Kalanchoe pinnata showed 

presence of various ptytoconstituents which might be 

effective to inhibit microbial growth.These results suggest 

that solvent extracts of this plant may be a good source of 

natural treatment of UTI. 
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Abstract- The paper presents an experimental investigation of 

cutting forces of super alloy Inconel 718 during high speed 

turning using advanced ceramic grade KYS25 and KYS30 

inserts with three different nose radii. The effect of machining 

parameters on cutting forces was investigated in dry 

machining. Firstly varying one input parameter speed v=100-

450m min-1, f=0.25mm rev-1 and d=0.75 is kept constant. 

Second varying f=0.05 to 0.40 mmrev-1, Vc=25-mmin-1 and 

d=0.75mm is kept constant, Finally varying d=0.35-

1.5mm,v=250 mmin-1 and f=0.25mmrev-1 is kept constant. The 

result show that KYS30 rhomboid shaped insert is good 

surface finish and lower cutting forces in between  v=100 -200 

mmin-1 as compared to KYS25 insert. 

Keywords: High speed machining, Advance ceramic tools, 

Cutting force, Inconel 718. 

 

I. INTRODUCTION 

ickel based alloy, Inconel, 718 is extensively used in an 

aerospace engine, gas turbine, space vehicle, rocket 

engine, nuclear reactor, submarine and petrochemical 

devices [1].The components assembled in these devices are 

subjected to extreme stress and temperature condition. This 

necessitates the component with high degree surface 

integrity which is vital need for better performance, 

reliability and longevity of the machined parts during 

service. The machining forces have an important share in 

the generation of stresses and temperature in the machined 

surfaces and hence, it is important to know the machining 

parameters, which reduce the cutting forces and generate 

favorable surface characteristics [2]. 

Inconel 718 is machined using coated carbide, ceramic and 

CBN cutting tools. Due to short life of carbide cutting tools, 

the ceramic inserts are finding promising result while 

machining these alloys. These are possible due to improved 

properties of the ceramic tools such as fracture strength, 

toughness, thermal shock resistance, hardness and wear 

resistance. These developments made the ceramic tools to 

withstand temperature produced in high speed cutting of 

Inconel 718.Besides reduction in cutting forces and 

improved surface finish as compared to that of plain and 

coated carbides makes them suitable for machining at higher 

cutting speeds.  [3].The paragraph below highlights the few 

prominent studies of machinablity of Inconel 718 using 

ceramic insert. 

Narutaki et al [4] observed that the SiC-whiskered ceramic 

insert showed best performance in respect of notch wear at 

cutting speed under 300m/min and Tic added alumina 

ceramic tool showed small tool wear as compared to carbide 

tools. Ezugwu [5] used pure oxide and mixed oxide ceramic 

tools to study the extent of surface damage on machined 

surface under optimum cutting condition. A rhomboid 

shaped and round inserts were used during   

experimentation. Machining with the mixed oxide ceramic 

tools generally produced better surface finish than with 

oxide ceramic because of their improved hot hardness, 

fracture toughness and wear resistance. Li and wang [6] 

focused on cutting speed influenceon tool wear and tool life. 

They reported that the Sialon grade ceramic insert with 

square and round shape proved better for high speed 

machining of Inconel 718. Coelho et al [7] studied the 

performance of similar insert subjected to modification on 

edge geometry form on tool wear, surface roughness and 

temperature during high speed turning of speed nickel based 

alloy. They found that round inserts made of alumina based 

ceramic C50 are the best in terms of tool wear and flank 

wear. Ceramic tools shown lower temperature on the rake 

face during machining compared to PCBN. Ezugwu et al [8] 

focused their study on cutting force and tool wear during  

machining of Inconel 718 using round shaped whisker 

reinforced ceramic insert. They observed that lower forces 

are generated at high coolant supply pressure due to 

improved cooling and lubrication at cutting interfaces. 

Nalbant [9] discussed the effect of cutting speed on tool 

wear and tool life when machining of Inconel 718 using 

square and round ceramic insert. He observed that square 

type inserts shows good performance compared to round 

inserts at low main cutting force are obtained square insert 

SNGN 120712 and highest cutting forces are observed on 

RNGN  120700 ceramic tools, which depends on tool 

geometry.   Bushly [11] experimentally observed the effect 

of cutting parameters and coolant condition on damage to 

the machined surface. cutting speeds and round type insert 

are good at high cutting speeds. Muammer and Altin [10] 

studied the effect of cutting speed and edge geometry on 

cutting force. They reported that The literature review 

shows that the work undertaken using advance ceramic tool 

under dry cutting condition is inadequate. In this 

investigation super alloy Inconel 718 is machined by using 

advanced SIALON grade ceramic CVD coating KYS25 and 

KYS30 rhomboid shaped inserts having different nose radii. 

The main objective of this research is to study the influence 

of machining parameters on cutting force using experiment 

N 
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and to find the suitable tool geometry and the optimal 

cutting conditions in order to achieve higher mach inability. 

 

II. EXPERIMENTAL SET UP 

Machining tests are carried out on a CNC turning 

lathe(Make-Micromatic Model-Jobber XL) with capacity of 

5.7 KW and maximum spindle rpm of 5000.The three force 

components  Fc, Ft and Ff are measured online during 

turning of Inconel 718 with a sensitive three component 

kistler  dynamometer (Model-9257 BA) with built in charge 

amplifier. Data acquisition was made through the charge 

amplifier and a computer using dynoware software. 

Specimen of Inconel 718  are prepared in the dimension 30 

x150mm and then used for experiment. Chemical 

composition of work material is given in Table 1. 

 
TABLE 1.CHEMICAL COMPOSITION OF WORK MATERIAL 

 

C 

 

 

Mn 

 

Si 

 

Cr 

 

Ni 

 

0.03100 

 

0.2300 

 

0.1600 

 

18.1200 

 

52.2300 

 

Co 

 

Mo 

 

Nb 

 

Al 

 

Fe 

 

0.3300 

 

2.9700 

 

5.100 

 

0.7100 

 

19.400 

 

In this experiment SIALON ceramic having three different 

nose radii with rhomboid shaped inserts are used. They are 

specially designed for high temperature application material. 

Their geometry is shown in Table 2.Tool holder 

PCLNL2525M12 ISO with „‟p‟‟ clamping is used having is 

rake angle 5
0    

 clearance angle -6
0
 and approach angle 95

0. 

 
TABLE 2.GEOMETRY AND MATERIAL OF THE CUTTING TOOL 

INSERTS 

Material Nose 

radius 

Grade ISO 

Designation 

SIALON 

CERAMIC 

0.8mm KYS25 

CVD 

CNGA120408E 

SIALON 

CERAMIC 

1.2mm KYS25CVD CNGA120412E 

SIALON 

CERAMIC 

1.6mm KYS30 CNGA120416E 

 

( a )  CNGA120408E 

 

(b) CNGA120412E 

 

( c) CNGA120416E 

Fig1. Cutting tools used for experiment 

 

III .RESULTS AND DISCUSSION 

The cutting force generated during machining are recorded 

and is shown in Table 3.The one factor at a time approach of  

experimentation was employed to understand the mechanics 

of cutting force generation in response to input process 

parameter 
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Table 3. Observed values of cutting force components 

 

  

Exp 

No 

Input parameters,  Cutting forces in Newton 

Fc Ft Ff Fc Ft Ff Fc Ft  Ff  

 Vc 

mmin
-1

 

f 

mmrev
-1

 

ap 

mm 

 

rh=0.8mm 

  

             rh=1.2mm 

 

rh=1.6mm 

1 100  

 

 

 

0.25 

 

 

 

 

0.75 

392.2 218.2 263.7 323.8 256.2 229.8 244.3 174.3 107 

2 150 340.1 235 242.6 309.4 208.9 157.2 192.6 233.6 159.1 

3 200 288.7 195.6 172.3 284.7 213.8 149.2 175.5 191.8 95.06 

4 250 262.2 208 190 232.5 219.9 134.1 239.7 287.6 176.1 

5 300 259.9 207.8 189.5 260.9 219.1 138.9 265.7 247.5 157.5 

6 350 243.2 209.7 201.1 264 228.9 161.4 348.4 383.9 303.8 

7 400 316.2 229.2 315.7 186.9 200 117.5 280.8 375.4 229.9 

8 450 371.6 756.7 469.1 256 219.7 145.7    

9  

 

 

250 

0.05  

 

 

0.75 

   114.6 150.9 123.4 157.9 292.5 207.2 

10  0.10 231.6 255.1 387.1 157.5 168.9 126.2 215.3 255.9 242.5 

11 0.15 190.4 168.9 156.3 196.8 180.5 131.7 212.4 298.6 197.9 

12 0.20 251.3 270.1 315.4 292.4 214.4 180.5 243.1 257.4 217.1 

13 0.30 281.7 227.5 206.1 287.5 224.4 149.1 366.2 266.4 197.4 

14 0.40 375.8 316.9 300.9 371.4 311.7 227.2 379 304.9 198.7 

15  

 

 

250 

 

 

 

0.25 

0.35 129.9 132 61.65 159.9 163.6 76.90 165.7 193.8 92.47 

16 0.50 215.1 246.4 161.1 191.2 174.9 95.98 141.8 158.1 71.41 

17 0.75 266 198.8 181.7 257.7 196.7 143.4 319.4 293.7 233.5 

18 1.00 366.8 204.9 277.4 330.8 216.7 181.6 350.3 277.4 212.9 

19 1.25 422.8 233.4 316.6 390.8 236.5 211.8 429.7 305.6 265 

20 1.5 487.1 213.2 307.3 520.5 249.6 305.9 437.5 301.1 276 
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3.1Effect of cutting speed on force magnitude 

Fig. 2(a-c) presents the variation of cutting force (Fx, Fy, Fz) 

magnitude with the change in cutting speed during high 

speed turning. The feed rate and depth of cut were fixed at 

0.25mmrev
-1

 and 0.75mm respectively. It is seen from the 

plot that as the cutting speed increases from 100 to 

400mmin
-1

, the magnitude of all force components reduces 

except for 1.6mm nose radius tool. This might happen that 

as the cutting speed increases, the temperature in the shear 

zone rise leading to thermal softening of the work material. 

As a result, the lower forces are required to shear the 

material in deformation zone. However in case of higher 

nose radii tool (1.6mm), because of larger area of contact in 

case of higher nose radius tool, the deformation is severe 

leading to sever high the frictional conditional  leading to 

increase in the strain and strain rate and therefore the forces 

increased  when cutting speed changes from 200 to 

400mmin
-1

. 

 

                                             (a) 

 

                                            (b) 

 

(c) 

Fig. 2(a-c) Force components in dry machining of Inconel 718 with 

ceramic tool with f=0.25 mmrev-1and d=0.75mm. 

 

3.2 Effect of feed rate on force magnitude 

Fig.3. (a-c) presents the variation of cutting force (Fx,Fy,Fz) 

magnitude with the feed rate during high speed turning. The 

cutting speed and depth of cut were fixed at 250 mmin-1 

and 0.75mmrespectively. It is seen from plots that as the 

feed rate increases from 0.15 to 0.40mmrev
-1

, the magnitude 

of all the force components increased. This is because the 

increase in co efficient of friction at tool tip nose radius is 

more. Hence grater forces needed to shear the material. 

In   between   feed   rate 0.05 to 0.15 mmrev
-1

, the 

performance of all the inserts are good. However, at 1.6mm 

nose radius insert larger forces are produced   as compared   

to 0.8 mm and 1.2mm nose radius. This is because grater 

friction experienced by the tool nose radius to shear the 

work piece material. 
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(b) 

 

(c) 

Fig.3. (a-c) Force components in dry machining of Inconel 718 at (0.05-

0.4) mmrev-1feed rate with ceramic cutting tools having v=250 mmin-1and 

d= 0.75mm. 

3.3 Effect of depth of cut on force magnitude 

Fig. 4 presents the variation of cutting force (Fx, Fy, Fz) 

magnitude with the change in depth of cut during high speed 

turning. The speed and feed rate were fixed at 250mmin
-1 

and 0.25mmrev
-1

respectively.It is seen from the plots that as 

the depth of cut increases from 0.35 to 1.5 mm the main 

cutting force components increased. At the larger depth of 

cut material removal rate is high. Higher forces are needed 

to shear the work material. Further increasing the depth of 

cut from 0.35 mm to 0.5 mm, with the insert having 1.6mm 

nose radius shows better performance. This might happens 

due to large contact area of 1.6mm nose radius resulting into 

gradual and uniform deformation of work material and 

hence, less forces are needed to shear work piece material. 
 

 

(a) 

 

(b) 

 

(c) 

Fig.4. (a-c) Force components in dry machining of Inconel 718 at (0.35-

1.5) mm depth of cut having v=250mmmin-1 and f=0.25mmrev-1. 
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IV. CONCLUSIONS 

This experimental work involves analysis of cutting forces 

in high speed turning operation on Inconel 718 using 

ceramic insert. The following conclusions are yielded 

 The CNGA120416E shaped ceramic insert shows better 

performance as compared to CNGA120408E and 

CNGA120412E shaped ceramic inserts in the cutting 

speed range 100 to 200mmin
-1

-,f=0.25mmrev
-1

and 

ap=0.5mm. 

  Increasing the cutting speed from 100 to 350 mmin
-1

, 

all force components are reduces 0.8 mm nose radius. 
 The suitable range for the CNGA120408E insert for 

high speed machining is Vc= 350mmin
-1

, f=0.25mm. 

 Cutting speed Vc =400mmin
-1

, f=0.25mm and 

ap=0.75mm is suitable for CNGA120412E shaped insert 

for high speed machining. 

 Increasing feed rate from (0.05 to 0.2) mmrev
-1

, 

VC=250mmin-
1 and

 ap=0.75mm is suitable for all type 

insert during high speed machining of Inconel 718. This 

is because all force components are minimum in this 

range. 
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Abstract - Brand identity plays an important role. It is more 

than the existence of brand. It is a real experience what 

customer receives with the brand. Brand Identity work as a 

platform between customer and company. The core values and 

the beliefs are main ingredient for the creation of brand 

identity. The brand is to remain continue in existence as it is a 

strategic tool for the company. Branding will present a chance 

to accept a challenge to present unique value to customer 

against all the complex situations. This paper is an attempt to 

investigate the general effectiveness of branding on Newspaper 

and to analyze in the depth about the contribution of different 

attributes in selection of Newspaper. 

 

Keywords: Branding, Newspaper, Consumer Behavior, Visionary 

Orientation, Distinguished Approach, Focused Position, 
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I. INTRODUCTION 

randing is a skill of marketing. Brand is an 

identification of seller for customer. Brand also 

symbolize as a promise for the customer by accompany. 

Brand constructs the image in the minds. Then it takes to the 

attributes. The attributes work as a minimum expectation 

level. Brand gets in the position of beliefs and values. 

Attributes assure about the functional level but beliefs and 

values go for emotional bonding. Brand goes for bonding 

with customers. 

Brand development takes long rigorous exercise. It does not 

long rigorous exercise. It does not come after in easy 

manner. All the units of company are required to contribute 

for the growth of company. Advertising is a major 

contributor in brand building exercise. When it is revised 

continuously before customer then only real effect takes 

place. Logo, tagline, packaging are the elements of branding. 

The core values are always supreme for the company; which 

reflect in the branding where as product, services and 

employees may change. 

The value works like gift. The company believes in offering 

you to spend the time, searching your favorable potential 

and selection of an emotional justification to purchase. 

Mostly you are interested to motivate the customer to put 

time and money concentrated in searching and selecting in 

best of manner.  The development of a clear message is a 

significant step towards branding. The return on investment 

for message comes through with the successful 

identification, rememorizing brand by audiences. There is 

always possibility to review ad campaigns, packaging, logos 

and even message 

Branding, present a better chance in the improvement of 

external communication. This requires meticulous planning 

in every step. The situation varies from case to case. The 

budget plays as dependent variable for the success of 

planning. It is easier to select an idea rather an execution on 

same. Branding exercise does not give direct response 

immediately so the economic aspects may demoralize like 

any other factor. The strategy of branding in itself does not 

play any great role but the delivery of the strategy play a 

great role. The execution of strategy gives birth to the brand 

image. Image is supported by three components i.e. Scene, 

words and the self experience of the customer. This reflects 

in the separation of the brand as a quality brand. 

Establishing the brand equity requires hardcore networking 

and association with the customer memory. 

Customer may have an association due to attribute, situation 

of use, celebrity for product promotion or symbol. This 

relationship may create perception for brand; distinguish 

features of the brand and value for money to consumers. 

Methods for measuring brand association networks fall into 

two categories. First, consumer mapping techniques obtain 

the information directly from consumers. 

At present all the reputed brands of world hold the status of 

personalities in their own identity. They have received the 

approval all communities and life styles. The credit goes to 

the appealing power of the brands. Brands attract the life in 

two ways i.e. first; Rationally, second; Emotionally. 

Rationally brand presents logic and sense to customer about 

the need.  Emotional factor touches to the feelings of the 

brain. The successful branding may go to any one way or to 

both the way. This ultimately reflects in the perception of 

the customer. The corporate branding also plays an 

important role. Instead of looking after to any individual 

product company is focusing on parental approach or an 

umbrella approach which reflects the company value system 

to the consumer. 

The popular misconception must be removed that logos are 

the brand. Logos are not the brand they are only symbols. 

People take the logos as identification marks. The visual 

sensation really plays an important role in the branding. It 

depicts the culture of the brand. That works as a gate point 

for your brand. Packaging also works as an important 

medium of branding. In the flood of brands packaging plays 

as an identification factor for branding. Packaging works as 

long associative factor with the customer. The Individuals 

also may work on the branding path. There are people who 

are the successful in your opinion but may not be on the top 

of mind of others so the branding is still not fully done like. 

There are people who are successful in terms of worldly 

experience will be an ideal brand to be expected to follow by 

B 
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every body. They will be an ideal symbol for others 

according to today’s standards. The people may belong to 

politics, films, sport or Industry. They have the public 

branding. These people may be brand creators in themselves.  

All the elements of branding are an important as they present 

brand assurance to customers. The product or services are 

formats of assurance given to the customers. This assurance 

takes place as brand equity. The relationship last long till the 

time companies follow the assurance. Every company must 

know and realize that the ultimate decision maker is 

customer with the discretion what he/ she is having. No 

influence can be workable at this stage. 

Brand requires value proposition to customers. It must offer 

some thing special to customer. The feeling of being special 

is the only key factor to separate the brand from competitors. 

We have to keep brand relevant. As world keep on changing 

then attitude of people also keep on changing so brand must 

tune up with these changes. It should come across with the 

experience of customer. Brands will have to be maintained 

with sound strategy. Planning and analysis are the essential 

steps in the brand strategy. Planning deals with presentation 

of differentiated proposition. Analysis covers the research 

aspect that what does market really expects. The empirical 

evidences play an important role. The game of reassessment 

continues for whole life of brand.  

Brand identity plays an important role. It is more than the 

existence of brand. It is a real experience what customer 

receives with the brand. Brand Identity work as a platform 

between customer and company. The core values and the 

beliefs are main ingredient for the creation of brand identity. 

The brand is to remain continue in existence as it is a 

strategic tool for the company. Branding will present a 

chance to accept a challenge to present unique value to 

customer against all the complex situations. 

 
II. RESEARCH OBJECTIVES 

(i) To investigate the general effectiveness of branding 

on Newspaper. 

(ii) To analyze in the depth about the contribution of 

different attributes in selection of Newspaper.  

(iii) To study segmentation aspect for selection of 

newspaper. 

     

III. REVIEW OF LITERATURE 

The review of Literature provides the valuable and gainful 

insights on the research topic. M. Rogers (1962) has give the 

Model of Hierarchy of Consumer response which applies on 

sales promotion and advertising technique Brainsternthal 

and C Samuel Craig (1973) have presented the role of appeal 

in achieving the goal of getting  attention but also a message 

can be block. Ray and Wilkie (1974) have focused on fact 

that after a certain time appeal start loosing its impact. 

David Ogilvy has indicated that the common man get the 

response quickly through celebrities. Aaker, Batra and 

Myres (1992) have advocated the use of special testing 

methods like theatre testing for success of any 

advertisement. 

John David Son, Alice Tybout and Brain Sternthal (1978) 

have high lighted the conditions of operations for sales 

promotions. 

Communication plays a very crucial between customer and 

company. The communication plays its role in duration of 

pre-selling, selling consuming and post consuming stages 

with both customer and company. The issue remains that 

how company reaches to customer and how customer 

reaches to the company. There are various communication 

platforms both old V/s new. 

By reduction in communication cost the companies are 

switching from mass communication to one to one 

communication. The product’s style, price, package color 

decoration of place; play an important role in 

communication to buyers. Every frequency of brand contact 

can view positive or negative message about the strategic 

positioning of brand. One can start with talking to all the 

potential customers about their experiences with the product. 

The marketers will have to pickup these experiences and 

impressions which influence the buyer at every stage of 

purchasing. 

For effective communication marketers need to follow the 

basics elements of communication. The communication 

model exist with nine elements i.e. sender, Encoding, 

message, Media, Decoding, Receiver, Response, Feedback 

and Noise. The senders must follow that who are the 

audiences, what they want to send and what response that 

may receive. There should be proper use of all the 

communication elements. The steps to be followed are (1) 

Identify the target audience (2) Determine the 

communication objectives (3) Design the message (4) Select 

the communication channels (5) establish the total 

communication budget (6) Decide on communication mix 

(7) Measure the communication results (8) Manage the 

integrated marketing communication process. 

 

IV. RESEARCH METHODOLOGY 

Research design used in the study was experimental as the 

nature of the study is to associate different attributes. The 

first objective of the study was to study general factors but 

question was how to decide general factors? The researchers 

have to decide the factors which can represent the 

marketing. The Focus Group Discussion Technique was 

found suitable. The remaining objectives have been decided 

to tackle with the survey technique as there has been more 

conclusive condition. 

The group members have been discussed with the series of 

questions belong to marketing. In the first half of discussion 

group members have been discussed with the factors which 

may be considered as the representation of creativity. The 

sample size selected is 200 for this study. The following 

factors have been emerged in the discussion 

1. Image 

2. Quality 

3. Language at local 

4. Variety news 

5. Professional Information 

6. Local coverage 

7. Promotion scheme 

8. Independent Outlook 

9. Public support attitude 

Interval Scale 1-7; 1 = most unimportant, 7 = Most 

Important will work in Factor Analysis. Following 
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statements have been also worked out for segmentation 

procedure. 

1 Brand loyalty in Newspaper reading 

2 Change it on regular basis 

3 Read more than one news paper  at once 

4 Quality as selective factor 

5 Professional requirement also plays an 

important role. 

6 Sports  or politics is important section 

7 Price sensitivity 

8 It work only with sales promotion scheme 

9 Local coverage is an important criterion. 

10 Regional basis works 

11 National aspect works 

12 International aspects works 

13 Knowledge source for competitive examination. 

1= Strongly Agree, 2= Agree, 3= neither agree nor disagree, 

4= Disagree, 5= strongly disagree 

Cluster analysis will be worked out for this procedure. 

 

V. DATA ANALYSIS 

1) Factor Position 

1) F1 – VAR4, VAR5, VAR7 

2) F2 – VAR9, VAR10 

3) F3 – VAR3, VAR8 

4) F4 – VAR2, VAR6 

2) Cluster Position 

Cluster 1 –  VAR1 

      VAR8 

Cluster 2 – VAR2 

       VAR3 

       VAR4 

       VAR5 

                  VAR6 

       VAR7 

       VAR9 

       VAR10 

       VAR11 

       VAR12 

3) Factor Analysis 

Factor 1 – (Visionary Orientation) – Variety, Professional 

news & Promotional Scheme 

Factor 2 – (Distinguished Approach) – Public Support 

Attitude, Reporting Style 

Factor 3 – (Focused Position) – Language, Independent 

Outlook 

Factor 4 – (Management Orientation) – Quality, Local 

Coverage 

Newspaper may adopt these factors: 

Visionary Orientation will be highly dependent on the 

variety, Professional news & Promotional Scheme. It would 

also have importance for distinguished approach which will 

depend on public support and reporting style. The focused 

positions also play very important role with the support of 

language along with independent outlook visionary 

orientation is also highly demanding factor with the 

combination of quality and local coverage. 

4) Factor Analysis Statistics 

KMO – 560 

Bartlett’s Test of sphericity - 43.486 

KMO status has been achieved by dropping one variable out 

of original variables. The individual to KMO variable of the 

variable was to below accepted level. 

5) Cluster Analysis 

Cluster 1 – Brand loyal, Sales promotion schemes 

Cluster 2 –  

1. Change on regular basis  

2. More than one paper reading out at one time 

3. Quality 

4. Professional requirement 

5. Sports and politics Section 

6. Price sensitivity 

7. Local Coverage 

8. Regional basis 

9. International aspect 

10. Knowledge Source for Competitive 

 

VI. CONCLUSIONS 

1) Newspaper will work in a better manner with visionary 

orientation. 

2) Distinguished approach is always helpful for 

newspaper. 

3) It is difficult to survive with focused position.  

4) Management orientation plays an important role. 

5) Brand Loyal Status plays an important role. 

6) Sales promotion is an important factor for sources of 

any newspaper brand. 

7) Local Coverage is an important issue for any 

newspaper. 

8) Knowledge source is also an important role. 

VII.  SUGGESTIONS 

1 Product perception could be given due weight age. 

2 Attitude measurement can be done in proper manner. 

3 Product image could be given enough importance, 

4 Benefits are to be felt in a more emphatic manner. 

 

REFERENCES 

 
[1]. Brain Sternthal and C Samuel Craig – “Humour in Advertising” 

Journals of Marketing Oct.73, pp 17-18. 

[2]. Joe David son Alice Tybout and Brainsternthal “Impact of Deals and 
Deal Retraction in Brand Switching” Journals of Marketing Research, 

Feb. 1978, pp 72-81. 

[3]. Aaker, David, A. Batra, Radeev and Myers, John G “Advertising 
Management”, Prentice Hall, New Jersey, 1992, p.196. 

[4]. Evesett M Rogers, Diffusion of Innovations Free Press, New York, 

1962 pp 79-86. 
[5]. Brain Strenthal and C Samuel Craig “Humour in Advertising”, 

Journal of Marketing, Oct. 1973, pp 17-18. 
[6]. www.quirks.com 

http://www.quirks.com/


International Conference on Multidisciplinary Research & Practice                           P a g e  | 116 

 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 
 

Carbon Nanotubes: A Review 
Khyati Shah 

#
, Dr. Jayesh Ruparelia 

*
 

Chemical Engineering Department,  

Nirma University, Ahmedabad,Gujarat,India 

 

 
Abstract— Since the first discovery of the carbon nano tubes in 

1991 , in the consecutive years several techniques have been 

developed for their preparation . These techniques have 

improved a lot and they produce carbon nanotubes of required 

characteristics. The review here describes the major  

techniques used such as laser ablation, arc discharge, chemical 

vapour deposition(CVD)  and gives an idea on which technique 

may be useful for the production the CNTs having particular 

characteristics. 

Keywords—carbon nanotubes, laser ablation, arc discharge, 

chemical vapour deposition (CVD), purification  

I. INTRODUCTION 
 

ijima discovered the carbon nano tubes in 1991, using an 

electron microscope while studying cathodic material 

deposition through vaporizing carbon graphite in an electric 

arc-evaporation reactor under an inert atmosphere during the 

synthesis of fullerenes. They appeared to be made of a 

perfect network of hexagonal graphite rolled up to form a 

hollow tube. The nano tube diameter range is from one to 

several meters and is much smaller as compared to its 

length. 

Over the years, the fabrication techniques have been 

improved and other techniques have been discovered that 

can be characterised based on the parameters of the carbon 

nanotubes such as shape, size, type and also its quantity. 

II. PROPERTIES OF CARBON NANOTUBES 

Carbon nanotubes exhibit unusual photochemical, 

electronic, thermal and mechanical properties. The 

SCWNTs are found to behave like metals, semi-metals or 

semi-conductive one dimensional objects. They have very 

high tensile strength (~150GPa nearly 100 times that of 

steel), high modulus (~1TPa), low density (1100-1300 kg/m
, 

3
)

 
thermal conductivity (~3000 W/mK) and high electrical 

conductivity (comparable to copper). 

III. TYPES OF CNTS 

Carbon nano tubes or CNTs are cylindrical in shape with 

diameter ranging from 1-100 nm and having the length 

extended up to few micrometers in scale. The two basic 

forms of the CNTs are: 

A. Single Walled Nano tubes  

SWNTs consist of a single tube of graphene. [2] They can be 

considered as a graphene layer (single layer of graphite) 

rolled into single sheet. 

 

 

Fig.1 Graphene sheet rolled to a CNT-schematic representation [3] 

They have a length to diameter ratio equal to 1000 or more. 

They have diameters close to 1nm.It consists of two separate 

regions- the sidewall of the tube and the end cap of the tube, 

having different physical and chemical properties. They are 

very good electric conductors and exhibit certain electrical 

properties that are not exhibited by the MWNTs. 

B. Multi Walled Nano tubes 

MWNTs are  composed of several concentric tubes of 

graphene f i t t e d  one inside the other. The length, 

diameter and the properties are different as compared to the 

single walled nanotubes. The inter-layer distance of the 

graphene layers in the MWNTs is close to 3.3A. 

The Double Walled Nano tubes and the SWNTs have nearly 

the same properties. They are a special case of the MWNTs. 

The double walled carbon nano tubes were first synthesized 

by the chemical vapour deposition method on a gram scale 

in 2003. 

IV. SYNTHESIS 

The major methods for the synthesis of the carbon nano 

tubes are: 

A. Arc-Discharge 

B. Chemical Vapour Deposition 

C. Laser Ablation 

 

I 
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Fig.  2 (a) Schematic honeycomb structure of a graphene sheet. Single-walled carbon nano 

tubes can be formed by folding the sheet along lattice vectors. The two basis vectors a1 

and a2 are shown. Folding of the (8, 8), (8, 0), and (10,-2) vectors lead to armchair (b), 

zigzag (c), and chiral (d) tubes, respectively. 

A. Arc Discharge Method 

In the laboratory scale production, the two carbon electrodes 

are separated by a 4mm wide gap and are placed in a water 

cooled chamber. The DC voltage is provided in the arc 

between the two electrodes under the helium atmosphere at 

sub-atmospheric pressure.Ni/Y and Co/Ni catalysts are used 

in production of the SWNTs using this method. [5] 

 

Fig. 3 Arc Discharge Method 

B. Laser Ablation Method 

In 1995, Guo synthesised the CNTs using this method for 

the first time. [6]The principles and the mechanisms of this 

method are similar to that of the Arc discharge method but 

the laser is used as the energy source instead of DC current. 

SWNTs with high quality and high purity are prepared using 

this method. Carbon nano tubes are nowadays prepared 

using different types of lasers. The original method 

developed by researchers at Rice University used a "double-

pulse laser oven" process. There are several researchers who 

have used variations of the lasers to include one-laser pulse 

(green or infrared), different pulse widths (ns to micros as 

well as continuous wave), and different laser wavelengths 

(e.g., CO2, or free electron lasers in the near to far 

infrared).[7] 

 

Fig. 4 Laser Ablation Method [9] 

C. Chemical Vapour Deposition Method 

The Chemical Vapour Deposition Technique requires low 

temperature (<800⁰C) and has replaced the arc discharge 

and the laser ablation techniques. 

A number of methods under the CVD (Chemical Vapour 

Deposition) methods are hot filament, water assisted, and 

oxygen assisted, microwave plasma, radiofrequency, 

thermal and plasma enhanced methods. Mostly the CVD 

methods are thermal or plasma enhanced .The high 

temperature is required to decompose the carbon source. 

The process is catalyst based and the most commonly used 

metal catalysts are Fe, Co and Ni. The most preferred 

hydrocarbon sources are methane, ethane, acetylene, 

ethylene, carbon monoxide .The carbon sample is allowed to 

cool down in an inert gas environment to avoid the etching 

away of CNTs by reaction with oxygen. Higher temperature 

is required for the synthesis of SWNTs as compared to that 

of MWCNTs. If SWNTs are to be synthesised, the anode 

has to be doped with a metal catalyst such as Fe, Co, Ni, Y 

or Mo. If the two electrodes are graphite electrodes, than the 

major product will be the MWNTs. DWNTs have been 

prepared using acetylene as the carbon source over well-

dispersed metal nano-particles-Co/Fe Binary System 

embedded in heat resistant zeolites at temperature above 
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900⁰C. Using Plasma Enhanced CVD methods, the nano 

tubes can be prepared at a comparatively lower temperature. 

The disadvantage is mixture of SWCNTs and MWCNTs are 

produced together during the CVD. [2], [3], [13]  

1) PECVD : 

CNTs were produced by (Lasorsa et al. 2010) for use in the 

manufacture of nano sensors and (Perez et al. 2010). They 

were manufactured by Plasma Enhanced Chemical Vapor 

Deposition method. These sensors require specific structure 

of the carbon nanotubes only as any change in them will 

lead to change in the properties of the bio-sensors in which 

they are used. 

The PECVD reactor used had a radiofrequency source of 

13.56 MHz and output power of 1200 watts. The figure 

below shows it.  

The glass tube is made of pyrex glass and is closed by 

bronze plates with the manholes corresponding to the entry 

of gases. The sample holder was constructed with a steel 

tube and was heated by resistive cartridge. The ultrapure 

methane used was controlled with a mass flow controller. 

The sample holders of Cu impregnated with a solution of 

ferric nitrate in isopropyl alcohol were placed on the heated 

central electrode of reactor and were subjected to 900 °C 

temperature and pressure of 400 torr.The conditions 

remained constant throughout the process. 

The CNTs were found inside the hollows of sample holder 

and the zones impregnated with ferric nitrate solution. The 

multiple walls CNT obtained had average dimensions: 

length 5 nm and average diameter 7nm. 

Thus, a large number of CNTs of desired structure can be 

produced. 

 

Fig. 5 Plasma Enhanced Chemical Vapor Deposition [10] 

 

Fig. 6 Chemical Vapour Deposition Method [9] 

2) MPECVD & PECVD : 

Bower et al. Showed that the highly aligned CNTs can be 

grown by microwave plasma enhanced chemical vapour 

deposition method. The alignment resulted from the self-

bias and they were grown normal to the surface of optical 

glass fibres. The upper alignment in the plasma region is 

straight while the base shows random curled structure 

associated with thermal CVD. The growth rate was 40 times 

faster than thermal CVD. 

Using the conventional thermal CVD techniques, such 

carbon nanotubes that are highly aligned and curled from 

the bottom can be produced in larger quantities and lower 

costs but we will have less control over size, diameter and 

length. [11] 

The thermal CVD is a single step process while the PE CVD 

is a double – step process. 

The double-step methods involve coating the active 

catalystonto a substrate, this has the advantage of 

controlling the morphology and distribution of the catalyst 

particle. Also, the CNT growth location can be controlled 

and thus higher-purity ACNTs are produced by double-step 

methods compared with single-step methods. [12]  

3) Radio Frequency Plasma Process : 

Radio frequency (RF) plasma processes have been 

developed and seem to be one the most promising methods 

for the large-scale synthesis CNTs from various solid carbon 

feed. The RF plasma torches generate plasma jets with large 

hot volumes and low speeds in comparison to DC plasma 
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torches that extend the interaction time between plasma and 

the feed or the CNTs produced. 

Although, the RF plasma synthesis by Kim et al. reported 

high quality SCWNTs at a large scale from solid carbons 

and a good scalability the purity of the samples was low i.e. 

20-30 wt %. This showed that the RF induction plasma 

process seems to be mainly attributable to the incomplete 

treatment of solid feedstock in the plasma jet and to the 

formation of amorphous carbon as a by-product. 

They are also the typical drawbacks of vaporisation 

methods. Up to 40% purity had been achieved in the work 

above but to achieve higher purity, liquid stock was 

employed rather than solid stock. 

The liquid stocks consisted of liquid hydrocarbons and 

metallic catalysts and are fed to the RF induction plasma 

torch through an atomizer. [14]  

 

Fig. 6 A schematic diagram of an RF induction thermal plasma process 

developed for the large-scale synthesis of high quality SWCNTs from 

liquid feedstock.[14] 

D. Vapor solid – solid (VSS) growth mechanism  

This mechanism consists of four steps that were explained 

by Jourdain V. et al.  (2002) 

In the first step, nano sized metallic particles are formed on 

the substrate by either laser ablation or by annealing a very 

thin metallic film. 

The second step is the decomposition of hydro carbon gas 

over the surface of metal catalyst nano particles to release 

the hydrogen and carbon, which dissolve in them.  

The third step is the diffusion of carbon through the metal 

particle and precipitation. 

The final step consists of over coating and deactivation of 

the catalyst and termination of nanotube growth. 

 

E. Vapor liquid solid (VLS) method growth mechanism 

 

It consists of three main stages i.e. Nucleation, precipitation 

and deposition. Initially, at higher temperature the metal is 

evaporated with carbon at high temperature by arc discharge 

method and a metal- carbon alloy particles are formed. 

Initially, in the liquid state (due to decrease in melting point 

of the alloy); due to high temperature the carbon content is 

more than solubility limit in a solid state. Therefore, with 

decrease in temperature of cathode, liquid alloy particles 

begin to segregate excess carbon on their surfaces. [15] 

 

V. PURIFICATION 

The carbon nano tubes obtained by any method needs to be 

purified for their specific applications as they contain 

impurities like carbon particles, catalyst particles that tend 

to disrupt the properties of the carbon nano tubes. They can 

be purified by various methods such as oxidation, acid 

treatment, annealing and thermal treatment, ultrasonication, 

magnetic purification, microfiltration and cutting. [3] 

VI. CONCLUSION 

From the literature review, the CVD techniques and its 

variants are better techniques as they give higher yield (20-

100%), produce CNTs on a large scale with controllable 

diameter and length. It is found as cost effective as 

compared to other methods. Further, it is also seen that the 

laser ablation method is the costliest as it requires expensive 

lasers and high power equipments. Production with the arc-

discharge methods may not be too costly but the product 

obtained has low purity and often requires expensive 

purification techniques to be performed. 
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Abstract: - Availability of natural resources is not planned by 

the humans. However, they have always generated the need for 

creating effective measures of utilizing the natural resources 

for the benefit of mankind. One category of natural resource is 

the fossil fuel and renewable sources like water, wind and solar 

which is an integral component of the Power sector companies. 

Power companies have established their Power Generation 

plants close to the availability of the natural resources. Gujarat 

State Electricity Corporation Limited (GSECL), the Power 

Generation arm of the Public Sector Company Gujarat Urja 

Vikas Nigam Ltd., has built a thermal and a hydro power plant 

in Ukai, Gujarat. This has resulted in displacing villagers from 

at least 8 villages. These villagers, mostly tribal, have moved to 

nearby locations in search of their livelihood.  

This paper has documented the need assessment survey 

carried out by the authors on parameters such as sources of 

income, skill development, availability of food, water and 

shelter, transportation, education, healthcare and sanitation of 

the displaced villagers near Ukai power plants. Data collected 

has been analyzed using qualitative and quantitative 

techniques. The authors have suggested from their findings 

specific CSR initiatives that can be undertaken with the 

effective use of Information and Communication Technology 

(ICT). These would be in line with measures adopted by 

developed villages like Punsari in India for empowering and 

improving the quality of life of the villagers.  

I. INTRODUCTION 

he Ukai Thermal and Hydro Power Plants have been 

setup by GSECL on the banks of the River Tapi. The 

GSECL Township at Ukai, Gujarat is about 6 kms from the 

Maharashtra border. Paddy, sugarcane and bamboo are 

grown in plenty as the agricultural crop by the nearby 

villages. Bamboo goes as raw material to the Paper mill in 

the vicinity. Most of the villages in the surrounding 

neighborhoods consist of tribal population,of which 

significant number have converted to Christianity. It rains 

well on the hills. 

This Need Assessment study has been conducted at UKAI 

TPS (Thermal Power Station), a remote power plant of 

GSECL, to facilitate planning certain result oriented 

measurable CSR activities by GSECL. This study includes 

understanding and documenting unique characteristics of 

the villages adjoining the UKAI TPS and hence suggesting 

their development opportunities using ICT (Information and 

Communication Technology) along the lines of PUNSARI 

village, the model village of Gujarat. 

Why is it necessary? 

UKAI TPS was established from 1976 till 2014 in phase 

manner. It has the capacity of generating electricity of 1350 

MW Coal based thermal (TPS) + 300MW Hydro (HPS)  

which is supplied to Gujarat Grid. However, it has also 

resulted in displacing the villagers from the locations that 

they had lived for several generations. GSECL has felt the 

need to help improve the life and living conditions of the 

villagers in the adjoining villages. This would include 

evaluating the current conditions of Food and Shelter, 

Water, Health, Sanitation, Transportation, Education, means 

of livelihood, skill development, communication methods 

and hence identify areas which could be recommended to 

GSECL as areas of improvement that can be facilitated 

using ICT. 

What are the expected outcomes of the Need Assessment 

Study? 

To provide a report that details the parameters that have 

been studied for 15 adjoining villages of Ukai TPS using a 

structured questionnaire. Further state the areas that can be 

recommended to GSECL to focus upon for CSR activities 

using ICT. These areas are an outcome of evaluating the 

questionnaire responses using qualitative and quantitative 

methods of analysis. 

II. LITERATURE REVIEW 

The focus of literature, mainly written in the post 

liberalization period, is on highlighting potential of vast 

rural market and providing description of a few cases of 

commercial organization of rural areas. The literature has 

uncritically borrowed theories, framework and concept from 

the mainstream marketing discipline, which has shifted the 

T 
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growth of the subject as an independent field of academic 

investigation. 

 

There is an urgent need to build a distinctive perspective 

and a sound theoretical base for rural marketing, which 

would create its own concepts, frameworks, theories and 

body of knowledge. The rural consumer behavior exhibits 

certain behavior unique to rural settings and this makes it 

important for marketers to understand rural consumers 

through appropriate research. Rural consumers, for 

example, tend to lead a more relaxed lifestyle compared to 

the urban counterparts and exhibit little urgency. Consumers 

in rural markets tend to have greater trust in products and 

services endorsed by the government and its agencies. They 

tend to be more brand loyal, as habits once formed are 

difficult to change and they tend to feel a pride in getting a 

good deal rather than paying premium prices for products 

and services. An analysis of the content of a number of 

textbooks written on the subject ( for example, Dogra and 

Ghuman 2008; Gopalswamy 1997; Kashyap and Raut 2006; 

Krishnamacharyulu and Ramakrishnan 2002; 

Rajagopal 1998; Velayudhan 2002) reveals that the meaning 

of rural market has changed over the past six decades. 

Kashyap and Raut (2006) have listed three distinct phase in 

the evolution of rural marketing during which the term 

change it meaning and connotation. 

 

During the first phase, pre 1960s, rural marketing was 

synonymous with agricultural marketing. 

During 1960s – 1990s the marketing of agriculture input 

and marketing of non farm rural product was considered as 

rural marketing. 

Post 1990s‐ With rising income and mushrooming middle 

class across the country, various companies focused on 

tapping rural market potential. Rural marketing now refer to 

FMCG and Consumer durable goods in rural area. 

The extent literature on rural marketing has uncritically used 

the same theories, models, concepts and framework as have 

been used in the marketing discipline. 

Information Technology (I.T.) and rural development: 

The goal of using ICT with underprivileged group is not 

only about overcoming the shortcoming, but rather 

enforcing and passing the process of social inclusion to the 

next level, which is required for change of the environment 

and social system that reproduces scarcity. 

I.T. has varied applications in it, through which the 

development of the rural area can be possible accurately. 

Government had introduced a number of programs through 

which the people of rural India can come forward and use 

the I.T. enabled services and work more systematically. 

Some of the programs run by the Government are: 

• E‐Mitra: This service is launched by the RAJASTHAN 

Government for the first time for its rural citizens, so that 

they can deploy the I.T. enabled benefits to its fullest. E‐ 

Mitra is State Government started projects, which soon 

became highly popular in the region. In year 2002, two 

projects came into existence namely; Lok Mitra and Jan 

Mitra. 

Where Jan Mitra is an integrated electronic platform 

through which the citizens of Rajasthan can avail the benefit 

if getting the desired information regarding any 

Governmental Department at kiosks which is very near to 

their doorstep. These Initiative programs of Rajasthan 

government have not only helped the Government by 

reducing the burden of attending every call, it hasreduced 

the waiting time for the service and has lead to provide 

comfort to the citizens also, as with the inception of this 

service they can easily get the information required at their 

doorstep. 

Lok Mitra is an urban electronic Governance Project which 

was launched in Jaipur city in year 2002, which helps the 

citizens of Jaipur (now other cities also) to pay their bills 

online (land, Water, Bus Tickets and BSNL) leading the 

citizen to save the waiting time. This service also ensures 

people that their money is going directly to the Government 

and provides a feeling of security related to their bills 

payment. 

• Community Information Centers: 

The program is designed especially for providing the 

internet access and I.T. Enabled services to 

the citizens through which the interface between the 

Government and the Citizens can be setup. These centers 

connect seven northeast states namely; Arunachal Pradesh, 

Assam, Manipur, Meghalaya, Mizoram, Nagaland and 

Tripura. The center helps to gain the connectivity at the time 

of unsuitable environmental conditions. The centers are 

commonly termed as CIC which are generally situated at the 

school, college or any governmental office. People can 

come for the Internet access, and for accessing the internet, 

a nominal amount is charged from the people through which 

the daily expenses of the centers are maintained. 

• Wi‐fi Projects: 

One of the wi‐fi project under which few villages (of 

UTTAR PRADESH) are connected to internet is Digital 

Gangetic Plan (DGP). Through the use of DGP wireless 

network connectivity is created, this program helped the 

people residing in villages of India to have the access of 

internet through which the information on various issues can 

be collected ad used, at the same time the people living in 

rural India can be updated with the new technological 

changes and the innovative changes taking place in the 

national and the international markets. For instance; Bimari 

Jankari is a portal through which the information regarding 

every disease and health related issues is available and 

Digital Mandi is available as one of the portals where all the 

information regarding the agricultural commodities are 

available. This portal provides the information regarding the 

prices of the commodities and their relative value. 
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• Gyandoot: 

It was established in January in year 2000. It is an 

e‐governance based module designed for the rural citizens. 

The project was initially initiated by the Government of 

MADHYA PRADESH. Gyandoot caters the need of the 

villagers by providing the information related to the 

prevailing rates of the agro‐based commodities and the rate 

of land. Each Gyandoot Info kiosks caters to approximately 

15 panchayats and 30 villages. The module is designed with 

the aim to provide cost effective and sustainable delivery 

model to the people. 

• e‐choupal: 

It is designed especially for the farmers of India. Through 

e‐choupal, farmers who are living in the remote area of the 

country and cannot manage to have direct contact with the 

consumer can come forward to have a direct contact. It 

provides an e‐procurement system through which the 

farmers can access the latest and updated information (local, 

national and international) related to different farming 

practices. It provides real time information and customized 

knowledge to the farmers through which the farmer can take 

better decisions and can have direct contact with the 

customer, reducing the amount wasted by moving through 

the distribution channel of intermediary. 

E‐choupal has already become the largest initiative among 

all internet‐based interventions in Rural India. E‐choupal is 

present in 36,000 villages through nearly 6,000 kiosks 

across nine states. ITC (Indian Tobacco Company) is 

planning to expand the concept of e‐choupal further in 15 

states of India. 

 

III. METHODOLOGY 

From the literature review, we identify that there exists a 

gap in using ICT as an enabler for rural development. As a 

first step, we visited the Punsari village, the model village of 

Gujarat. The goal was to understand the key challenges that 

led the village Sarparch to work towards developing the 

village and empowering the villagers to lead a good quality 

of life. In a conversation with the village Sarpanch and local 

decision makers, we understood how ICT has been 

leveraged to attain the following outcomes:  

1. In a village population of 6000 people, 98% people 

are associated with agriculture 

2. Development has been done using Government 

schemes. No external funds or NRI funds used. 

3. An RO water purification plant has been setup in 

2006. They have establishes a coin based payment 

system where they charge Rs 4 for 20 litre bottle. 

Gram panchayat rickshaw is used for delivery of 

the bottles from house to house. For BPL (below 

poverty line),  a 24/7 water cooler has been setup. 

Water is sold to neighbouring villages at Rs 15 per 

20 litre bottle, resulting in revenue for the 

Panchayat. Extra water used for car wash and 

irrigation. 

4. In the year 2007-08, drainage line, road and street 

light was completed. In 2011-12, they have 

acquired tractors for cleaning dumps and provided 

free dustbin to every household. 

5. ICT has facilitated  140 loud speakers (for morning 

bhajans to alert tones) which are further  connected 

to mobile phones. All fitting work done by village 

boys which has created jobs. 

6. ICT has facilitated connection of the entire village 

via Wi-Fi using leased line from a 

Telecommunication Provider. There are 230 users 

with mobile and/or laptop connections. There is a 

minimum charge of Rs 10 per month. This has 

helped empower youth in looking up information 

and staying abreast of current happening, using 

online information to grow their business.  

7. ICT has been used by technically educated youth 

of the village to connect the whole village with 

CCTV cameras. This has led to better monitoring 

and discipline in the village. 

8. There are 5 schools and 8 aanganwadis where 

children from nearby villages can come to study. 

9. ICT has also facilitated e-learning in Schools along 

with Navneet Prakashan e-sense in 2010. It costs 1 

lakh rupees annually for the service. Additionally 

the schools have computer labs. 

10. ICT has facilitated Biometric attendance system in 

schools at a cost of approximately Rs 19000. 

11. ICT has declared Punsari as e-Gram. All 

collections are done via electronic mode. 

12. Skill development center provides training in 

computers, electrical wiring, plumbing, motor 

rewinding, beauty parlor, cloth stitching and 

embroidery at a cost of Rs 50 per course. A 

certificate is provided after successful completion 

of the course. This generates confidence in the 

people and employability opportunities. 

13. There is a plan to create LED village using 

approximately 420 leds ,which will lead to 50% 

energy saving. 

14. Latest dairy technology has been used to manage 

cooperative milk collection and processing. 

15. Sarpanch reviews the progress of various 

government schemes every month alongwith the 

village committee and government officials. 

As the next step, we have visited the Ukai TPS. We have 

used a structured questionnaire to collect responses from 

villagers across 15 villages. Some of the villages are 

adjoining to the GSECL Power Plant and some are remotely 

located. We have observed that the main source of income 

is either farming or they do labour work in other farms or 

stone crushing. Tabulation method of frequency count and 

percentages indicate reasons for these being the main source 
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of income. Tabulation methods have also been used for 

attributes such as availability of food to eat twice/thrice a 

day, their knowledge about nutritious food, availability of 

water for house hold and drinking, proximity to a doctor, 

availability of ambulance when required, mode and cost of 

transportation to nearby towns, drainage in the village, 

sanitary block in household and availability of electricity. 

Further pie-chart and column charts have compared 

tabulation results for schooling and education, skill 

development centers, dairy centers, and their access to 

information on new government schemes. Association tests 

using Correlation method and Logistic Regression have 

been used to establish the possibility of improvement using 

the captured data considering the fact that almost every 

household in each of the 15 villages has at least one cell 

phone connection.  

From the findings, we have identified significant areas of 

concern where GSECL can help to uplift and empower the 

villagers. Further, comparing to Punsari, we have identified 

and recommended to GSECL where ICT can help in 

improving the quality of life of the villagers. 

IV. DATA COLLECTION AND SAMPLE SIZE 

15 villages adjoining to the GSECL power plant and 

remotely located in total have been visited for collecting 

responses for the survey questionnaire. A 5 point Likert 

scale has been used for questionnaire where 1 indicates 

completely agree and 5 indicates completely disagree. 

Considering the common pattern of income, living 

conditions and needs across the small clusters of families in 

different villages that we had interacted with, the responses 

were collected in groups comprising of young & old 

male/female members. Atleast two to three interactive 

discussions were conducted in each village. Across 15 

villages, consisting of an average number of 100 families 

each, 150 samples have been collected. Convenience 

sampling method has been used. Each response to the 

questionnaire indicates response from one family. 10% of 

the total population from each village has been considered. 

Equal weightage has been given to families above and 

below the poverty line in the sample set. 

V. DATA ANALYSIS 

1. Reason for main source of family income 

It has been observed from the questionnaire responses that 

the main source of income falls under 2 types: farming or 

labour. The tabulation result in Figure 1 indicates that 90% 

of the responders have mentioned distance from city 

(remote location) and lack of any other skill being reasons 

for family income source. 

 

 

Figure 1 

A 2 Step Cluster Analysis has been conducted on the same 

set of parameters considering Categorical variable as the 

main source of livelihood either Labour (BPL) or Farmer 

(APL). The continuous variables are distance from the city, 

their possessing no other skill, it being their family 

profession and favourable soil and weather conditions.  

Main source of income has been used as the evaluation 

parameter. 

Result from Figure 2 indicates that 2 clusters have resulted 

from 4 variables. It also indicates that the choice of the 4 

variable is good. 

 

Figure 2 

It further indicates that size of the smallest cluster is 57 and 

the largest is 92 with a ratio of 1.61 which is desirable. 
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We further observe from Figure 3 that in the first cluster, 

which is Labourer (BPL), the variable Family profession is 

centred around 4 (partially disagree) meaning that it is not 

of much significance, however for second cluster which is 

Farmer (APL), it is centred around 1 (completely agree) 

meaning it is relevant and of high significance. Soil and 

weather conditions are of importance to the Farmer (APL) 

cluster. However, we note that having no professional skills 

and distance from city remain a common concern across all 

villagers. 

 

Figure 3 

2. Next we have tried to identify if sufficient Food is 

available for all members of the family to eat meal 

twice a day. Frequency tabulation and pie-chart 

Figure 4 indicates that there is sufficient food for 

the villagers from their income. 

 

Figure 4 

 

3. However, the response to the question Figure 5 on 

whether they have Awareness about the nutritious 

value and health benefits of the food they eat 

indicates a very poor result. Discussions revealed 

that their meal consist of rice, dal, chappati and 

vegetables, primarily from the crop they grow. 

There is no awareness amongst them to choose and 

decide upon the food based on their nutritious 

content, and hence they do not take it into 

consideration. The pie chart below indicates the 

responses received from 150 responders. 91% of 

the responders have completely disagreed that they 

possess awareness about nutrition in the food they 

consume. 

 

Figure 5 

4. The next sets of questions were to identify the 

Availability of water in the villages. The column 

chart below compares the water availability on 4 

variables: availability of sufficient water for 

irrigation, for household use, for drinking and 

whether they have to make a lot of effort for 

fetching water for drinking. Water is available 

through tubewells in the villages. From Figure 6, 
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although more than 50% agree that they get water 

to drink which appears to be clean visibly, in 

general quantity of water is insufficient. It was 

observed during the survey tour of the villages that 

some of the villages have small water tanks built 

for conserving and utilizing water for washing 

clothes and other needs. 

 

Figure 6 

5. The following sets of questions Figure 7 were on 

Healthcare facilities. Variables used were whether 

they had access to a doctor in the village, whether 

they could get medicines when required, whether 

there is a healthcare centre in the neighbourhood, 

whether they get low cost healthcare benefits, 

whether they have attended healthcare camps and if 

necessary do they get an ambulance. It is observed 

from the responses and the column chart below, 

that more than 95% of them agree that an 

ambulance is available on call. However doctor is 

not available in the village. ASHA (Accredited 

Social Health Activists) workers visit the houses 

and provide medicines. Health awareness camps 

are not held nor communicated for improving the 

quality of life. 

 

Figure 7 

6. The following 2 questions were on what kind of 

Transportation facilities and access they have to 

nearby cities like Songadh and Vyara. It appears 

from the responses that there is good road 

connectivity from the villages, however it is 

expensive. Figure 8 indicates that most of them 

have to take an autorickshaw which costs anywhere 

between Rs 10 to 25 each way. 

 

Figure 8 

7. Two questions in the questionnaire were to find out 

how the villagers sell their Products to city and if 

they receive a fair price for the products. 

Responses from Figure 9 indicate that in both cases 

there is a significant number of them who have 

shown disagreement. 

 

     Figure 9 

8. An important aspect of evaluation being Sanitation, 

three questions were asked to identify Sanitation 

provided in the villages. Responses from Figure 10 

indicate that although the villagers make attempt to 

maintain cleanliness in the villages, basic facilities 

like proper drainage system in the villages and 

toilet block in the houses are yet to be 

accomplished.  

 

 

       Figure 10 
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9. Checking on other important facilities such as 

Electricity and mobile connectivity, responses are 

very positive. From Figure 11 we conclude that 

about 80% have responded that they have 

electricity in their houses and about 90% have 

mobile connection. 

 

Figure 11 

10. Education and skill development opportunities are 

a matter of concern as we see from Figures 12. 

Most of the villages have schools till the primary 

level. After that the children have to travel to 

nearby towns for education. Lack of trained 

teachers in the schools is also a concern. The other 

question indicates that there is very minimal 

opportunity created for developing any further 

skills which can generate other forms of 

employment. 

 

Figure 12 

 

11. Several villagers have cows, buffaloes, ox (for 

farming), hens as pets. When the pets fall sick, it 

has been observed that veterinary doctors are 

available on call as we see from Figure 13. Charge 

is about Rs 250-300 per visit.  

 

Figure 13 

12. We found from Figure 14 that most of the villagers 

maintained a patch of land to grow food to suffice 

for their daily needs. The following 3 questions 

asked on Irrigation needs revealed that there is 

insufficient use of insecticides and pesticides. 

Further most of them have not attended krishi 

melas and neither do they have information on 

organic farming. 

 

Figure 14 

Cluster Analysis and Logistical Regression results 

1. It is observed from the Correlation matrix results 

that there is strong association between the 

variables: Get sufficient drinking water and get 

sufficient household water. It is .746 and is 

significant at .01 level. Further the mean values for 

both are around 2, means there is partial agreement 

in both which we have also observed from the 

tabulation results. 

 

2. The third correlation matrix result states that 

villagers who feel there is cleanliness in village 

also believe to some extent that there is proper 

drainage system in village. It is .423 and significant 

at .01 level. 

 

3. Correlation result indicate that there is negative 

correlation significant at .01 level between those 

who have mobile phones to those who have 

sanitary block in houses and have attended 

healthcare camps. There is also negative 

correlation significant at .05 level with those who 
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have sufficient household water. However there is 

no correlation between those who get food twice a 

day to eat and those who possess mobile phones. 

This indicates that the acquisition of a technology 

enabled device for information and communication 

purpose is irrespective of whether they possess the 

basic requirements of life.  

 

It is further observed that there is positive correlation 

significant at .05 between those who have sufficient water 

for household to those who have attended healthcare camps 

and have sanitary block in the house. This helps us to 

conclude that cleanliness drive could be initiated with them. 

 

Logistic Regression 

 

Logistical Regression has been performed considering 

Dependent variable as “is Having mobile phone”, the 

response to which is Categorical either “Yes” or “No”. 

“Yes” has been documented as “1” and “No” has been 

documented as “2”. There are 5 Independent variables 

which are “Eat meal twice a day”, “Have sufficient water 

for household”, “Have Electricity 24 by 7”, “Have sanitary 

block in the house” and “Have attended healthcare camps”.  

 

It is observed from the results of logistical regression that 

150 cases have been studied with zero missing cases. The 

classification table indicates 90.7% correct predictions. All 

the variables are significant. However this can conclude that 

since most responses for mobile phone owners is negative 

on other variables, mobile phones possession is irrespective 

of basic amenities of life. 

 

FINDINGS AND CONCLUSION 

1. The main source of income falls under 2 types: 

farming or labour. 90% of the responders have 

mentioned distance from city (remote location) and 

lack of any other skill being reasons for family 

income source. 

2. Cluster Analysis reveals that in the first cluster, 

which is Labourer (BPL), the variable Family 

profession is centred around 4 (partially disagree) 

meaning that it is not of much significance, 

however for second cluster which is Farmer (APL), 

it is centred around 1 (completely agree) meaning 

of high significance. Soil and weather conditions 

are of importance to the Farmer (APL) cluster. 

However, we note that having no professional 

skills and distance from city remain a common 

concern across all villagers. 

3. Frequency tabulation and pie-chart indicates that 

there is sufficient food for the villagers from their 

income. 91% of the responders have completely 

disagreed that they possess awareness about 

nutrition in the food they consume. 

4. Although more than 50% agree that they get water 

to drink which appears to be clean visibly, in 

general quantity of water is insufficient. 

5. More than 95% of them agree that an ambulance is 

available on call. However doctor is not available 

in the village. ASHA (Accredited Social Health 

Activists) workers visit the houses and provide 

medicines. Health awareness camps are not held 

nor communicated for improving the quality of 

life. 

6. It appears from the responses that there is good 

road connectivity from the villages, however it is 

expensive. 

7. Responses further indicate that although the 

villagers make attempt to maintain cleanliness in 

the villages, basic facilities like proper drainage 

system in the villages and toilet block in the houses 

are yet to be accomplished.  

8. On the positive side, about 80% have responded 

that they have electricity in their houses and about 

90% have mobile connection. 

9. Education and skill development opportunities are 

a matter of concern. Most of the villages have 

schools till the primary level. After that the 

children have to travel to nearby towns for 

education. Lack of trained teachers in the schools is 

also a concern. The other question indicates that 

there is very minimal opportunity created for 

developing any further skills which can generate 

other forms of employment. 

10. When the pets fall sick, it has been observed that 

veterinary doctors are available on call. Charge is 

about Rs 250-300 per visit.  

11. Questions asked on Irrigation needs revealed that 

there is insufficient use of insecticides and 

pesticides. Further most of them have not attended 

krishi melas and neither do they have information 

on organic farming. 

12. It is observed from the Correlation matrix results 

that there is strong association between the 

variables: Get sufficient drinking water and get 

sufficient household water. Correlation matrix 

result also states that villagers who feel there is 

cleanliness in village also believe to some extent 

that there is proper drainage system in village. 

13. Correlation result indicate that there is negative 

correlation significant at .01 level between those 

who have mobile phones to those who have 

sanitary block in houses and have attended 

healthcare camps. There is also negative 

correlation significant at .05 level with those who 

have sufficient household water. However there is 

no correlation between those who get food twice a 

day to eat and those who possess mobile phones. 

This indicates that the acquisition of a technology 

enabled device for information and communication 
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purpose is irrespective of the basic requirements of 

life.  

14. It is further observed that there is positive 

correlation significant at .05 between those who 

have sufficient water for household to those who 

have attended healthcare camps and have sanitary 

block in their house. 

15. It was further observed during the survey that 

within the village, there is no proper road and 

lighting. Safety prevails however sometimes 

animals from nearby jungle are seen in the villages. 

Villagers use mostly wood for cooking which gets 

wet during the rainy season, some have gas 

connections. None use coal for cooking. They 

brush teeth with either of datun or brush. For 

irrigation, they most use oxes or take tractors on 

rent. Some villages have solar panel street lights. 
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Abstract- Bamboo is a very sustainable resource. Bamboo 

charcoal; which is produced from bamboo. This is a kind of 

environmentally functional material; which has very good 

absorbing and eco-friendly properties to the surrounding. It 

requires minimum maintenance and can be easily 

manufactured with reliable resources. It acts as an anti-

bacterial agent; which is capable of absorbing bad odour and 

toxic substances. Treatment of water requires less effort than 

existing water purification techniques and it provides cost 

effective way of water purification in rural areas as well. It 

conceivably has a higher enrichment capacity for heavy metal 

ions due to its micro-porous structure and large surface area. In 

this paper we are reviewing classification, properties and 

different applications of bamboo charcoal. 

 

Keywords: Bamboo charcoal, water-purification, micro porous 

structure, sustainable resource, activated carbon. 

 

I. INTRODUCTION 

amboo is most fascinating and useful plant in the world 

although it looks like a tree. But it is actually considered 

to be a grass. In a time when global warming, depletion of 

resources, deforestation, it balances the eco-system. Bamboo 

charcoal also known as “Black Diamond” is produced from 

plants and trees. Wood charcoal is also used but due to 

deforestation and environmental concern, wood charcoal is 

prohibited. So bamboo charcoal has been introduced as a 

substitute over wood charcoal [1]. 

 

Bamboo grows faster than wood. They are known to grow4 

feet per day and mature in 4 to 8 years [2]. More than 1200 

species of bamboo are found all over the world. Bamboo 

forests are world widely divided into three big divisions e.g. 

Asia and Pacific, America and Africa. China, India etc.are 

also the nations where bamboosare found. Among 35 genera 

of   bamboo and approximately 400 species are found 

inChina. It can be harvested non-destructively [3]. 

80% of agricultural communities uses bamboo charcoal 

instead of gas, oil or electricity. It has C4 carbon fixation; 

which makes it useful to handle the condition of drought and 

flood.  

 

II. STRUCTURE OF BAMBOO CHARCOAL 

Bamboo charcoal is made up of piece of bamboo; which are 

taken from plants burned in oven at some particular 

temperature.  Bamboo charcoal is produced by pyrolysis 

process [4]. According to the type of raw material bamboo 

charcoal can be classified as: 

 

a) Raw bamboo charcoal: It is made up of bamboo plant 

parts such as culms, branches and roots. 

b) Bamboo briquette charcoal: It is made up of bamboo 

residues, for example bamboo dust, saw powder etc. by 

compressing the residue into sticks of a certain shapes and 

carbonizing the sticks [5]. 

Bamboo charcoal has micro porous structure andcountless 

small cavities. Compared to wood charcoal, bamboo 

charcoalhas about four timesmore cavities and its surface 

area of 300m
2
/gramis 10timesmore.Cell wall mainly consists 

of cellulose, hemicellulose and lignin [6]. 

The cellulose of bamboo is a natural linear macromolecular 

compound; which is joined with ß-D-glucose 4 glycoside 

linkage. The cellulose content in bamboo varies from 40-50% 

and hemicelluloses in 20-30% range[7]. 

Bamboo charcoal is an outcome of pyrolyzing bamboo and is 

a sort of porous material with excellent adsorption and 

electromagnetic shielding (Fig. 1).The surface area to weight 

ratio of bamboo charcoal is 600:1. This is because of the 

presence of C60carbon molecule that is like a ball shape[8]. 

 

 
Fig.1:Micro porous structure of bamboo charcoal 

 

III. PROPERTIES OF BAMBOO CHARCOAL 

 

Bamboo charcoal is a sort of renewable organic resource for 

sustainable development. It has numerous attractive 

properties. Bamboo charcoal is not soluble in water and other 

solvents.It demonstrate high stability in various working 

condition except with strong oxidant in high temperature [9]. 

Properties of bamboo charcoal are described below: 

 

a) A rich source of minerals 

Bamboo charcoal is rich in mineral ingredients such as 

calcium, magnesium, acetic acid, hydroxyl benzene etc., 

which can inhibitthe growth of bacteria. Bamboo charcoal 

purifies water by absorbing the chlorine and other 

contaminants. It contains acetic acid and diethyl ether; which 

can provide sterilizing and antiseptic function[10]. 

 

b) Warming effect of infra-red rays 

Afar infrared rayis type of electromagnetic waves and is 

capable of warmingsubstances.  This ray is well absorbed by 

organic materials. Bamboo charcoal emits rays ranging from 

4-16 m. The human body, upon being exposed far infrared 

B 
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rays, warms up like under the sun and its blood circulation 

improves considerably [11]. 

 

c) Supplier of negative ions 

Bamboo charcoal can produce a good quantity of negative 

ions; which have the characteristics of giving electrons to 

nearly matter while charcoal absorbs positive ions. The air 

webreathe is full of charged particles and bamboo charcoal 

donates electron to these particles and hence the air becomes 

richer in negative ions [12].  

 

d) Dissipates electromagnetic waves 

Electromagnetic waves are emittedby all electrical devices 

and electronic appliances such as microwave ovens, cellular 

phones, TVs,computers etc. Bamboo charcoal scattersthese 

electromagnetic waves by bouncing the positive ions emitted 

by electrical appliance. When waves leave from these 

devices, they are being absorbed by bamboo charcoal before 

reaching human body [13]. 

 

e) Micro porous structure 

The micro porous structure of bamboo charcoal makes it 

very unique and natural absorbing system like a hard sponge, 

which can trap impurities, harmful matters and gases (Fig. 1). 

This property makes it good for deodorization, purification 

and humidity control [14]. 

 

IV. APPLICATIONS OF BAMBOO CHARCOAL 

 

a) In water purification and waste water treatment 

Because of its porous structure, the bamboo charcoal has a 

good absorption capacity. During experiments it has been 

observed that when the surface temperature of bamboo 

charcoal reaches 700 degree Celsius, it has porous structure 

and its specific surface area is maximized; the specific 

surface area of bamboo is also very large [15]. 

Due to its excellent absorption capacity experiments have 

been carried out on filtering ability of bamboo charcoal in 

wastewater treatment and for drinking water purification and 

it has been found that bamboo charcoal is antibacterial and 

anti-fungus agent that also eliminates harmful substances 

such as chlorine, chloroform, chloramines, 2,4-dichloro- 

hydroxyl benzene etc.; which are being used in the 

productions of pesticides and the trace of these compounds 

are found in waste water; which is ultimately polluting the 

rivers and seas. It also removes arsenic and fluoride ions 

completely from water [16]. It contains rich natural mineral, 

for example, potassium, magnesium, sodium, calcium etc. 

Study result shows that if bamboo charcoal is dipped in 

water, metal ion can be adsorbed out and hence water quality 

can be improved when bamboo charcoal is used in cooking 

and boiling and other way it can be used in purification of 

water [17]. 

Five biological bamboo charcoal were built on a 120m long 

side-shoot and the high density household wastewater 

flowing through them was purified in much cleaner water. 

 

According to the total daily amount of wastewater to be 

treated, up to$2 million will be needed to establish a 

wastewater treatment factory with a capacity of 10,000 

tonnes/day and with a matching control system on rainwater 

and wastewater [18]. The plant will occupy a large area of 

land with heavy running cost. In contrast, the establishment 

of an improved biological bamboo charcoal waste water 

treatment with the same daily treatment capacity of 10,000 

tonnes/day would only cost $50,000. Furthermore, it would 

cost merely $5000to run the system for one year, with all the 

water treated meeting nation criteria. 

This technology is extremely suitable for application on 

rivers in both cities and rural areas. Since the most farmers in 

rural areas are relatively dispersed, the bamboo charcoal 

facility should be set up at the end of rivers and canals, so 

that it does not affect theusage and transportation of water. 

Water purification by bamboo charcoal is ecofriendly, 

requires minimum maintenance, can be easily manufactured 

with locally available resources and is cheapest solution for 

the water purification. It can be reused by placing it out in 

direct sunlight for three hours in order to allow it to shed its 

impurities. 

b)  In adjusting humidity 

Bamboo charcoal has almost no water as it is activated under 

situation of very little oxygen and high temperature water 

and also under these conditions it has pores; which makes it 

extremely efficient and useful in controlling 

humidity[18].When the humidity of surrounding exceeds that 

of bamboo charcoal, then the bamboo charcoal can absorb 

the moisture from surrounding. Also when the surroundings 

humidity becomes less than that of charcoal, it can release 

moisture to maintain a dynamic equilibrium. As a result it 

can be used in health care products to adjust micro 

surroundings[19]. 

 

c) Bamboo charcoal as a deodorant and preservative  

Bamboo charcoal absorbs unpleasant smell and harmful 

gases. Now a days, it is used in deodorant and also in sole of 

shoes to absorb the unpleasant odour. Refrigerators in 

households are mainly used to store food but, then the 

problem is with design that they leave specific odour of 

circulation of cold air on food materials. If in a refrigerator, 

we keep a bamboo charcoal small bags, odours can be 

removed due to its absorption action. Also, because of 

bamboo charcoals ability to adjust humidity, the time of 

preservation of food and other materials can be increased 

[20]. 

 

d) In cosmetic industry  

In natural acne treatment,bamboo charcoal soap has been 

used in many Asian countries for centuries.After the bamboo 

is harvested, it is carbonized at very high temperature to 

increase its surface area to weight ratio to nearly 1200:1. The 

resultant charcoal is called activated carbon or activated 

bamboo charcoal. 

When soap is manufactured with activated bamboo charcoal, 

soap is more capable of absorbing dirt and dust, toxins and 
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harmful substances from skin, resulting in a healthier skin 

hence it is widely used as an effective natural treatment of 

acne. There are many varieties and brands of bamboo 

charcoals soap; which are available in Asian and European 

market. Now bamboo charcoal skin scrubs are also available 

[21]. 

 

V. CONCLUSION 

Bamboo is the most sustainable bio resource. It is the fastest 

growing plant in the world having advantage over 

deforestation.This property of bamboo makes use of bamboo 

charcoal more suitable than wood charcoal. Also bamboo 

charcoal’s production is eco-friendly, cost effective. It has 

excellent adsorbent capacity; which makes it useful in 

cosmetics. It is capable of removingharmful gases and 

absorbs unpleasant smell from surrounding that is why it is 

used in refrigerators and deodorants. It has highly porous 

structure and ability to trap many harmful compounds in it. It 

adsorbs benzene, ethyl benzene, methanal, ammonia, 2,4-di-

chloro hydroxyl benzene and chloroform. Now a days 

bamboo charcoal’ bags are used for controlling humidity. 

Because of these ultimate properties, bamboo charcoal is 

used in purification of water and waste water treatment. 

Experiments also showed that biological bamboo charcoal is 

capable of removing arsenic and fluoride ions completely 

from water in single run.  In present scenario every country 

is facing scarcityof clean water and billions of money is 

invested in the treatment of waste water, as well as in 

purification. The bamboo charcoal technique, if scaled up in 

proper way, can become a significant piece from economic 

point of view.  

Footnote 

Commercialuse of bamboo charcoal provides cost effective 

way of treating water andwiden applications of bamboo 

charcoal. 

 

REFERENCES 

 
[1] TianL.,GhoshD.,ChenW.,PradhanS.,ChangX.,ChenS.,Nano-Sized 

Carbon Particles From Natural GasSoot, ChemistryofMaterials,21(2), 

2803-2809, 2009. 

[2] WangF.,ShupingP.,WangL.,QinL.,MaximilianK.ChnyanL.,OneStepSyn
thesisOf HighlyLuminescentCarbonDotsIn Non-Coordinating 

Solvents,ChemistryofMaterials,16, 4528-4530, 2010. 

[3] Zhou F., Bamboo Forest Cultivation, China Forestry Publishing House, 
Beijing, China, 1998. 

[4] Bamboo Charcoal Can Boost Fish Growth: A Study, The China 

Post (Taiwan), 2009, Retrieved 2011. 
[5] Ruttanavut J., Yamauchi K., Goto H., ErikawaT., Effects Of Dietary 

Bamboo Charcoal Powder Including Vinegar Liquid On Growth 

Performance And Histological Intestinal Change In Aigamo 
Ducks, International Journal of Poultry Science 8 (3), 229–36, 2009. 

[6] YeC.Y. et al., Integration Utilization OfBamboo Resource, 

ShanghaiScience andTechnologyPress,Shanghai,China, 1989. 
[7] Jiang S., Training Manual Of Bamboo Charcoal For Producers And 

Consumers, 2014. 

[8] Zhang Q.,PayingGreat Attention On Bamboo Chemical Utilization And 
Developing Bamboo Charcoal; Journal of Nanjing Forestry University, 

26(1),1-4, 2002. 

[9] AdemiluyiF.T,AmadiS.A,Amakama,N.J., AdsorptionAnd TreatmentOf 
Organic Contaminants Using Activated Carbon From waste Nigerian 

Bamboo, JournalofAppliedscienceEnvironment Management.13(3),39-

47, 2009. 
[10] AddagallaV.A.,DarwishN.A.,HilalN., StudyOf Various Parameters In 

BiosorptionOf HeavyMetals On 

ActivatedSludge,JournalofWorldAppliedSciences.5(specialissuefor 

environment),32-40, 2009. 

[11] HuangL.X.,WoodPyrolysisTechnology,ChinaForestryPublishingHouse,

Beijing,China, 1996. 

[12] LimJ.,Hee-mankang,Lec-HyungK.,Seok-Onko, 
RemovalOfHeavyMetalsBySawdustAdsorption:EquilibriumAndKinetic 

Studies, JournalOfEnvironment,EngineeringResearches, 13(2), 77-84, 

2010 
[13] Jun-Ye Y., Zhong F. Z., Research Progress Of The Properties And 

Application Of Bamboo Charcoal, 395-396, 2013.  

[14] Ahmedna M., Marshall W., Johns M.,Potential Of Agricultural By 
Product Based Activated Carbon For Use In Raw  Sugar 

Discoloration,Journal of the Science of Food and Agriculture, 75, 117-

124, 1997. 
[15] Visscher J. T., Paramasivam R., Raman A.,Heijnen H. A.,Slow Sand 

Filtration For Community Water Supply, International Reference 

Centre for Community Water Supply and Sanitation, The Hague, The 
Netherlands, 27-29, 1987 

[16] Uma M. K. N., Bankar A. V., Namdeo, J.Pawar N. J.Kapadnis B. 
P.,Zinjarde S. S.,Equilibrium And Kinetic Studies On BiosorptionOf 

Heavy Metals  By Leaf Powder Of Paper Mulberry 

(BroussonetiaPapyrifera), Water Air SoilPollution, 215, 177-188,2011. 

[17] Bailey S. E., Olin T. J.; Bricka R. M.; Adrian D. D., A Review Of 

Potentially Low Costs Sorbents For Heavy Metals, Water Research, 

33(11), 2469-2479, 1999. 
[18] Langenbach K., Kuschik P., Horn H., Kastner M,Water Research, 

44,159-166, 2010. 

[19] Planning Commission, National Mission on Bamboo Technology and 
Trade Development, Government of India, Delhi, 2003. 

[20] Ketamura T.,Evaluation Of Humidity Control Capacity Of Bamboo 

Charcoal, 16(6), 501-507, 2005. 
[21] Taketani T., Evaluation Of The Effect Of Humidity Controlling 

Charcoal On The Infantile BronchialAsthma,Allergy 55(3,4), 467, 

2006. 

http://pubs.acs.org/action/doSearch?action=search&amp;author=Pang%2C%2BShuping&amp;qsSearchArea=author
http://pubs.acs.org/action/doSearch?action=search&amp;author=Li%2C%2BQin&amp;qsSearchArea=author
http://pubs.acs.org/action/doSearch?action=search&amp;author=Liu%2C%2BChun%5C-yan&amp;qsSearchArea=author
http://en.wikipedia.org/wiki/The_China_Post
http://en.wikipedia.org/wiki/The_China_Post
http://en.wikipedia.org/wiki/The_China_Post


International Conference on Multidisciplinary Research & Practice                                                                 P a g e  | 132 

 

Volume I Issue VII                                                                    IJRSI                                                                         ISSN 2321-2705 
 

Hardware Implementation of MLP and RBF Neural 

Networks onto Multiple Processing Nodes 

Tejas Dalal 

Dhirubhai Ambani Institute 

of Information and Communication Technology, 

Gandhinagar, India 

 Mazad Zaveri 

Dhirubhai Ambani Institute 

of Information and Communication Technology, 

Gandhinagar, India

 

Abstract — In this paper, describe an architecture consisting of 

multiple Processing Nodes (PNs) for emulating/implementing 

Artificial Neural Networks (ANNs). Our architecture can be 

configured for implementing two types of ANNs (MLP and RBF). 

Our architecture has a connection memory that can be configured, 

in terms of the number of layers, and in terms of the inter-layer 

connectivity requirements. When compared to the existing CNAPS 

architecture, our architecture does not require the inter-PN buses, 

leading to a reduction in the communication time, and the area. 

Our architecture is based on <8, 6> fixed-point number 

representation. Our architecture (applied to an example 

recognition task using Iris dataset) has been 

implemented/synthesized on two 45 nm technology based 

platforms (ASIC and FPGA), and results have been provided, 

indicating that an ASIC implementation is more advantageous in 

terms of area/speed/power. 

 
 

I. INTRODUCTION    

The human cortex is a complex and fast computing machine. 

Memory, thought process, problem solving, and decision 

making capabilities of the cortex have inspired researchers to 

invent mathematical/computing models that are able to do 

similar operations, and are referred to as Artificial Neural 

Networks (ANNs). Such models capture the cortex’s function at 

the most fundamental level (neural-level of abstraction [1]). A 

neuron is a basic cellular unit of the cortex, and each neuron 

can be approximated as a simple processing unit, which 

receives and combines several signals. The basic model of an 

artificial neuron is shown in fig.1. 

The generalized architecture of ANN, generally consists of 

several Processing Nodes (PNs), where each PN could emulate 

one or more neurons [1]. A PN (emulating one neuron) has 

several inputs, and combines it usually by a simple summation. 

The output of a PN can be the input of other PNs through 

weighted connections, which correspond to the strength of 

synapses. 

The most challenging applications of ANNs are: hand written 

character recognition, function approximation, time series 

prediction, control systems, etc. 

  

 

 

II. ARCHITECTURE OF ANN 
 
The architecture of ANN is shown in fig.2, where, several PNs 

are connected via shared bus through a control block, which 

takes all decisions, required for communication between PNs. 

Our proposed system architecture is based on the regional-

broadcast scheme suggested in [1], and the ANN 

implementations in [2]. The internal architecture of each PN is 

shown in fig.3. 

 

 
 

Fig. 1.  Architecture of Artificial Neural Network 

 

 

Fig. 2.  Architecture of ANN 
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A. Activation Functions 
 

Two activation functions have been implemented: 

1) Sigmoid function for Multilayer perception (MLP) neural 

network  
2) Gaussian function for Radial Basis Function (RBF) neural 

network  

 

 

Fig. 3.  Architecture of PN 

  
The former function is a logistic function that ranges from 0 to 

1, and is similar to hyperbolic tangent function, which ranges 

from -1 to 1. Therefore the input range is bounded in the range 

of [-2, 2] and that can be represented using <8, 6> fixed-point 

representation, where 2 bits are needed for the integer part and 

remaining 6 bits are for fraction part, providing an accuracy of 

approximately 0.0015625. 

1)  Sigmoid (activation) function for Multilayer 

perception (MLP) neural network: The architecture of 

activation function for MLP network is shown in fig.4. The 

Exponential function can be implemented, in hardware, using 

Piecewise Linear approximation (PWL) algorithm [3], [4]. The 

multiplication and the exponential function can be 

approximated using shifter and adder as shown in Table I. One 

output is chosen from the three different shifters which are 

controlled by the range of the input. 

TABLE I  
IMPLEMENTATION METHOD 

 
operation condition  Flags  

 

z1 z2 z3 z4  

  
 

Y = 1 ||X||  5 0 0 0 1 
 

Y = 0.03125*||X|| + 0.84375 2.375 < ||X|| < 5 0 0 1 0 
 

Y = 0.125*||X|| + 0.625 1 < ||X|| <2.375 0 1 0 0 
 

Y = 0.25*||X|| + 0.5 0 < ||X|| <1 1 0 0 1 
 

Y = 1-Y ||X|| <0     
 

 

2) Gaussian (activation) function for Radial Basis 

Function (RBF) neural network: The Gaussian function for the 

RBF network has been implemented using Look up Table 

(LUT). The input to this function is the distance of the input 

vector from the stored center. This distance can be linearly 

 
Fig. 4.  Architecture of activation function for MLP network 

 

mapped to the output.  

The input to the activation function can be treated as the 

address for the LUT. The LUT contains the output 

corresponding to the input (or address), which is actually 

obtained by discretizing the Gaussian curve, into (output, input) 

pairs. As the range of the RBF output is bounded in the range of 

[0, 1], it is easy to make such table, by simply dividing by 2
width

.  

 
Fig. 5.  Architecture of activation function for RBF network 

 

For 8 bit width, the difference between two subsequent 

elements of the table will be 1/256 = 0.0039; in other words, the 

range [0, 1] of the output is divided in 256 steps. 
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III. EXISTING ARCHITECTURES OF ANN 

The approach of using (single) PN was introduced in ANNA 

chips [5]. The architecture of ANNA chips is shown in fig.6. 

Later on, multi-PN approach was shown in CNAPS [6], which 

consisted of 65 PNs. The architecture of CNAPS is shown in 

fig.7. 
 
A. ANNA Chips 
 

ANNA stands for Analog Neural Network Arithmetic and 

logic unit. A neural network for handwritten digit recognition 

was implemented with 136000 synapses on a mixed 

analog/digital chip. It was reported that, ANNA chips could 

recognize 1000 characters per second, with an error rate of 5% 

with floating point precision. 

 
Fig. 6.  Architecture of ANNA chips 

 

ANNA chips was implemented on a 0.9 µm CMOS 

technology. It implemented 4096 physical synapses, which 

could be multiplexed. Resolution of the weights/synapses was 6 

bit, and that of the input/output was 3 bit. All inputs/outputs of 

the chip were digital, while the internal computation technique 

was analog. The optical character recognition (OCR) algorithm 

required four layers, and each layer was computed sequentially. 

 
B. CNAPS Architecture 

  CNAPS architecture had an array of processors (or PNs). 

These PNs were interconnected by three buses:- 

1) PNCMD bus: broadcast the instruction from the 

sequencer to the PNs.  

2) IN/OUT bus: broadcast data from one PN to all the PNs 

(8 bit wide).  

3) INTER-PN bus: transfer data from each PN to one of 

itsnearest neighbors (2 bit wide). 

 
 

Fig. 7.  Architecture of CNAPS  

CNAPS network has layers, which are 1D or 2D structures. 

Two 2D layerscould be connected locally. A2D and a 1D layer, 

or two 1D layers could be fully connected. A simulation was 

reported on CNAPS with 128 PNs, working at 20 MHz clock. 
 
C. Comparison of the Architectures 
 

Comparison of our proposed architecture with the 

conventional architectures (ANNA chips, CNAPS) can be 

based on the following aspects:- 
 

1) Topology - Both ANNA and CNAPS architectures have 

fixed topologies. In our architecture, one connection 

memory was introduced, which can be configures to 

implement different topologies.   

2) Requirement of buses –In our architecture, all PNs 

communicate to each other only through the shared bus 

via control unit. Hence our architecture does not require 

the inter-PN bus (required in CNAPS).  

3) Type of networks implemented -Both ANNA and CNAPS 

architectures have a single activation function and 

network (i.e. MLP neural network), whereas in our 

architecture the activation function and the 

networkisconfigurable as either MLP or RPF neural 

network.  

4) Type of chip that used -ANNA chips was based on mixed 

analog/digital signals, whereas CNAPS and 

ourarchitecture are based on fully digital signals. 

 

IV. FUNCTIONAL VERIFICATION BY IMPLEMENTING 

AN EXAMPLE 

A recognition/classification example based on Iris 

datasetwas implemented on our architecture using 4 PNs, as 

shown in fig.8. This example, (as shown in fig. 9) requires 12 

neurons in the hidden layer and 3 neurons in the output layer. A 

total of four PNs were assumed, hence each PN would have 3 

neurons in hidden layer (indicated by phase 0in connection 

memory) and 1 neuron in output layer (indicated by phase 1 

inconnection memory).  
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All 15 (=12 + 3) neurons have been equally distributed (as 

shown in fig. 10), across the PNs. Each PN hasthe same number 

of neurons to be emulated, and hence, takes the same amount of 

time for computation (for each layer), eliminating the need for 

any PN to wait, before the communication starts. 

 

Fig. 8.  Implementation of the Iris example, using 4 PNs 

As shown in fig.9, the number of inputs required is 4 as per 

Iris dataset. As the network is fully connected, all neurons will 

get the same inputs, but this connection scheme, if required, can 

be configuredby setting the appropriate bits in the connection 

memory. 

 

Fig. 9.  Example 

A. Calculations 

Area required (for ASIC implementation) for each PN is 
71439 m

2
 (obtained from Cadence tool, refer toTable III) = 270 

m x 270 m {length x width}. So if one (additional) PN is 
attachedto the architecture (for scaling-up the architecture), then 
the additional length requirement of the communication bus (= 
l) is approximately 270 m.  

The delay changes as length of wire (bus) increases, i.e. 

number of PN increases. The wire delay has nonlinear relation 

to the length [7] that is: 

𝜏𝑤𝑖𝑟𝑒 =  2.3 ∗ 𝑅𝑂 + 𝑅𝑙 𝑐𝐿 =  
2.3 ∗ 𝑅𝑂

𝑅𝑙
+ 1 𝑅𝑐𝐿2(1) 

Where, 

RO = Channel resistance = 4kΩ  
R = Wire resistance = 0.08Ω {for metal layers M1 to M3}  
c = Wire capacitance = 4.5-3.5aF/λ {for metal layers M1 to 
M3} 
L = Wire length = 270 µm  
 

So, total communication time, 

𝑇𝑐𝑜𝑚𝑚𝑢𝑛𝑖𝑐𝑎𝑡𝑖𝑜𝑛 =   𝜏𝑤𝑖𝑟𝑒 +  𝜏𝑖𝑛𝑣 ∗ 𝑁𝑃𝑁𝑠 ∗ 𝑁𝑛𝑒𝑢𝑟𝑜𝑛            (2) 
  
Where, 
τinv = Inverter delay = f + p = gh + p  
NPNs = Total number of PNs = 1 to 128 (varying)  

Nneuron = Total number of neurons = 10,000 (assumed)  
 

 
Fig. 10.  Neuron distribution scheme for the Iris example 

As the wire delay is in the range of picoseconds  and 

inverter(repeater) delay is in range of few nanoseconds, the 

overall effect of the repeater and increased length for the wire 

doesn’t affect the total communication time because the time 

for communication is in the range of hundreds of nanoseconds 

as seenin fig.11. In other words, the communication time is 

proportional to the number of neurons per PN, and only 

negligibly proportional to the total number of PNs (see [8] for 

more details). 

The communication delay is almost linearly increasing, with 

increasing number of PNs; the computation delay is 

exponentially decreasing with increasing number of PNs 

(referto fig.12). So, total time (required for completing all 

operation of ANN) decreases as the number of PNs increases 

and saturates(becomes dependent on communication delay) 

after a certain number of PNs as seenin fig.13.  
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B. Results and Discussions 
 

70% of the Iris datasetwas used for ANN training, and testing 

was done on the remaining 30%. For the Iris example, the 

estimatedtotal simulation time (computation + communication 

delay) = 12 + 12 + 12 = 36cycles, where cycle time is 50ns 

(corresponding to frequency of 20MHz). So, simulation time = 

36 x 50ns = 1800ns, and Total # of Connections (synapses) 12 x 

4 + 3 x 12 = 84.So the speed, in terms of Connections Per 

Second (CPS), of our architecture is64 / 1800 ns = 46.66 

MCPS. 

1) Matlab
®

 Results:NNtoolinMatlab
®

was used to obtain 

the trained weights for both the (MLP and RBF) neural 

networks. Training was done for 1000 iterations, with an error 

in the range of 10
-6

. The results that were obtained from the 

Matlab
®
 were converted into <8, 6>fixed-point representation, 

for comparing them to the results obtained from the behavioral 

and synthesized HDL implementations.   

 
Fig. 11.  Wire delay v/s number of PNs 

 
Fig. 12.  Computation and communication delay v/s number of PNs 

Fig. 13. Comparison of speed (ANNA chips, CNAPS, our architecture) 
different number of PNs 

2) FPGA Results: The HDL code for the Iris example, was 

successfully synthesized using Xilinx tool, for a Spartan 6 

FPGA board (45 nm technology). This implementation is 

capable of performing with the speed of 131.68 MCPS for an 

architecture with 4 PNs. If the number of PNs (running in 

parallel) increase, the speed can be further improved 

3) Cadence Results: The result has been obtained for 

45nm technology with nangate opencell slow library. For 

synthesis, RTL complier tool was used, and for physical 

layout/designing encounter tool was used. The results, obtained 

from Cadence tools are given in Table II, Table III, and Table 

IV. Also final layout is shown in fig. 15. 

 
 

Fig. 14.  FPGA functional verification 

 
TABLE II  

AREA RESULT FROM CADENCE 
 

Type Area ( m
2
) Area (%) 

   

Cell Area 101646 35.89 % 
Net Area 181566 64.11 % 

Total Area 283211 100 % 
 

TABLE III  
POWER RESULT FROM CADENCE 

 
Type Power (mW) Power (%) 

   

   

Leakage Power 1.286 mW 30.30 % 
Dynamic Power 2.958 mW 69.70 % 

Total Power 4.243 mW 100 % 
 

TABLE IV  
RESOURCE UTILIZATION RESULT FROM CADENCE 

 
Type Instances Area (um

2
) Area (%) 

    

Sequential 23272 68579.06 67.46 
Inverters 5823 3220.20 3.20 
Logic 22058 29856.26 29.35 
Total 51153 101645.52 100 

    

Average Fan-out 2.0   
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Fig. 15.  ASIC Layout 

 

4) Comparison of Results with the Existing Architectures of 

ANN:When compared to CNAPS, our architecture (which has a 

connection memory) provided more speed without extra cost in 

terms of area (i.e. inter-processor buses in CNAPS). Data displayed 

in the Table V has been adapted (and appropriately scaled) from 

[5] and [6]. From Table V, our architecture is 2x faster than 

CNAPS, while slower than ANNA chips (for obvious reason, that 

in ANNA chips, the multiply-summation operation is happening in 

parallel in the analog domain). The results given in Table VI, are 

for 4 PNs, so if more PNs run in parallel, then it is obvious that the 

speed advantage will be much more.  

5) Comparison of the ASIC and FPGA platform:Comparison of 

the results for the two platforms are shown in Table VII, which 

shows that the ASIC design is much faster, less power consuming 

and requires less area, but the drawback of ASIC is high 

designing/manufacturing cost. 

TABLE V  
COMPARISON OF RESULTS 

 
   Speed Activation 

 

   (MCPS) Function 
 

     Implemented 
 

        

CNAPS (128-PNs) 20MHz 153.2* MLP 
 

 ANNA Chip 2624.0* MLP 
 

This Architecture (4-PNs) 20MHz 46.66 
MLP, RBF  

This Architecture (128-PNs) 20MHz 1294.33  

  
 

 * values with appropriate  technology scaling 
  

TABLE VI  
COMPARING TWO PLATFORMS 

    

   ASIC (Cadence) FPGA platform 
     

 

 Power 5.36 mW  26 mW 
 Speed 353.53 MCPS  171.56 MCPS  

 Area 283211  µm
2  1280000  µm

2  

We can conclude that, the ASIC design can be implemented 

for very larger-scalearchitectures, where power, speed and area 

have higher priority, and when extremely large number of PNs 

are required (justifying the mass production and related 

manufacturing costs). FPGA can be used as an alternative to 

ASIC for small-scale architectures, where re-configurability has 

a higher priority than power, speed or area. 
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Abstract-Synthesis of SnO2 rod-like nanostructures is successfully 

demonstrated by hydrothermal method using tin chloride, 

sodium hydroxide ethanol and DI water as starting materials. 

Synthesized material was deposited on FTO glass by spray 

pyrolysis method. Prepared samples were analysed by x-ray 

diffraction (XRD), scanning electron microscopy (SEM) and 

Raman spectroscopy for structural and morphological 

properties. The compositional analysis was carried out by 

energy-dispersive X-ray spectroscopy and optical measurements 

were done by UV-visible spectroscopy. SEM confirms the length 

of prepared nanostructures to be 5-10m and Tauc plot for band 

gap measurement gives an optical band gap of 3.38eV. Effect of 

ethanol, temperature, time of reaction and concentration of 

precursors can be clearly seen on the morphology and aspect 

ratio of nanostructures. 

Keywords- Nanostructures, Hydrothermal, Spray pyrolysis, Tin-

oxide, Surfactant, DSSC 

I. INTRODUCTION 

utile tin oxide is an n-type semiconductor 
[1]

 with a wide 

energy gap of 3.6 eV,which exhibit excellent electrical, 

optical, magnetic and chemical properties, and high thermal 

stability. The physical and chemical properties of tin oxide 

nanocrystalline material can be tailored by crystal structure 

and morphology. Hence, controlled synthesis of 

nanostructures is an important step for manufacturing the 

electronic and optoelectronic devices 
[2-5]

. One-dimensional 

(1D) materials have attracted great interest due to their 

potential applications as interconnects, functional components, 

rechargeable Li-batteries, (ppb)-level gas sensors 
[2, 3, 6-15]

, 

transparent conducting electrodes 
[16]

, solar cells 
[17]

 and 

transistors
[18]

. It can be also used in applications like 

photocatalysts, nanofiltration membranes, heat mirrors, glass 

coatings, and electrochromic windows. Thus synthesis of tin 

oxide nanostructures with desired structure and morphology is 

of great technological and scientific interest. Up to now, low-

dimensional SnO2 nanomaterials like nanocrystals, nano-

wires, nanobelts, nanorods, nanotubes, nanodisks, 

nanoparticles, nanocables, etc. by various routes including 

thermal oxidation method 
[19, 20]

, vaporliquidsolid approach 
[21-

24]
, refluxing method 

[25]
, template based synthesis

[26]
, chemical 

vapor deposition (CVD) 
[27, 28]

, microemulsion mediated 

growth 
[13]

, infiltration technique, polymeric precursor 

method
[29]

, pulsed laser deposition method, controlled aqueous 

growth 
[28]

, lithographic technologies, gas-phase methods 
[30-

32]
, sol-gel methods 

[13, 33-36]
, evaporative decomposition of 

solution 
[37-41]

, laser ablation technique 
[17, 42]

, wet chemical 

synthesis 
[43-51]

. Among all, wet chemical synthesis possesses 

an advantage to produce nanomaterials with very high yield, 

but at the same time it is still a great challenge to synthesize 

SnO2nanocrystals with tuneable dimensions. Recently many 

groups have reported synthesis of  one-dimensional SnO2 nano 

structure by hydrothermal method 
[48, 52]

.The process is 

characteristic of facility, low-cost and easy control on process 

parameters such as temperature, pressure, concentration of 

precursors, pH and starting compounds. Herein this paper, we 

demonstrate a hydrothermal process to synthesis rod-like 

nanostructure of SnO2 and correlated the influence of process 

time, temperature and solvent concentration on nanostructures. 

II. EXPERIMENTAL AND CHARACTERIZATION DETAILS 

A. Materials and Chemicals 

FTO (Resistivity 15Ω/, 3mm thickness), 

Tin(IV)chloride pentahydrate (98%, Sigma Aldrich), Sodium 

hydroxide (GR, Merck), absolute ethanol and Mill-Q double 

distilled water. All the reagents were used as received without 

further purification. 

B. Synthesis of SnO2 Nanostructure 

SnO2nanostructures were synthesized using the 

hydrothermal method. For the synthesis of SnO2 

nanostructures, two precursor mixtures were prepared as 

described below: (I) 0.0375M SnCl45H2O and 0.4375M 

NaOH in 80ml uniform mixer of DI water and ethanol; (II) 

0.0375M SnCl45H2O and 0.4375M NaOH in 80ml ethanol. 

The above two precursors were stirred for 10min and then 

transferred into Teflon-lined stainless steel autoclaves, and 

then the autoclaves were heated in muffle furnace at 180C for 

24hr and 200C for 7.5hr, respectively. The autoclaves were 

allowed to cool down to the room temperature. The obtained 

white or cream-white precipitates were carefully taken out of 

the Teflon beaker and repeatedly washed with DI water and 

ethanol to remove residuals. Then the products were dried in 

oven at 120C for 24hr. The two final products derived from 

R 
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the precursors I and II were marked as powder-1 and powder-

2, respectively. 

C. Thin film preparation by spray deposition 

Synthesized rod-like nanostructures of SnO2 were 

sprayed using spray pyrolysis for the preparation of thin film. 

Simple operation and easy control over spray parameters (e.g. 

solution flow rate, gas flow rate, concentration of the solution, 

deposition temperature) are the major advantages of the spray 

deposition method. Absolute ethanol was used as the solvent 

for dispersion of SnO2 nanostructures (Powder-1 and 2), as it 

has suitable viscosity and boiling temperature. The deposition 

was done at 150C. FTO (SnO2:F)was ultrasonically cleaned 

in trichloroethylene, acetone, 2-propanol and DI water prior to 

be used as a substrate for thin film preparation. The films  

obtained after spray deposition were annealed in muffle 

furnace at 200C for 6hr. Films deposited using Powder-1 and 

Powder-2 are named as Film-1 and Film-2, respectively.. 

D. Characterizations 

The structural properties of SnO2 nanostructures were 

determined by XRD. Measurements were performed by a 

Bruker-D2 phaser instrument with monochromatic with 

copper target and Kradiation (=1.54056 Å), where the 

diffracted X-ray intensities were recorded as a function of 2. 

Raman spectra are sensitive to crystallinity, defects and 

structural disorder in nanoarchitectures. Therefore, the 

vibrational properties of SnO2 nanostructures were studied by 

Raman spectroscopy (Renishaw 2000). The morphologies of 

the SnO2 nanorods were studied by SEM (EVO 50) equipped 

with EDS and AFM (PicoSPM). UV-Visible absorption 

spectra were obtained on Agilent Cary 600 series 

spectrophotometer using thin films samples in an absorbance 

mode. 

III. RESULTS AND DISCUSSION 

A. X-ray diffraction (XRD) analysis 

 

Fig. 1 XRD spectrum of nanostructured SnO2 thin film confirming rutile 

phase in (110) preferential direction. 

XRD pattern of the SnO2 nanostructure corresponds 

well to the tetragonal rutile SnO2is enclosed by the stable 

(110) facets. (JCPDS, 41-1445) (Fig. 1).Obtained rutile 

structure belongs to the space group P42/mnm and point group 

D44. The lattice parameters(a and c) have been calculated 

based on nine most intense crystal planes. Table 1 list out the 

indices of crystallographic plane(i.e. h, k and l values) and the 

interplanar distance d of (hkl). The calculated values are in 

good agreement with the data from the JCPDS file No. 41-

1445 in the error range. Grain size (D) calculated based on the 

Scherer formula was found to be 20.1 nm. 

Table ILATTICE PARAMETERS OBTAINED FROM XRD SPECTRUM 

h k l d (h,k,l) 

1 1 0 3.377 

1 0 1 2.669 

2 0 0 2.388 

2 1 1 1.780 

2 2 0 1.688 

3 1 0 1.510 

3 0 1 1.427 

3 2 1 1.225 

4 0 0 1.194 

The XRD pattern demonstrates that the products of 

SnO2grown under hydrothermal conditions are of good 

crystallinity. 

B. EDAX analysis 

 

Fig. 2 EDX spectrumof nanostructured SnO2 thin film for compositional 

analysis. 

Scanning electron microscopy (SEM; JEOL 840A) 

equipped with an X-ray energy-dispersive spectrometer (EDS) 

were used to characterize the morphologyand the chemical 

composition of the samples. The EDAX spectrum of 

SnO2nanostructure is shown in Fig. 2. The spectrum clearly 

ascertains the presence of Sn and O in the synthesized 

samples
[53]

. However, the atomic ratio of O:Sn is below two, 
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which asserts that not all as-produced nanostructure are 

completely oxidized. 

C.Micro-Raman spectroscopy 

 

Fig. 3 Raman spectrum showing pure SnO2 with expected Eg, A1g and B2g 
modes of vibration. 

The formation of a tetragonal rutile structure as 

confirmed by XRD of SnO2 nanostructures was further 

supported by Raman spectrum. Raman scattering is a powerful 

technique to probe any lattice defects or structural disorders in 

nanostructures. Therefore we have studied the vibrational 

properties of SnO2 nanostructures by Raman spectroscopy. 

Fig. 3 presents the typical room temperature Raman spectrum 

of the SnO2 nanostructures for the 100-1500cm
-1

 region, 

which confirms three SnO2 Raman active modes at 477, 623 

and 771cm
-1

 , one SnO active mode at 198cm
-1

 and two 

transition metal oxide (SnOx , where 1 < x < 2) modes at 

139and 165cm
-1[54]

. The peak at 623cm
-1

is attributed to the Sn-

O stretching vibrational mode (A1g) 
[55]

whereas the peaks at 

477 and 771cm
-1

 are attributed to the fundamental vibrational 

modes of (Eg) and (B2g) respectively 
[56]

 in a well accordance 

with those of a rutile SnO2 single crystal 
[57, 58]

. The vibration 

in the direction of c-axis is represented by Eg mode and the 

vibrations perpendicular to the c-axis are given by A1g and B2g 

modes 
[59]

. 

D. UV-Vis-NIR analysis 

 

Fig. 4 Absorbance spectrum of deposited thin film. 

UV-Vis spectroscopy was used to characterize the 

optical absorptions of SnO2 nanostructured films. Fig. 4 shows 

the UV-Visible absorption spectrum of the film. The 

absorption bands of the nanostructures are very close to that of 

the bulk materials (345 nm), which can be attributed to the 

fact that the diameters of the obtained nanostructures are much 

larger than the exciton Bohr radius (2.7 nm) of SnO2
[60]

. Fig.5 

shows the Tauc plot of films. From the Tauc plot the bandgap 

of the film was found to be 3.62 eV, corresponding to the 

bandgap value of SnO2
[61]

. 

 

Fig. 5 Tauc plot for the determination of bandgap energy of the film. 

E. SEM analysis 

 

Fig. 6 FE-SEM images of film 1 (a and b) and film 2 (c and d) showing 
substrate coverage and variation in size of synthesised nanostructures. 

Observations from SEM images: Film 2 is having 

higher yield compare to Film 1. Length of the nano-rodlike 

structure in the case of Film 1 is approximately 5-7m while 

in the case of Film 2 is 7-9m. Diameter/thickness of the 

structures in both the cases are around 120-500nm.Increased 

structure length can be attributed to higher process 

temperature in the case of powder-2. It was found that the 



International Conference on Multidisciplinary Research & Practice                                                                 P a g e  | 141 

 

Volume I Issue VII                                                                    IJRSI                                                                         ISSN 2321-2705 
 
 

aspect ratio of the synthesised structures is highly dependent 

on growth time, process temperature and Sn
+
/OH

-
 ratio. It was 

understood on the basis of SEM analysis that slow nucleation 

and growth at low interfacial tension conditions favours the 

tetragonal shape SnO2 nanostructures. Required lower surface 

tension can be achieved by adding surfactant (CTAB) into the 

solvent during hydrothermal process. The diameter of the 

structures can be controlled by controlling the CTAB 

concentration, which in turn varies the surface energy of 

specific surfaces.  

F. AFM analysis 

 

Fig. 7 3D AFM image showing surface roughness of the film. 

A 3D AFM image shows the presence of synthesised 

nanostructures on sprayed thin film. One can notice the 

obtained uniformity in deposited film on the scanned area of 

100 m
2
. Detailed AFM analysis of deposited thin film can 

give in-depth understanding of synthesis and deposition 

process. 

IV. CONCLUSION 

In conclusion, a wet chemical method i.e. hydrothermal 

process was explored for the synthesis of SnO2 nanostructures 

out of tin precursors. Process parameters like temperature, 

concentration, time, solvent ratio and pH have prominent 

effect on the phase, morphology and optical properties of 

synthesised material. Use of surfactant like CTAB in 

conjunction with ethanol can provide nano structures with 

tuneable aspect ratio. Molar concentration ratio Sn
4+

/OH
-
 play 

a crucial role in deciding the shape of tip of the structure. 

Synthesised nanostructures of SnO2 can be utilised in different 

applications like DSSC and gas sensing. 
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Abstract - Due to the fact that the world’s natural energy 

conventional resources exhaustion, the need for a promising 

substitute is a must and therefore the requirement of solar 

energy came to existence for its eco-friendly benefit. The 

conventional Si solar cells due to its high installation cost limits 

the usage which gave rise to Dye Sensitized Solar Cells (DSSC) 

for its easy manufacturing with low-cost materials,  effective 

working under low light conditions and less susceptible to 

losing energy as heat that increased its potential value. This 

paper focuses on the  modification of DSSC with graphene in 

different forms that increases the porosity of the photo-

electrodes facilitating higher absorption due to its small size 

giving higher conversion efficiency. Graphene oxide (GO) 

photo anode films, graphene –TiO2 counter electrode 

graphene-anthocyanin photosensitizer, graphene-polyaniline 

(PANI) as catalyst on ITO glass and phosphorus doped 

graphene as electrocatalyst counter electrode discussed in this 

paper improved its electrical conductivities and catalytic 

activities for its efficiency enhancement.  

Keywords:-  Dye Sensitized Solar Cell, Graphene, Graphene 

oxide(GO), Anthocyanin, Polyaniline (PANI), Phosphorus doped 

Graphene Oxide ( PrGO) 

I. INTRODUCTION 

SSCs) which were co-invented by Michael Grätzel and 

Brian O’Regan in 1988 at UC Berkeley has a function 

of converting sunlight to electricity by the means of a 

semiconductor titanium dioxide(TiO2) and organo-metallic 

dyes. The photo-electrode of DSSC has a task of absorbing 

sunlight and accepts and transports electrons to a nano-

crystalline film semiconductor of large band gap like TiO2, 

ZnO, Nb2O5, and ZrO2. A very small efficiency (1-2%) and 

minimal power generation (12%) of the DSSC makes it’s 

market entry very poor. TiO2 is most widely used for its 

outstanding  electrical, optical, and chemical properties 

since 1991[1,2] and the electron transportation and reduced 

recombination are dynamic process occuring in TiO2  nano-

crystalline film. In a typical TiO2- based DSSCs, 

photogenerated electrons transport through mesoporous 

TiO2 films to counter electrode like Pt for collection. The 

high charge collection efficiency requires fast electron 

transport to avoid the recombination with the reduced redox 

species[3,4]. Several approaches are undertaken for the 

efficiency improvement, where each component are 

researched individually from their respective counterparts, 

for optimal functioning of the cell which includes 

morphological change of TiO2 photoanode, Photosensitizers 

,Counter electrode,etc. by incorporating carbon nano-tubes 

(CNT’s) of graphene which is the gist of this paper. Placing 

two of more DSSCs in tandem form for maximum 

absorption of light, introduction of novel electrolytes for 

efficient dye regeneration leads to photovoltaic performance 

enhancement. 

II. GRAPHENE 

It is a carbon 2D allotrope composed of a stable hexa-atomic 

honey comb structure with a theoretical thickness of only 

0.34 nm and has sp
2
 hybridized carbons [6,7]. Zero-

dimensional fullerene, one dimensional carbon nano-tubes, 

and three-dimensional graphite are the forms in which 

graphene can be reconstructed [8]. 
 

 
 

Fig. 1 The chemical structure of graphene (Yan et al., 2012) 

 

High specific surface area , high electronic conductivity and 

superior mechanical strength are the exciting properties of 

graphene that makes it useful as bio-sensors, 

electrochemical energy storage and electronics. Mostly, 

graphene is electrochemically modified and functionalized 

with other materials to prepare composites like cathodic 

reduction of graphene oxide, electrophoretic deposition, 

electro-deposition techniques, electro-spinning, 

electrochemical doping and electrochemical polymerization.  

 

III. MECHANISM OF A TYPICAL DSSC 

The efficiency of a DSSC depends on:- the excited state and 

the ground state energy levels of photosensitizer, the Fermi 

level of TiO2 photo-electrode and redox potential of  

mediator (I
−
/I3

−
) in the electrolyte. 

D 
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DSSC converts incident photons on TiO2 electrode to 

current by absorption by Ruthenium dye complex 

photosensitizer  that excites photons to the excited state (S∗-

conduction band of TiO2  electrode) from the ground state 

(S).  

S + hν → S∗                                                (i) 

S∗ →S
+
 + e

−
 (TiO2)                  (ii) 

 

 
Fig.2  Electron Flow Mechanism and electricity generation in a DSSC 

The electrons in TiO2 conduction band by back contact 

diffuses between TiO2 nano-particles reaches the counter 

electrode where the oxidized photo-sensitizer (S
+
) accepts 

electrons from the I
−
 ion redox mediator leading to 

regeneration of the ground state (S), and oxidation of I
−
 to  

I3
−
 which diffuses to the counter electrode and then it is 

reduced to I
−
.   

                            S
+
 + e

−
 → S                                   (iii)                                                                   

                          I3
−
 + 2 e

−
 → 3 I

−
                              (iv)    

                                                               

DSSC dispersion to water leads to pH reduction of the 

solution below 7 because the titania nanoparticles surface  is 

covered by hydroxyl groups which charges the surface of 

nano-particles.  

                Ti
IV

 + H2O =  Ti
IV

 -OH + H
+
                          (v)                         

                Ti
IV

 –OH+ H = Ti
IV

 – OH
+
                            (vi)                                                  

 

The Vander Waals’ attractive force and electrical double 

layer repulsion are the two kinds of forces that exist between 

nanoparticles dispersed in a solution.  

When the aqueous solution is applied on a substrate, it 

dehydrates and strong chemical bonds are formed between 

surface titanium atoms or between titanium atoms and the 

substrate, leading to aggregation. 

 

            Ti - OH 
+
 OH –Ti = Ti - O _-Ti 

+
 H2O               (vii)                                   

 

Thus, an acid present in the titania nano-particle solution 

plays two roles:- Firstly, it suppresses agglomeration by 

influencing the attraction between the nanoparticles and 

second is the enhancement of the inter-particle connectivity 

during drying, enabling the formation of a robust film 

without the need of sintering at high temperatures. 

 

IV. GENERAL FABRICATION OF DSSC 

A typical conventional DSSC consists of 3 components: 

TiO2 dye sensitized  photoanode, an I
-
/I3

-
 electrolyte

 
and a 

counter electrode (CE). The photoanode consists of TiO2 

paste  which is pasted on ITO(Indium doped Tin Oxide) 

glass. Pt films incorporation is done on ITO
 
glass for the CE 

material having high electrical
 

conductivity and 

electrocatalytic ability for I
-
/I3

-
  redox reaction. The heating  

of the system at 150 °C was done for 10 min followed by 

dipping of TiO2 into the dye solution for 10 min and heating  

mildly if the coloration is too slow followed by washing 

with fresh ethanol. A spacer (plastic film with hole(s)) was 

placed on the TiO2/dye electrode and some drops of the 

electrolyte solution were put into the hole(s) to prevent the 

solvent (acetonitrile) from drying out which needs to be 

done quickly. Then both the electrodes are combined facing 

each other and fixed with binder clips followed by 

connection of the cell with a variable resistance and a 

voltmeter to determine the cell voltage. For the absorption 

of light the side of TiO2 electrode is provided with a light 

source of known intensity[9]. 

 

 

V. MODIFICATION OF DSSC FOR PERFORMANCE 

ENHANCEMENT 

 

A. Graphene-oxide(GO) transparent Counter Electrode 

This modification of graphene  uses  its oxide for DSSC 

counter electrode. GO synthesis was performed by modified 

Hummer’s method in which graphite powder was added to 

concentrated H2SO4 with continuous stirring followed by 

slow addition of KMnO4 to prevent a rapid temperature 

increase and this reaction mixture was kept for 6 hours  at 

40 ◦C and quenched subsequently by adding ice containing 

about 30 wt.% H2O2. The GO suspension obtained was 

filtered by PTFE- (polytetrafluoroethylene) filter membrane 

where the remaining solid was washed with 1 M HCl, 

acetone, and water to get a GO aqueous dispersion which 

was freeze-dried and the product obtained was dispersed in 

deionized water and diluted with DMF-dimethylformamide 

for its appropriate  use as a coating solution which was 

placed on  conductive fluorine-doped tin oxide (FTO) glass 

followed by cleaning and ultrasonicating in distilled-water, 

acetone, and isopropyl alcohol and heating for 30 min in 

oven at 100 ◦C for residual solvent removal[10,11].  

The obtained GO counter electrodes were thermally treated 

at 150, 250, and 350 ◦C for 10 min in air. The general Pt 

counter electrode was spin-coated by chloroplatinic acid 

(H2PtCl6) in isopropanol with thermal treatment at 400 ◦C 

and the TiO2 photo electrodes were sandwiched between 

GO and Pt counter electrodes with thick hot-melt sealing 
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material with inner space filled with some  ionic  liquid for 

DSSC construction. 

A change of electrical properties and catalytic activity of 

GO films was observed post the thermal treatment on the 

performance of DSSCs. Without thermal treatment an 

efficiency of 0.50% was countered while with thermal 

treatment showed an increasing nature with corresponding 

temperature increase where the highest performance is at 

350
○
C. 

B. Graphene- TiO2  photoelectrode 

In this, GO-TiO2 photoanode is constructed   which involves 

addition of tetrabutyl titanate into the mixed solution of 

ethanol and acetic acid with strong stirring along with 

addition of deionized water. Subsequently, dispersion of 

ethanol and deionised water was done with GO by 

sonication for 30 min, and the GO solution thus obtained 

was then dropped into the tetrabutyl titanate solution 

followed by refluxing at 80
○
C for 2 h. The solution was 

mixed with NaOH, and the whole mixture was transferred to 

a Teflon-lined container for heating at 180
○
C for 20 h 

followed by collection of the resulting products by filtration, 

washing/centrifugation, and drying for 3 h at 80
○
C [3,13]. 

The DSSC with only TiO2 photo-electrode generates an 

efficiency of about 3.11% only but when incorporated with 

2D graphene increases to 4.83% leading to increment of 

both photocurrent density and open circuit voltage. 

Graphene offers a superhighway for the transfer of 

electrons[15] by forming 1D CNTs bridges between TiO2 

nano-particles[14] thus reducing charge recombination and 

increasing open circuit voltage as a result of high 

electron[16].  

C. Graphene- Anthocyanin dye Photosensitizer  

The extracted anthocyanin dye from red cabbage was added 

to the graphene suspension in ethanol . the temperature of 

FTO glass was increased to 450
○
C with few  drops of 

chloroplatinic acid solution on it. A mixture of  N-butyl- N-

methyl imidiazolium iodide, iodine, guanidinium 

thiocyanate and t-butyl pyridine in valeronitrile and 

acetonitrile was used as electrolyte. For the preparation of 

titania graphene suspension different formulations were 

used on the basis of the volume ratio of the graphene to 

titania dispersion: T0G, T2G, T4G, 

and T6G for 0:5, 1:5, 2:5, and 3:5 volume ratios respectively 

to make the final spray followed by spraying on FTO glass 

by spray pyrolysis set-up and sintering at 450
○
C for 1 hr and 

it was used as a photosensitizer.[17] 

 

The anthocyanin group bonding process with mesoporous 

GO is called Chelation. The photocurrent increases with 

increase in graphene concentration and the efficiency 

increases from 0.185% without doping to 0.443% with 

doping that is 2.4 times when added  to TiO2 and direct 

addition to anthocyanin extracts. 

 

D. Phosphorus doped reduced Graphene (PrGO) as 

Electro-catalyst  Counter Electrode 

For the synthesizes of PrGO, a dispersion of GO and 

triphenyl-phosphine in ethanol was ultrasonicated for 30 

min followed by spreading and drying on an evaporating 

dish. The solid mixture was annealed at 600-1000 
○
C  by 

placing into a quartz tube for 30 min with Ar and H2 

followed by washing and collecting to obtain the final PrGO 

sample. This sample and polyvinylidene fluoride were then 

dispersed with N-Methyl-2-pyrrolidone with ultrasonic hom 

and the dispersion was pasted on FTO glass followed by 

vacuum heating at 120
○
C to obtain the counter 

electrode.[18] 

 

The efficiencies of conversion of the cell increases from 

3.49% to 4.18% with respective increase in the annealing 

temperature from 600 to 1000
○
C as the oxygen functional 

groups are removed which produces more topological 

defects with high electrocatalytic activity. 

 

E. Graphene modified Polyaniline(GN/PANI) to be used 

as catalyst for counter electrode 

Aniline(ANI) solution of different concentrations was 

refluxed with GN at 210
○
C for 3 h for GN/PANI composite 

film preparation that were electro-polymerized on FTO 

glass from aqueous solution containing about 1.0 M 

GN/PANI and 2.0 M HCl, with a constant potential of 0.8 V 

application and once the desired amount of charge was 

passed, electro-polymerization was stopped. The substrate 

thus obtained was rinsed with HCl, air dried and was used as 

respective PANI counter electrode[19]. 

 

If the surface of FTO is fully covered with GN/PANI film 

then the fill factor of the cell is likely to decrease.  The cell 

shows a highest efficiency of 7.17% with 0.05% of GN for  

the composite film of GN/PANI as compared to individual 

PANI films and GN films as GN/PANI provides a  large 

surface area for the reduction of I3
-  

ions. 

 

VI. CONCLUSION 

It can be clearly concluded that addition of graphene to 

DSSC in various forms provides a 2D conducting  

framework for the movement of photo-electrons , thereby 

increasing the values of current and decreasing the 

resistances. Also a longer electron lifetime was observed in 

the presence of graphene, thus  suppressing the unwanted 

electron recombination.  
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Abstract— Boring operation is most commonly used to 

enlarging the previously drilled hole. When the hole size is small 

in diameter and depth is more then the slender boring tool is 

used. The length to diameter ratio of this boring tool is high and 

there is always a possibility of boring tool deflection. As the 

cutting forces are exerted at the free end of the boring tool, the 

vibration is introduced. The vibration produces the undesirable 

effects in the form of poor surface finish, reduced tool life etc. 

To minimize the level of vibration in the boring operation many 

researchers have used different techniques. This vibration 

reduction techniques are mainly of active and passive type. 

From the literature survey it is seen that the passive vibration 

reduction techniques are becoming more popular due to its 

inherent advantages. 

 In this dissertation work a passive damper is used to 

investigate the performance of boring tool under vibratory 

conditions. The experiments for boring operation are carried 

out using boring tool with and without passive damper. The 

frequency domain analysis is carried out using FFT analyzer. 

The machining parameters are varied by changing spindle 

speed, feed rate and depth of cut. Whereas the passive damper 

characteristics are altered by using different materials 

(Viscoelastic and Composite) and damper length ( 0. 3 and 0.6 

times boring tool overhang). The results in the form of vibration 

acceleration (RMS value) and surface roughness (Ra value) are 

compared for conventional boring tool and boring tool fitted 

with passive damper. From the analysis it is observed that the 

overall vibration decreases due to composite passive damper 

and also helps to improve the surface finish. 

Keywords— Boring Tool, Passive Damper, Viscoelastic Material, 

Composite, FFT Analyzer, Vibration, Surface Roughness. 

I. INTRODUCTION 

n any machine structure due to dynamic motion the 

vibration is inherently present. Minimizing the effects of 

vibration for satisfactory performance of any system is the 

great task in front of any design engineer. The structure or 

substructure present in any system which is not firmly 

supported or a very little chance to support completely is 

prone to expose to the vibration which will deteriorate its 

performance. The cantilever type structures are falls under 

this category. Many researchers are working to develop a 

support system or damping devices which can alleviate the 

causes of vibration and helps to improve the performance. 

A   Machining Basics  

Machining is a general term describing a group of 

processes that consist of the removal of material and 

modification of the surfaces of a workpiece after it has been 

produced by various methods. Thus, machining involves 

secondary and finishing operations. The very wide variety of 

shapes produced by machining can be seen clearly in an 

automobile. 

It also should be recognized that some parts may be 

produced to final shape and at high quantities by forming and 

shaping processes, such as die casting and powder 

metallurgy. However, machining may be more economical, 

provided that the number of parts required is relatively small 

or the material and shape allow the parts to be machined at 

high rates and quantities and with high dimensional accuracy. 

Furthermore, in spite of their advantages, material-removal 

processes have the following disadvantages: 

i) They waste material (although the amount may be 

relatively small). 

ii) The processes generally takes longer than other 

processes. 

iii) They generally require more energy than do forming and 

shaping operations 

iv) They can have adverse effects on the surface quality and 

properties of the product. 

 B  Boring Operation 

 
Fig. 1 Boring operation on a lathe  

 

 
 

Boring is a process of producing circular internal profiles 

on a hole made by drilling or another process. It uses single 

point cutting tool called a boring bar. In boring, the boring 

bar can be rotated, or the workpart can be rotated. Machine 

tools which rotate the boring bar against a stationary 

workpiece are called boring machines (also boring mills). 

Boring can be accomplished on a turning machine with a 

stationary boring bar positioned in the tool post and rotating 

workpiece held in the lathe chuck as illustrated in the figure 

1.1. In this section, we will consider only boring on boring 

machines. 

 

Boring on a lathe is similar to turning. It is performed 

inside hollow workpieces or in a hole made previously by 

drilling or other means. Out-of-shape holes can be 

straightened by boring. The workpiece is held in a chuck or 

I 
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in some other suitable work-holding device. In machining, 

boring is the process of enlarging a hole that has already 

been drilled or cast, by means of a single-point cutting tool 

or of a boring head containing several such tools. The boring 

operation is also sometimes referred as internal turning 

operation and which requires due care to attain a desired 

manufacturing requirements. The dimensions of the 

workpiece hole generally determine the length and limit of 

the diameter or cross sectional size of the boring bar. In 

boring, the long, cantilevered boring bars have inherently 

low stiffness and become the weakest link in the boring bar-

clamping system of the lathe. If the static/dynamic rigidity of 

these cantilever elements is inadequate, they directly limit 

the attainable accuracy, due to the easy deflection of the 

boring bar, even under low magnitude cutting forces, 

indirectly limit accuracy, the high-frequency micro-

vibrations produce noticeable wear in the cutting inserts 

during each cutting cycle which results in tapered surfaces 

instead of the required cylindrical ones and limit machining 

regimes through the generation of self-excited vibrations 

even at relatively low cutting regimes when the length-to-

diameter (L/D) ratio of the boring bar exceeds 4:1. 

  Boring under conditions with high 

vibrations in the cutting tool deteriorates the surface finish 

and may cause tool breakage. Severe noise is also a 

consequence of the high vibration levels in the boring bar. 

Active control and passive system are possible solution to the 

noise and vibration problem in boring operations. In boring 

operations the boring bar usually have vibration components 

in both the cutting speed and the cutting depth direction. The 

introduction of the control force in different angles in 

between the cutting speed and the cutting depth directions 

have been investigated. Furthermore, control path estimates 

produced when the active boring bar was not in contact with 

the workpiece and during continuous cutting operation are 

compared. Experimental results indicate that the control 

force should be introduced in the cutting speed direction. 

Although the vibrations are controlled in just the cutting 

speed direction the vibrations in the cutting depth direction 

are also reduced significantly. 

 

C  Vibration Basics 

  Any motion that repeats itself after an 

interval of time is called vibration or oscillation. Mechanical 

systems are prone to vibrate if they can store energy in two 

different forms, usually potential and kinetic, in a way that 

energy can flow from one form to the other. Vibration is the 

process in which this energy exchange takes place. If a 

system, after an initial disturbance, is left to vibrate on its 

own, the ensuring vibration is known as free vibration. If a 

system is subjected to an external force (often, a repeated 

type of force), the resulting vibration is known as forced 

vibration. A vibratory system is a dynamic system for which 

the variables such as the excitations (inputs) and responses 

(outputs) are time dependent. The maximum displacement of 

vibrating body from its equilibrium position is called the 

amplitude of vibration. The time taken to complete one cycle 

of motion is known as the period of oscillation or time period 

and the number of cycles per unit time is called the 

frequency of oscillation or the simply frequency. 

 
Fig.2 A Free Body Diagram of Forced Vibration 

 

 
 

D   Vibration in Machining  

The designer of any machine or system has usually 

to deal with vibration. Although there are cases where 

vibration is a desired effect (vibrating sieves, vibration 

welding machines, etc.), usually the task of the designer is to 

minimize, or at least to control, it. When it is not possible to 

act on what excites vibration or to insulate the relevant 

element from it, the traditional approach to keep vibration 

under control is to act on the elastic and inertial 

characteristics of the system to modify the frequencies at 

which free vibration takes place (these modifications may 

include the addition of a further mechanical system operating 

as a vibration absorber) or to increase the damping properties 

of the system. Often both actions are required, like when 

using damped vibration absorbers. Several mechanisms can 

be used to dissipate energy during vibration. Those 

traditionally employed are; (i) Dry friction between two 

surfaces moving in contact with each other; (ii) Internal 

damping of some materials; (iii) Viscous forces in a fluid. 

Dry friction is today relied upon only for small quantities of 

energy, and in very simple machines.  

Vibration amplitude indicates the severity of the problem. 

Vibration frequency indicates the source of the problem. 

 
Fig.3  Graph of Frequency Vs Amplitude 

 

 
 

 

http://en.wikipedia.org/wiki/Machining
http://en.wikipedia.org/wiki/Drill
http://en.wikipedia.org/wiki/Casting
http://en.wikipedia.org/wiki/Tool_bit
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E  Measurable Characteristics of Vibration 

 

Velocity is the first derivative of displacement as a function 

of time, it is the rate of change in displacement (the speed of 

the vibration). 

Acceleration is the second derivative of displacement, it is 

the rate of change of velocity (the change in speed of the 

vibration). 

Measurements & Units 

Displacement(Distance) mils or micrometer, mm 

Velocity(Speed-Rate of change of displacement)in/sec or 

mm/sec 

Acceleration(Rate of change of velocity)G‘s or in/sec
2 

or 

mm/sec
2 

 
TABLE I Relation between Displacement-Velocity-Acceleration 

 
*G = Gravitational acceleration = 9.80665 m/s2 

 

F  Vibration in the Boring Operation 

Today's concern in the manufacturing industry is 

the vibrations introduced during metal cutting, e.g. turning, 

milling and boring operations etc. Turning operations, and 

especially boring operations, are facing severe vibration 

related problems. To reduce the problem of vibration 

additional must be taken at the production planning stage and 

preparation regarding the setting up the machining 

parameters e.g. speed, feed, depth of cut etc. with respect to 

workpiece material, in order to obtain a desired shape with 

given surface finish, material removal rate and geometrical 

tolerance. Thus, the vibration problem in metal cutting has a 

considerable influence on important factors such as 

productivity, production costs, etc. A thorough investigation 

of the vibrations involved is therefore an important step in 

resolving this problem. 
 

II. PROBLEM DEFINITION 

A boring operation is a metal cutting operation that 

bores deep, precise holes in the workpiece and use to enlarge 

existing hole. A tool used to perform the boring operation is 

called as boring bar and is characterized by great length in 

comparison to its diameter. The boring bar is clamped at one 

end to a tool post or a collet and has a insert attached at the 

free end. The cutting tool is used to perform metal cutting in 

a bore or cavity of the workpiece. Since a boring bar is 

usually long and slender, it is tends to vibrate. Deep internal 

turning (i.e. boring) of a workpiece is a classic example of 

chatter-prone machining. Performing metal cutting under 

vibrating conditions will yield unsatisfactory results in terms 

of the surface finish of a workpiece, toollife and undesirable 

noise levels. In internal turning operations, the boring bar 

motion usually consists of force components in both the 

cutting speed direction and the cutting depth direction (refer 

chapter 1 for force analysis). 

A  Influence Of Vibration On Boring Process 

The cutting system is well understood as a 

particular combination of the cutting speed, cutting feed 

(feed rate), and depth of cut (which are known as process 

parameters). It is well known that the listed parameters of the 

cutting system affect the tool life and subsequently the 

quality of product. 

Influence of the cutting feed in a wide range of 

cutting parameters. The uncut chip thickness or the cutting 

feed has a direct influence on the quality, productivity, and 

efficiency of machining. It is believed that the tool life 

decreases (and, thus, tool wear increases) with increasing 

cutting feed. Such a conclusion follows from the generally 

adopted equation for tool life. For example, generalizing the 

experimental data, Gorczyca [5 ] proposed the following 

relation: 

𝑇 =
48.36 × 106

𝑣4𝑓1.6𝑑𝑤
0.48

 

Where, 

𝑣 = cutting speedin m/min. 

𝑓 = feed in mm/revolutions 

dw=depth of cut in mm 

If the cutting speed v and the depth of cut dw are both 

constant, then it follows from Eq. that tool life decreases 

when the cutting feed f is increased. 

1) Influence of the cutting feed under the optimal 

cutting temperature 

Understanding the influence of the cutting feed 

under the optimal cutting temperature is important in the 

selection of the optimal cutting system because the 

optimal combination of cutting speeds and feeds should 

be used in the practice of metal cutting. 

2) Influence of the depth of cut  

When the depth of cut increases and the uncut chip 

thickness is kept the same, the specific contact stresses at the 

tool–chip interfaces, the chip compression ratio (defined as 

the radio of the chip and the uncut chip thicknesses), and the 

average contact temperature remain unchanged. Therefore, 

an increase in the depth of cut should not change the tool 

wear rate if the machining is carried out at the optimum 

cutting regime. 

3)  Influence of Tool length 

  Using short tool length always provide 

good surface roughness no matter what cutting parameter 

level or type of boring bar are used; only slight improvement 

on surface roughness can be achieved by properly controlling 

cutting speed, feed rate or tool nose radius. Using long tool 

length may set excessive vibrations, noise that could be 

efficiently controlled by use of damped boring bar. 

 

Displacement 

(D) 
D =

V

π F
 D =

GA

2π2F2 D =
2V2

GA
 

Velocity (V) V=𝜋𝐹𝐷 
V =

GA

2π F
 V= 𝐺𝐷𝐴/2 

Acceleration 

(A) 
A=

2π2F2D

𝐺
 A=

2π FV

2π
 

A =
2V2
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V
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III. DESIGN AND DEVELOPMENT OF PASSIVE 

DAMPER 

In this chapter the design and development of 

passive damper for cantilever type structure (specifically 

boring bar) is presented. Presently the concept of passive 

damping is in the preliminary stage and many researchers are 

working to develop the passive damper or improve the 

existing one. The utility of the passive damper is now well 

establish and development of one of such becomes the 

important task. The schematic arrangement of mechanical 

system with damping element is shown below. 

A   Active Control  

The objective of active vibration control is to reduce 

the vibration of a mechanical system by automatic 

modification of the system‘s structural response. The 

principle of active control of vibration in machining is to 

analyze in real time the signal emitted during machining, 

recognize instability (chatter) and compensate for it. For this 

purpose different techniques can be used. One way is to 

predict the arising of chatter and consequently change the 

cutting parameters before the full instability occurs. Another 

approach for active control is to compensate in real time for 

the dynamic forces that arise during the cutting process. This 

method consists  a tool design with piezoelectric actuators 

and force sensors with inter changeable tool head. An active 

control system for boring bars using accelerometers on the 

tool for providing the controller with both reference and error 

signal. The signals are processed and sent eventually to the 

actuators located in the tool clamp, which compensates by 

providing dynamic forces to the boring bar. The apparent 

advantage of the active vibration control approach is the 

perfect adaptability to the changes in the cutting conditions; 

all the above mentioned techniques are based on online 

adaptation to the ongoing process to ensure stability.  

 
Fig. 4 Structure with Active Control System 

Active control System consists sensors to detect the vibration, 

an electronic controller to process the signal from the sensors 

and actuators to interfere with the mechanical response of the 

system. From the actuators a secondary oscillatory response 

is generated in order to cancel the original response of the 

system causing cutting instability. Such active control 

systems need cables for data transfer and energy supply that 

can interfere with the machining process. Active control 

systems have been proved to be efficient in laboratory 

environment but its industrial application has not been 

welcomed by the end-users due to the complexity of the 

hardware. The drawback of this approach is the required 

computation resources and hardware: the system has to 

process the acquired signal for chatter recognition in real 

time, and the amount of data can be large. In addition to this, 

the presence of cables between the control system and the 

tools could compromise the machining operation. 

B  Semi Active Control 

 
Fig.5 Structure with Semi-Active Control System 

 

 
 

Semi active control systems are a class of active control 

systems for which is the external energy requirements are 

smaller amounts than those of typical active control. A 

battery power, for instance, is sufficient to make them 

operative. Semi-Active cannot add or remove energy to the 

structural system, but can control in real time parameters of 

the structure such as spring stiffness or coefficient of viscous 

damping. The stability is guaranteed, in the sense that no 

instability can occur, because semi-active devices utilize the 

motion of the structure to develop the control forces. Semi-

active damping devices with specific control laws have 

yielded reductions in displacement and structural force, 

while simultaneously reducing the total base-shear 

transmitted to the foundation from both structural column 

and damping forces. Various types of semi-active damping 

devices have recently been developed in the civil engineering 

field for controlling structures. The variable oil damper or 

MR damper, which can control its damping coefficient, are 

typical examples, and some devices have recently been 

installed in actual buildings.  

C  Passive Control 

The principle of vibration passive control is to 

convert the mechanical energy into some other forms, for 

instance heat. A common way to achieve passive damping is 

by using viscoelastic (VE) materials to dissipate the energy 

that causes vibration. The use VE composite materials for 

damping purposes is quite common, this technique has been 

used in other fields of application, such as automotive, 
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aeronautics, spacecraft, structural etc. VE composite 

materials are used for damping enhancement generically in 

three different ways: as free-layer dampers (FLD), as 

constrained-layer dampers (CLD) and in tuned viscoelastic 

dampers (TVD) 

 
Fig.6 Structure with Passive Energy Dissipation (PED) 

 
The basic principle of TVD technique is to add amass 

residing on a spring and a viscous damper at the point of 

maximum displacement. This additional single degree of 

freedom (SDOF) system must have the natural frequency 

close to that of the boring bar in order to transfer the 

vibrational energy to the TVD. If the damper is properly 

designed it will dissipate the mechanical energy. The 

absorber is tuned by changing the stiffness of the additional 

system.TVD technique is already successfully used in 

several successful commercial products. When implementing 

such a solution it is of vital importance for the design to 

properly locate the pre-stressed VE composite layers in the 

structure to optimally exploit the property of VE material to 

give largest deformation in shear. 

D  Viscoelastic Material 

Viscoelasticity may be defined as material response 

that exhibits characteristics of both a viscous fluid and an 

elastic solid. An elastic material such as a spring retracts to 

its original position when stretched and released, whereas a 

viscous fluid such as putty retains its extended shape when 

pulled. A viscoelastic material (VEM) combines these two 

properties—it returns to its original shape after being 

stressed, but does it slowly enough to oppose the next cycle 

of vibration. The degree to which a material behaves either 

viscously or elastically depends mainly on temperature and 

rate of loading(frequency). Many polymeric materials 

(plastics, rubbers, acrylics, silicones, vinyls, adhesives, 

urathanes, and epoxies, etc.) having long -chain molecules 

exhibit viscoelastic behavior. The dynamic properties (shear 

modulus, extensional modulus, etc.) of linear viscoelastic 

materials can be represented by the complex modulus 

approach. The introduction of complex modulus brings about 

a lot of convenience in studying the material properties of 

viscoelastic materials. The material properties of viscoelastic 

materials depend significantly on environmental conditions 

such as environmental temperature, vibration frequency, pre-

load, dynamic load, environmental humidity and so on. 

Therefore, a good understanding of such effects, both 

separately and collectively, on the variation of the damping 

properties is necessary in order to tailor these materials for 

specific applications. 

  Passive damping using viscoelastic 

materials is used widely in both commercial and aerospace 

applications. Viscoelastic materials whose long chain 

molecules cause them to convert mechanical energy into heat 

when they are deformed. Perhaps the most important 

advantage of  VEMs is their high loss factor and low storage 

modules. The loss of factor is measure of energy dissipation 

capacity of the material, and the storage modulus is a 

measure of the stiffness of material. The storage 

modulus(shear modulus) is important in determining how 

much energy gets into the viscoelastic, and loss factor 

determines how much energy is dissipated. both the shear 

modulus and loss factor of VEMs are temperature and 

pressure dependent, though temperature has a great effect on 

damping performance.  

 
TABLE: 2 List of common viscoelastic polymeric materials 

(Jones, ―Handbook of Viscoelastic Damping,‖ 2001) 

 

 

 

E Comparison between Active, Semi-Active and Passive 

Damping Systems 

The passive control System does not need 

complicated hardware and the end-user does not need to 

introduce new handling routines. Advantages of using 

passive damping system such as low cost, Predictable 

response, robustness, low complexity and ease to 

implementation ensures use of passive control system rather 

than active system in machining especially boring operations. 

Passive systems also have some key advantages over fully 

active or semi-active systems. A passive system does not 

require any sensing, computing or actuation mechanisms and 

can thus  be relatively inexpensive to manufacture and 

implement. Passive systems developed and currently used for 

energy absorption. 

  

Sr. No. Viscoelastic materials 
1 Acrylic Rubber 
2 Butadiene Rubber (BR) 
3 Butyl Rubber 
4 Butyl 60 A(98%=Isobutylene & 

2%=Isoprene) 
5 Chloroprene 
6 Chlorinated Polyethylenes 
7 Ethylene-Propylene-Diene 
8 Fluorosilicone Rubber 
9 Fluorocarbon Rubber 
10 Nitrile Rubber 
11 Natural Rubber 
12 Polyethylene 
13 Polystyrene 
14 Polyvinyl Chloride (PVC) 
15 Polymethyl Methacrylate (PMMA) 
16 Polybutadiene 
17 Polypropylene 
18 Polyisobutylene (PIB) 
19 Polyurethane 
20 Polyvinyl Acetate (PVA) 
21 Polyisoprene 
22 Styrene-Butadiene (SBR) 
23 Silicone Rubber 
24 Silicon 50 A Rubber 
25 Urethane Rubber 
26 Vinyls 
27 Epoxies (Carbon fiber Epoxies) 
28 Thermoplastics 
29 Polytetra Fluorethylene(PTFE) 
30 Adhesives 
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F  Development Of Passive Damper For Boring Bar 

(Cantilever System) 

 
Fig.7 Damped Boring Bar Tool with Aluminium and PTFE Material 

 
 

Fig.8  Damped Boring Bar Tool with PTFE Material 

 
 

Fig.9 Damped Boring Bar (After Crimping) 

 

 

Fig.10 Conventional Boring Bar and Passive Damper with Composite 
Material   

 

 

A specific size 3 rings each (Do=21 mm, Di=16 mm, L=12.5) 

are manufactured  on lathe machine with PTFE and 

Aluminium materials. Two Passive dampers ( one is 

Aluminium &  PTFE and second is PTFE Materials) are 

developed. Damping materials are placed on specific 

distance(50 mm from tip) from one end crimped with 

crimping machine Final developed passive damper is as 

shown in figure(7, 8, 9 & 10) 

 

IV. EXPERIMENTATIONS 

For conducting any successful experiment, there is a 

requirement of rigorous planning and background study of 

the subject. From the understanding of basics of 

manufacturing and literature review of past and present 

research, a problem is clearly defined. From the problem 

definition it is observed that, vibration created due to large 

overhang and smaller cross-section of the boring bar. The 

level of vibration is significantly increased and surface finish 

obtained after machining is poor. The today‘s industry 

requirement is to achieve good surface finish to meet the 

customers‘ quality requirements. It is planned to use a 

passive technique of vibration isolation so that much cost 

will not be involved. 

  Following sections of the chapter will 

explain the procedure of planning and conduction of 

experiments. 

A. Outline Of Experimental Procedure 

Experiments are carried out by researchers or 

engineers in all fields of study to compare the effects of 

several conditions or to discover something new. If an 

experiment is to be performed most efficiently, then a 

scientific approach to planning it must be considered. The 

statistical design of experiments is the process of planning 

experiments so that appropriate data will be collected, the 

minimum number of experiments will be performed to 

acquire the necessary technical information, and suitable 

statistical methods will be used to analyze the collected 

data. 

  The statistical approach to experimental 

design is necessary if we wish to draw meaningful 

conclusions from the data. Thus, there are two aspects to 

any experimental design: the design of the experiment and 

the statistical analysis of the collected data. They are 

closely related, since the method of statistical analysis 

depends on the design employed. 
   

B.  The Role of Experimental Design 

1. Improving the performance of a manufacturing 

process. The optimal values of process variables can 

be economically determined by application of 

experimental designs.  

2. The development of new processes. The application 

of experimental design methods early in process 

development can result in reduced development 

time, reduced variability about target requirements 

and enhanced process yields.  

3. Screening important factors. Fractional factorial 

designs using orthogonal arrays are often used in 

order to screen important factors that impact 

product performance. This will help to enhance the 

efficiency of research activities. 

4. Engineering design activities such as evaluation of 

material alterations, comparison of basic design 

configurations, and selections, comparison of basic 
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design configurations, and selection of design 

parameters so that the product is robust to a wide 

variety of field conditions.  

5. Empirical model building to find out the functional 

relationship between the performance variable and 

the influence variables (factors or design/process 

parameters.) 

C.  Classification of Experimental Designs 

1. Factorial design 

2. Fractional factorial design 

This is a design for investigating a fraction of all possible 

treatment combinations which are formed from the factors 

under investigation. Once again, the order in which the treat-

ment combinations are chosen is completely random. 

Designs using tables of orthogonal arrays, Plackett-Burman 

designs, Latin square designs (when we assign factors to the 

rows and columns of a Latin square) and Graeco-Latin 

square designs are fractional factorial designs. This type of 

design is used when the cost of experiment is high and the 

experiment is time-consuming. 

3. Randomized complete block design, split-plot 

design and nested design. 

4. Incomplete block design 

5. Response surface design and mixture design. 

Following section of this chapter discuss about the 

experimental setup and tools used for conducting the 

experiments. 

D. The Taguchi System Of Quality Engineering 

  Dr. Genichi Taguchi has introduced more 

cost effective engineering methodology namely robust 

design to deliver high quality products at low cost through 

research and development. It can greatly improve an 

organization‘s ability to meet market windows, keep 

development and manufacturing costs as low as possible. 

Robust design uses any ideas from statistical experiment 

design and adds a new dimension to it by explicitly 

addressing two major concerns faced by all products and 

process designers:  

 How to reduce economically the variation of a 

product‘s function in the customer‘s environment? 

 How to ensure that decisions found optimum during 

laboratory experiments will prove to be valid and 

reliable in manufacturing and customer 

environments? 

  Taguchi method is a powerful tool for the 

design of high quality systems. It provides simple, efficient 

and systematic approach to optimize designs for performance, 

quality and cost. Taguchi method is efficient method for 

designing process that operates consistently and optimally 

over a variety of conditions. To determine the best design it 

requires the use of a strategically designed experiment. 

Taguchi approach to design of experiments in easy to adopt 

and apply for users with limited knowledge of statistics, 

hence gained wide popularity in the engineering and 

scientific community 

  The major steps of implementing the 

Taguchi method are: (1) to identify the factors/interactions, 

(2) to identify the levels of each factor, (3) to select an 

appropriate orthogonal array (OA), (4) to assign the 

factors/interactions to columns of the OA, (5) to conduct the 

experiments, (6) to analyse the data and determine the 

optimal levels, and (7) to conduct the confirmation 

experiment. 

 

Signal-To-Noise Ratio 

In the field of communication engineering a 

quantity called the signal-to-noise (SN) ratio has been 

used as the quality characteristic of choice. Taguchi, 

whose background is communication and electronic 

engineering, introduced this same concept into the design 

of experiments. Two of the applications in which the 

concept of SN ratio is useful are the improvement of 

quality via variability reduction and the improvement of 

measurement. The control factors that may contribute to 

reduced variation and improved quality can be identified 

by the amount of variation present and by the shift of 

mean response when there are repetitive data. The SN 

ratio transforms several repetitions into one value which 

reflects the amount of variation present and the mean 

response. There are several SN ratios available depending 

on the type of characteristic: continuous or discrete; 

nominal-is-best, smaller-the-better or larger-the-better. In 

this section we will only discuss the case when the 

characteristic is continuous. The discrete case will be 

explained later. 

1) Nominal is Best Characteristics  

2) Smaller the Better Characteristics 

3) Larger the Better Characteristics   

There are cases where The-Larger-The-Better is applicable to 

characteristics such as the strength of materials and fuel 

efficiency. In these cases, there are no predetermined target 

values, and the larger the value of the characteristic, the 

better it is. 

The corresponding SN ratio of Larger-the-Better is; 









 



n

1i
2

iy

1

n

1
1og  10SN  

Note that the target value of 1/y is 0 in the larger-the-

better characteristic. The SN equations are based on the 

loss function when there is a set of n characteristics. If we 

employ the loss- function approach for the nominal-is-best 

case, we can derive the following SN equation: 

  







 



n

1i

2

n

1
1og  10SN myi  

This form of equation may be more desirable for three 

reasons. First, where yi can take a negative or positive 

value, it is possible for Sm to be less than V, so that 

equation cannot be used. Second, as y increases, SN 

increases. However, if y is greater than the target value m, 

the bigger y becomes the worse. Hence, where y is bigger 

than m, SN does not reflect desirable situations. Third, the 

SN values are not based on the concept of the loss 
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function, and are not consistent with the loss function. 
 

E. Orthogonal Arrays 

Many designed experiments use matrices called 

orthogonal arrays for determining which combinations of 

factor levels to use for each experimental run and for 

analyzing the data. In the past, orthogonal arrays were known 

as ‗magic squares‘. Perhaps the effectiveness of orthogonal 

arrays in experimental design is magic. What is an 

orthogonal array? 

  An orthogonal array is a fractional factorial 

matrix which assures a balanced comparison of levels of any 

factor or interaction of factors. It is a matrix of numbers 

arranged in rows and columns where each row represents the 

level of the factors in each run, and each column represents a 

specific factor that can be changed from each run. The array 

is called orthogonal because all columns can be evaluated 

independently of one another.  

  There are 18 orthogonal array tables in the 

catalogue of Taguchi, these being denoted by LN(s
k
) or just 

by LN. Here, LN(s
k
) is a matrix with dimension N× k, s 

distinct elements and the property that every pair of columns 

contains all possible s
2 

ordered pairs of elements with the 

same frequency. In particular, N is the number of rows and k 

the number of columns in the orthogonal array. Elements of 

an orthogonal array can be numbers, symbols or letters. 

F. Workpiece 

  

EN9 is used as workpiece material for conducting the 

experiments. 
Fig.11 Unfinished work-pieces 

 
 

Fig.12 Unfinished work-pieces 

 
 

Fig.13 Semi-finished (made true) work-pieces 

G. FFT Analyzer  

The accelerometer is attached to the vibration meter 

of make OROS. The vibration meter, OR34-2, 4 channels, 

shown in Fig.5.4 displays the displacement and acceleration 

at the free end of the boring tool in the required format. 
 

Fig.14  Plate  

 
 

The instrument is intended to general acoustic and vibration 

measurements, environmental monitoring, occupational 

health and safety monitoring. OR34 provides significant 

number of results like RMS, PEAK in case of vibration 

measurements. Results can be viewed in real time or can be 

saved for further analysis using NV Gate application 

provided with the instrument. Features of OR34 – 2, 4 

channels compact analyzer include 

 AC/DC power supply 

 Real-time bandwidth 40 kHz 

 2 external triggers/tachometers inputs 
 

H.  Accelerometer  

Dytran make 3056 B2 D accelerometer is used to 

measure displacement near the free end of the boring tool.   

 
Fig.15  Dytran 3056 B2 D accelerometer 
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The Model 3056 B2 shown in Fig.  4.5 is a magnetic mount 

accelerometer. Accelerometer is attached to the boring tool at 

a distance of 40mm from tool tip. Features of Dytran 3056 

B2 D accelerometer are; 

 Weight, 10 grams 

 Material, base, cap & connector titanium 

 Operating range, -55 to +120°C 

 Frequency range, 1 to 10,000 Hz 

 Sensitivity, 100mV/g 

 

I.   Surface Roughness Tester 

 

MITUTOYO SJ 201-P (Specifications) 

 
Fig. MITUTOYO SJ 201-P Surface Roughness Tester 

 

 
 

  
Drive Unit 

 Drive Speed - Measuring: 0.25 mm/s and 

Returning: 0.8 mm/s 

 Evaluation Length - 12.5 mm 

 Mass - 190 gm 

Detector Provided  

 Detecting Method -  Differential 

Inductance 

 Measuring Range -  350 µm (-200 

µm to + 150 µm) 

 Material of Stylus -  Diamond 

 Radius of Skid Curvature - 40 mm 

 Mass -     18 gm 

 Stylus Tip Radius -   5 µm 

 Measuring Force -   4 Mn 

 
 

 

TABLE 4: L16 Orthogonal Array 

 

Sr. 

No. Parameter 

Level 

Low 

(1) 

High(2) 

1 Spindle Speed - N (rpm) A 100 200 

2 Feed Rate - f (mm/rev) B 0.02 0.04 

3 Depth of Cut – t (mm) C 1 2 

4 Boring Bar Overhang – L 

(mm) 

D 100 120 

5 Damper Material E Compo

site 

PTFE 

6 Damper Length - l (mm) F 0.3 × L 0.6 × L 
 

TABLE 5: Test Matrix 

Run 

No. 

Factors 

A B C D E F 

1 1 1 1 1 1 1 

2 1 1 1 2 1 2 

3 1 1 2 1 2 1 

4 1 1 2 2 2 2 

5 1 2 1 1 2 2 

6 1 2 1 2 2 1 

7 1 2 2 1 1 2 

8 1 2 2 2 1 1 

9 2 1 1 1 2 2 

10 2 1 1 2 2 1 

11 2 1 2 1 1 2 

12 2 1 2 2 1 1 

13 2 2 1 1 1 1 

14 2 2 1 2 1 2 

15 2 2 2 1 2 1 

16 2 2 2 2 2 2 

 

Run No. 1 as given in Table of Orthogonal Array states 

that; 

A1 = Spindle Speed = 100 rpm 

B1 = Feed Rate = 0.02 mm/rev 

C1 = Depth of Cut = 1 mm 

D1 = Boring Bar Overhang = 100 mm 

E1 = Damper Material = PTFE 

F1 = Damper Length = 0.3 × Boring Bar Overhang, i.e. 

30 mm 

 

Similarly one can identify the remaining 15 runs. 



International Conference on Multidisciplinary Research & Practice                           P a g e  | 156 

 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 

 

V.  RESULTS ANALYSIS AND DISUSSION 

TABLE 6: Result Table for L16 Orthogonal Array 

Run 

No. 

Factors Vibration 

Response 

(m/sec
2
) 

A B C D E F 

1 1 1 1 1 1 1 
7.183 

× 10-

4 

7.103 

× 10-4 

2 1 1 1 2 1 2 
1.687 

× 10-

3 

1.628 

× 10-3 

3 1 1 2 1 2 1 2.32 × 

10-3 

2.37 × 

10-3 

4 1 1 2 2 2 2 1.87 × 

10-3 

1.78 × 

10-3 

5 1 2 1 1 2 2 9.22 × 

10-4 

9.45 × 

10-4 

6 1 2 1 2 2 1 
4.547 

× 10-

3 

4.03 × 

10-3 

7 1 2 2 1 1 2 
2.183 

× 10-

4 

2.024 

× 10-4 

8 1 2 2 2 1 1 
1.647 

× 10-

3 

1.62 × 

10-3 

9 2 1 1 1 2 2 9.98 × 

10-4 

9.68 × 

10-4 

10 2 1 1 2 2 1 
4.687 

× 10-

3 

4.786 

× 10-3 

11 2 1 2 1 1 2 
2.283 

× 10-

4 

2.176 

× 10-4 

12 2 1 2 2 1 1 
1.867 

× 10-

3 

1.768 

× 10-3 

13 2 2 1 1 1 1 
6.243 

× 10-

4 

6.34 × 

10-4 

14 2 2 1 2 1 2 
1.68 × 

10-3 

1.67 × 

10-3 

15 2 2 2 1 2 1 
1.67 × 

10-3 

1.68 × 

10-3 

16 2 2 2 2 2 2 
2.07 × 

10-3 

2.11 × 

10-3 

 

Fig.17  Main Effects Plot for SN Ratios

 

 
Fig.18: Main Effects Plot for SN Ratios 

 
 

 

Fig.19 Contour Plot of Vibration Response VS Feed Rate, Damper Length 

 
 

 

Fig.20  Contour Plot of Vibration Response VS Depth of Cut, Damper 
Length 
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Fig.21 Contour Plot of Vibration Response Vs Boring Bar Overhang, 

Damper Length 

 
 

 

 
Fig.22  Contour Plot of Vibration Response VS Damper material, Damper 

Length 

 
 

 
 

Fig.23 Contour Plot of Vibration Response VS Spindle Speed, Damper 

Material 

 
 
 

 

Fig.24  Contour Plot of Vibration Response VS Feed rate, Damper Material 

 
 

Fig.25  Contour Plot of Vibration Response VS Depth of Cut, Damper 

Material 

 
 
 

 

Fig.26  Contour Plot of Vibration Response VS Boring Bar Overhang, 
Damper Material 

 

 

 

Fig.27 Contour Plot of Vibration Response VS Spindle speed, Boring Bar 

Overhang 

 
 

 
Fig.28  Contour Plot of Vibration Response VS Depth of Cut, Boring Bar 

Overhang 
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TABLE 7 Comparison of vibration response 
 

Run 

No. 

Vibration Response 

(m/sec2) 

With Passive Damper 

Without 

Passive 

Damper 

1 7.183 × 10
-4

 7.103 × 10
-4

 
4.103 × 10

-

3
 

2 1.687 × 10
-3

 1.628 × 10
-3

 
3.628 × 10

-

2
 

3 2.32 × 10
-3

 2.37 × 10
-3

 4.37 × 10
-2

 

4 1.87 × 10
-3

 1.78 × 10
-3

 3.78 × 10
-2

 

5 9.22 × 10
-4

 9.45 × 10
-4

 5.45 × 10
-3

 

6 4.547 × 10
-3

 4.03 × 10
-3

 2.03 × 10
-2

 

7 2.183 × 10
-4

 2.024 × 10
-4

 
3.024 × 10

-

3
 

8 1.647 × 10
-3

 1.62 × 10
-3

 1.65 × 10
-2

 

9 9.98 × 10
-4

 9.68 × 10
-4

 5.68 × 10
-3

 

10 4.687 × 10
-3

 4.786 × 10
-3

 
2.786 × 10

-

2
 

11 2.283 × 10
-4

 2.176 × 10
-4

 
1.176 × 10

-

3
 

12 1.867 × 10
-3

 1.768 × 10
-3

 1.72 × 10
-2

 

13 6.243 × 10
-4

 6.34 × 10
-4

 3.34 × 10
-3

 

14 1.68 × 10
-3

 1.67 × 10
-3

 1.07 × 10
-2

 

15 1.67 × 10
-3

 1.68 × 10
-3

 1.18 × 10
-2

 

16 2.07 × 10
-3

 2.11 × 10
-3

 1.11 × 10
-2

 
 

 

 

 
Fig.29  Comparison of vibration response  

 
 

 

TABLE 8  Comparison of Surface Roughness 

 

Run 

No. 

Surface Roughness Ra 

(μm) 

With Passive Damper 

Without 

Passive 

Damper 

1 3.32 3.23 6.08 

2 4.23 4.32 8.34 

3 4.89 4.87 9.91 

4 4.22 4.20 8.88 

5 3.11 3.01 5.89 

6 5.01 5.10 10.04 

7 2.23 2.20 4.78 

8 4.78 4.87 9.87 

9 2.87 2.77 5.54 

10 5.21 5.19 11.34 

11 2.34 2.24 4.79 

12 4.87 4.67 9.32 

13 2.98 3.01 5.89 

14 3.92 3.82 7.89 

15 4.02 4.12 8.65 

16 3.87 3.85 7.45 
 

 

 

VI. CONCLUSIONS AND SCOPE FOR FUTURE WORK 

Following conclusions were made from the results analysis 

carried out in the previous chapter; 

I. The level of vibration decreases by 40 % due to 

installation of passive damper on boring tool.  

II. Due to reduction of boring tool vibration the surface 

finish enhances by 48%.  

III. The optimized combination of process parameters 

of passive damper is, A2B2C2D1E1F2   

IV. The generalized linear regression equation will 

predict the level of vibration under different 

operating conditions is; 

Acceleration = - 0.00001 –(0.000013 Spindle 

Speed) –(0.000125 Feed Rate) – (0.000497 

Depth of Cut) + (0.00154 Boring Bar Overhang) + 

(0.00130  Damper Material)–(0.00105 

Damper Length)Where  

The reliability of the equation is also good as the R
2
 

value is 86.5% 

V. From the contour plots it is observed that 

irrespective of higher values of machining processe 

parameters such as spindle speed, feed rate depth of 

cut the passive damper made of composite material 

reducethe level of vibration by approximately 25 % 

as compared to PTFE. 
 

Scope For Future Work 

One can carry out Finite Element Analysis of the passive 

damper to see stress distribution and deformation. There is 
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also a scope to try the different geometries and material for 

the passive damper to see the effectiveness of the damper. 
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Abstract-Load and AV Control using BCI is an 

implementation of BCI to give a full fledged control to the 

physically challenged and the paralysed. We further discuss 

and present an application of BCI on AV, telecommunication, 

e-mailing, load control using IR and Z-wave protocols using 

integrated development environment. Also, the scope of using 

BCI as a control parameter is explored and implemented. 

Keywords-BCI, load control, IR, Z-wave, AV, integrated 

development environment, IOT, TCP/IP, RESTful. 

I. INTRODUCTION 

urrent scenario of load control and automation is 

restricted to android devices and remote controls. The 

aim of the project is to control appliance load, AV 

devices and notification messages through scalp potentials 

and face expressions (eye blinks, smiles, head tilts). This 

will help the elderly  and the physically challenged 

persons to control loads by thoughts and gestures.  

 

The role of integrated development environment (IDE) 

is to absorb from the neuro-headset, process it as per the 

protocols used and discharge signals over Wi-Fi to send it 

to relevant modules.   

 

     Further expanding the idea of load and AV control : 

Load Control- Light, fan, curtain, A.C, TV control 

through Z-wave and IR gateways controlled by BCI. 

AV Control- Playing music and video controlled by BCI 

Notification shooting- SMS and e-mail discharge 

controlled by BCI. 

  

II. THE WORK FLOW 

With EMOTIV EPOC
®[c]

 - 14 channelled EEG acquisition 

headset and its proprietary SDK, brain signals and facial 

gestures are ported to the computer ; this data is used to 

trigger control commands in IDE (here, used Processing). 

Processing fires following REST/or TCP/IP based API 

strings using the data obtained from neuroheadset.  

 

Z-wave gateway 
[a]

 for Load Control :  

 

 

1. Light Control -  

loadString(“http://ip_address:3480/data_request?id=a

ction&output_format=xml&DeviceNum=6&serviceId

=urn:upnp-

org:serviceId:SwitchPower1&action=SetTarget&new

TargetValue=1 ”) 
 

2. Fan Control -  

loadString(“http://ip_address:3480/data_request?id=a

ction&output_format=json&DeviceNum=7&serviceI

d=urn:upnp-

org:serviceId:Dimming1&action=SetLoadLevelTarge

t&newLoadLevelTarget=30”) 
 

3. A.C Control -  

loadString(“http://1ip_address:3480/data_request?id=

action&output_format=xml&DeviceNum=53&servic

eId=urn:upnp-

org:serviceId:HVAC_UserOperatingMode1&action=

SetModeTarget&NewModeTarget=Off”) 

For Temperature Control - 

LoadString(“http://ip_address:3480/data_request?id=

action&DeviceNum=53&serviceId=urn:upnp-

org:serviceId:TemperatureSetpoint1&action=SetCurr

entSetpoint&NewCurrentSetpoint=26 ”) 

 

Wi-Fi to IR module 
[b]

 for TV control: 

After the module has learned the IR codes of a 

particular remote, following data is sent to it from the 

IDE. For e.g : on/off, mute, volume (+/-), channel(+/-

). 
 

# 
Any IR device can be controlled using this module. 

 
          sendir,1:3,1,37993, 
     

1,1,32,32,32,32,64,32,32,32,32,32, 

32,32,32,32,32,64,64,32,32,32,32,32,

32,3799 

 

III. LINKS TO HARDWARE
 

[a]
http://getvera.com/

 

[b]
http://globalcache.com/

 

[c]
http://emotiv.com 

IV. CONCLUSION 

Thus an approach is obtained by connecting the dots 

such as IOT, BCI, Processing to facilitate the physically 

challenged and immobilized  elderly to perform daily 

tasks w/o dependencies. 

C 



International Conference on Multidisciplinary Research & Practice                                                          P a g e  | 161 

 

Volume I Issue VII                                                                    IJRSI                                                                ISSN 2321-2705 

 

 

AUTHORS 

1
Mohit. S. Vora. Electronics and Communication Engg. 

graduate, VVP Engg. College, Rajkot. He is with WELIT 

Automation as R&A associate.
 

2
Malay. N. Dhamelia. Electrical Engg graduate. National 

Institute of Technology, Surat. He is with FABLAB-Cept 

as a system design intern 



International Conference on Multidisciplinary Research & Practice                              P a g e  | 162 

Volume I Issue VII                                                                    IJRSI                                                                         ISSN 2321-2705 

Efficacy of Friction Stir Processing in Fabrication 

of Boron Carbide Reinforced 7075 Aluminium 

Alloy 

Sudhakar. I
a
, 

a
 Department of Mechanical 

Engineering, 

MVGRCE, Vizianagaram, India 

Madhusudhan Reddy.G
b
, 

b
 Defence Metallurgical Research 

Laboratory, Hyderabad, India 

 

Srinivasa Rao.K
c
 

c
 Department of Metallurgical 

Engineering, Andhra University, 

Visakhapatnam, India 

 

Abstract- Aluminium alloys are widely employed in the 

applications demanding light weight and high strength. 

However all aluminium alloys exhibit poor tribological 

properties which restricts their   applications involving as 

cylinder heads liners, pistons, brake rotor, sliding parts in 

automobile industries which need wear resistance. Thus, 

coating metallic substrates i.e. aluminium alloys with a ceramic 

or a ceramic metal matrix composite (MMC) layer is an 

effective solution in prolonging service life. It has inferred that 

fabrication of surface metal matrix composites (SMMCs) by 

fusion may lead to the deterioration of composite properties. 

During these techniques, it is very difficult to avoid the 

interfacial reaction and casting based defects such as 

shrinkages like pin hole porosity, voids. Cited defects can be 

addressed by adopting newly developed friction stir processing 

technique (TWI) based on solid state. Hence current 

investigation based fabrication of surface composite by 

incorporating boron carbide as reinforcement on AA7075 

aluminium (strongest aluminium alloys in the series which can 

compete with steel) alloy using friction stir processing for wear 

resistant applications. The investigation has its significance as, 

it is the first time boron carbide particle successfully 

introduced on to AA 7075 aluminium alloy using friction stir 

processing.  

Key words: Substrate, Surface Metal Matrix Composite (SMMC), 

Friction Stir Processing (FSP), boron carbide (B4C). 

I. INTRODUCTION 

Aluminium alloys are widely employed in applications 

demanding light weight and high strength. However, these 

alloys exhibit poor tribological characteristics and restrict 

their applications which include pistons, cylinder liners in 

car engines, automotive brake rotors, bearing surfaces, tank 

tracks, marine drums which is dictated by the surface 

property [1-4].   Wear resistant i.e. surface metal matrix 

composite can be obtained by incorporating ceramic 

reinforcements like boron carbide, silicon carbide, tungsten 

carbide, aluminium oxide etc. on to aluminium alloy surface 

[5-6] which found extensive applications like cylinder 

heads, liners, pistons, brake rotors and calibers in 

automobile industry. Several modification techniques, such 

as high energy laser beam, plasma spraying, and thermal 

spraying and electron beam irradiation have been developed 

over the last two decades to fabricate surface metal matrix 

composites based on liquid phase processing. Involvement 

of high temperature leads to formation of detrimental phases 

and restricted to fabricate thin coatings on the substrate [7-

11]. In aforesaid fusion based techniques, it is difficult to 

avoid the formation of detrimental phases, defects such as 

pores, pin holes, shrinkage cavities, segregation, and grain 

coarsening [12]. Mishraet.al. [13] developed a new 

technique based on solid state i.e. friction stir processing 

was gained worldwide attention has been selected as surface 

modification technique in present investigation. Among 

aluminium alloys, AA 7075 aluminium alloy is the strongest 

one and can compete with steels but exhibits poor 

tribological properties [14-16]. Earlier investigations 

revealed that boron carbide can introduced successfully 

using friction stir processing and impart higher wear 

resistance compared to that of other carbides like silicon 

carbide and tungsten carbide [17-18]. Earlier investigation 

pertaining to 7075 aluminium alloys were done in the 

domain of superplasticity [19-21] and scanty of open 

literature available in establishing the efficacy of friction 

stir processing on the basis electro diffraction analysis 

(EDX) and optimizing process parameters. 

 

II. EXPERIMENTAL DETAILS 

The base material used in this study is wrought AA7075 

aluminium alloy having chemical composition of 

magnesium 2.5%, zinc 5.8 %, copper 1.4% and aluminium 

(rest) based on weight percentage. Commercial available 

B4C (30µm) was incorporated to form surface metal matrix 

composite (SMMC) using friction stir welding machine 

(make: ETA Technology, Bangalore, India). The base/ 

substrate i.e. AA7075 was subjected to friction stir 

processing only in the initial stage. While as two different 

tools i.e. flat tool (shoulder Ø 20 mm) and threaded tool (pin 

length 3 mm, pin Ø  6mm, shoulder Ø 20 mm) made of H-

13 were used (as shown in Fig.1) to fabricate SMMC by 

incorporating boron carbide using friction stir processing. 
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Fig.1 High Carbon (H-13) tools used during friction stir processing. 
 

Vicker micro hardness test was done to evaluate surface 

hardness under 0.3 kgf of load. Metallurgical specimens 

were prepared from the sections of substrate, friction stir 

processed AA 7075, SMMC by following standard 

metallographic practices. Polished surfaces were etched 

with Kellar reagent (95% H2O, 2.5% HNO3, 1.5% HCl and 

1% HF). 

III. RESULTS AND DISCUSSION 

The work pieces i.e. substrates (AA 7075 aluminium alloy) 

for surface modification were clamped on a backing plate 

during friction stir processing. Initial trial runs were made 

on supplied rolled AA 7075-T651 aluminium alloy for 

optimizing friction stir processing process parameters. Later 

on processed SMMC was accessed for efficacy of friction 

stir processing.  

 

 
Fig. 2(a) shows the schematic representation of friction stir processing set 

up and Fig. 2(b) shows the schematic diagram of friction stir processing 

tool during FSP. 

 

Variation of rotational speed of friction processing tool and 

longitudinal feed were used during initial trial runs. 

 

Higher rotational speed (greater than 1200 rpm) of tool 

resulted in intense plastic deformation causing surface 

cracks and voids in the transverse section of processed 

surface composite as shown in Fig 3. Similarly, rotational 

speed having lesser than 750 rpm during friction stir 

processing led to improper mixing of B4C particles and 

yield similar result as earlier.  

 
Fig.3 Surface cracks and voids along the surface and transverse section of 

substrate. 

After number of trials for fabrication of surface composite, 

friction stir processing parameters such as tool rotational 

speed in the range of 925- 1000rpm yielded suitable plastic 

flow of material to form surface metal matrix composite.  

Among above mentioned tool rotational   speed, rotational 

speed in the range of 925- 1000rpm produced the best 

result. Hence, different tool feed rates of 20, 50 and 70 mm/ 

min was trialed to optimize longitudinal feed of processing 

with tool rotation speed of 960 rpm during preliminary stage 

of trial runs. Friction stir processing was used to fabricate 

the surface metal matrix composite (SMMC) by 

incorporating boron carbide particles in to AA7075 

aluminium alloy. During FSP, tool movement from right to 

left about horizontal axis was maintained during surfacing 

to obtain defect free surface composite. 

It is well understood that friction between work piece and 

tool and plastic deformation of work piece are the primary 

source of heat input during friction stir processing 

responsible boron carbide particle distribution in the surface 

of substrate. Higher tool feed rates causes micro and macro 

defects in the structure or on the surface. Increased tool feed 

led to deficiency in filling up and formation of surface 

cracks and voids. It is also witnessed that voids or holes 

generated around the lower part of tool’s pin as shown in 

macrograph Fig.4.  

 

Fig.4 shows the macrograph the friction stir processed failed SMMC 

during higher feed rates above 60mm/min. 

These defects are attributed due to lack of penetration of 

heat during higher  tool feed ( above  60mm/ min) and 
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causing the material not to become soft while undergoing 

plastic deformation and results in improper filling the 

material. It is also observed that increase in feed rate and 

higher tool rotational speed causes reinforcement particles 

to escape from the predrilled hole and decreases the rate of 

reinforcement. 

While as lower tool feed rate lead to accumulation of the 

reinforced particles (boron carbide) on the upper portion of 

substrate or area closer to the surface and resulting in 

variation in reinforcement density from one point to other 

inside the base. 

From the above discussion, it can be inferred that suitable 

tool feed rate is to be selected during friction stir processing. 

Tool feed of the order of 50mm/min is found to be effective 

in the present investigation. A tilt angle of 2.5
o
 between the 

tool and the vertical axis in the tool feed direction helped in 

plastic deformation by forging action of back shoulder 

portions of the tool. With the tool feed rate of 50mm/ min 

rotational speed 960 rpm and plunging speed of the order of 

30 mm/minute with tilt angle about 2.5
o
 resulted in the 

elliptical and onion ring structure as shown in Fig. 5. 

 
Fig.5 shows defect free SMMC using FSP. 

A. Efficacy of Friction Stir Processing: It has been already 

explained the necessity of solid state processing for 

incorporating reinforcing particles (boron carbide) as it 

yields no dissolution of reinforcement i.e. friction stir 

processing  maintains the real identity of boron carbide even 

after processing. From the EDS analysis, it is quite evident 

that the existence of the boron is about 81.64%, however 

elemental boron cannot exist in the main material so the 

existence of boron as boron carbide is high as shown in 

Fig.6.   

 

Fig.6 EDS report of surface composite fabricated by incorporating boron 

carbide particles using friction stir processing. 

From the EDS analysis, it is understood that the friction stir 

processing does not result in the formation of detrimental 

phases which is highly beneficial for obtaining strong 

interfacial bonding. 

B. Micrographs: The optical micrographs of samples under 

different condition as seen under magnification of 100x are 

shown in Fig.7 

 

Fig.7 shows the optical micrograph of samples under different condition. 

IV.  CONCLUSION 

A. With the tool feed rate of 50mm/ min rotational speed 

960 rpm and plunging speed of the order of 30 mm/minute 

with tilt angle about 2.5
o
 resulted in fabrication of sound 

metallurgical SMMC. 

B. EDX analysis supports the efficacy of friction stir 

processing and depicts the absence of dissolution of boron 

carbide and presence of boron carbide intact in SMMC. 

C. The present investigation demonstrates successfully 

fabrication of SMMC by incorporating boron carbide 

particles on to the surface of AA7075 for wear resistant 

applications. 
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Abstract: - Energy demand is increasing day by day because of 

rapid population explosion and industrialdevelopment which 

are highly dependent on non-renewable energy sources. 

Consequently, the continuous use of such resources at the 

higher rates will cause depletion of these resources in upcoming 

years. Also, the rates of fuel will going to increase. So, it has 

become necessary to focus on the alternative energy source. At 

present, the alternative energy sources available are solar 

energy, wind energy, geothermal energy and energy from 

Biomass. From all above sources, here we will only consider 

energy from biomass. Energy from biomass is obtained from 

Soybean, Sunflower, Palm, Canola, Jatropha and Algae. The 

sources mentioned are consider as substitute for petroleum 

products. This paper is targeting algae for bio fuel production 

because of its higher growth and oil yield. Especially, it only 

concentrate on different cultivation methods of algae for 

biodiesel production. This paper will investigate that open pond 

cultivation method is more suitable for India. 

Keywords: -Algae, Cultivation, Open Pond system, Biodiesel, 

fossil fuel. 

I. INTRODUCTION 

he social, environmental, and economic pressures of 

human activity require ever increasing energy 

resources.The rise of developing nations coupled with a 

predicted expansion of the world population to at least 9 

billion by 2050 correlates to a global increase in energyuse 

from 533 quadrillion (1015) kJ in 2008 to 812 quadrillion kJ 

by 2035[1]. The world need fossil fuel for transportation 

such as in vehicles, heavy machineries, ships etc. even in 

mining projects as well as domestic peak power plants. 

Existing global fossil fuel reserve is rapidly depleting 

because the world uses billion litres of oils per annum. This 

oil causes to energy securities and environmental challenges. 

As the reserve decrease and consumption is increase, prices 

will continue to rise. Oneof the solution for this problem is to 

use energy from biomass. Energy from biomass is obtained 

from Soybean, Sunflower, Palm, Canola, Jatropha and 

Algae. Algae uses sunlight, CO2 and nutrients to grow in 

control environment, algae can multiplies many times in each 

day. This makes algae one of the most valuable sustainable 

and renewable fuel resources in the world. In 2008 the 

annual world primary consumption was estimated 11,295 

million tonnes of oil[4]. The use of fossil fuels results in the 

emission of Greenhouse Gases such as Carbon dioxide 

(76%), Methane (13%), Nitrous oxide (6%) and 

Fluorocarbons (5%). Out of these gases Carbon dioxide is 

the major culprit to cause climate change [2]. The other 

sources such as nuclear, hydro-electric, solar, wind, etc. are 

available which are not able to fulfil the current demand of 

primary energy consumption. Due to increase in rapid 

population and industrial development the demand of energy 

is greatly increased and as a result of this price will continues 

to rise.The world total biodiesel production was estimated to 

be around 1.8 billion in 2003 [3]. The activity for the 

production of biodiesel was started from last few years due 

to rapid demand of fossil fuels. Due to consumption of huge 

amount of fossil fuels, the releasing of CO2 in the atmosphere 

is increased and it has adversely affected the climate change 

globally. In 2006,CO2 emissions had been estimated 29 

Gallon tones [4]. It has become necessary to develop 

subsequent techniques and adopt policy for minimising CO2 

emission to reduce environmental pollution and its effects. 

II. NEED AND JUSTIFICATION OF ALGAE AS 

BIOFUEL 

Microalgae are the microbes that are extremely small and 

they are single cell organisms. There are many species of 

microalgae in world which produces oil. Algae growth is 

natural occurrence in all types of water bodies. The limited 

fossil fuels are associated with huge problem so alternative 

search for biofuel has become necessary. Biofuel has become 

more significant recently because of its environmental 

benefits over conventional fossil fuels and also it is 

renewable source of energy. The use of biodiesel causes 

reduction in carbon and sulphur content in atmosphere which 

cut down their amount by 30-20% and it also maintains the 

CO2 in the atmosphere[3].Here are the some benefits of using 

microalgae for biodiesel are as follows. 

a) There is no need for fresh water to cultivate algae. It can 

be grown using either waste water or marine water, 

b) Eco-friendly, 

c) It can be grown in non-arable land and less land is 

requiredas compare to other traditional oil seeds. 

d) It is utilised in making cosmetics, fertilizers, medicine 

and animal feed, 

e) High oil yield per acre (land), 

f) It gets mature within 12-20 hours, 

g) Algae biodiesel is non-toxic and highly biodegradable, 

h) New design or modification of diesel engine is not 

required. 

Growing of algae takes CO2 as means of nourishment. 

These means that, algae forms can be couple with 

conventional power plant to significantly reduce in emissions 

from power plant. Similarly, CO2 that created by algae 

biofuel combustion is again utilised for its growth. 

 

Fig. 1. Oil content from different biodiesel crops &production[5] 

T 
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The biofuel itself is a carbon neutral.Algae has a potential 

for making 1000 barrels/acre/year. Another problem 

associated with the other biodiesel resources is low oil 

content and productivity as shown in Figure 1. And also food 

prices tends to rise up. As it is grown on waste land it does 

not have tendency to compete with food cropping. The 

number of carbon present in algae fuel is about 14 which is 

same as number of carbon present in diesel of 14-18 

carbons[3]. It is easy to maintain nutrients and pH content. 

Additionally, the waste from the biodiesel production can be 

use as fertilizers, animal feed and pharma industries. Natural 

algae separated for processing into three primary products 

they are (a) livestock feed supplement, (b) bio-crude and (c) 

Straight vegetable oil. 

The algae is growing through the process of 

photosynthesis which takes CO2 from the atmosphere in the 

presence of sunlight and emits oxygen. That means the algae 

takes CO2 from the emissions from industries, automobile, 

power plant, etc. for its growth so due to this it reduce the 

greenhouse gases in an area where algae is cultivated.  

III. STAGES FOR ALGAE TO BIODIESEL 

The different steps for algal biodiesel production can 

explained as, 

 

a) After selecting the suitable site for algae cultivation. The 

next step is to cultivate the algae in presence of sunlight 

and carbon dioxide and other nutrients through the 

different methods which are further discussed in this 

paper.  

b) Algae harvesting process comprises of flocculation, 

centrifugation and microfiltration. In this process, 

biomass of algae is separated from water through 

dewatering it. The biomass of algae is further dried in 

solar dryer. 

c) After harvesting algae, oil is extracted from it through 

mechanical press or liquefaction or by dissolving 

solvents. The raw algal oil is obtained in this process.In 

dissolving solvent method, the solvent is mixed with 

algae so biomass get settled down at the bottom of the 

container and algal oil will float on its surface. 

d) The extracted algal oil is now converted in to bio diesel 

through biochemical conversion, anaerobic digestion 

and transesterification. 

 

IV. CULTIVATION METHODS OF MICROALGAE FOR 

BIODIESEL PRODUCTION 

There are several species of algae around 50,000 species, 

out of which only 30,000 species are studied till now. Algae 

can be cultivated in any environmental conditions were the 

retention time of water is long then it start to form in water. 

There are some algal species which are very rich in oil such 

as oil produce from chlorella in heterotrophic fermentation 

[3]. 

The different methods of cultivating microalgae. 

a) Open pond system, 

b) Closed loop Photo bioreactor (PBR), 

c) Hybrid cultivation of algae, 

d) Heterotrophic fermentation and 

e) OMEGA (Offshore Membrane Enclosures for 

Growing Algae). 

 

A.  Open Pond System 

 Algae can be cultivated in open pond in some 

natural resources available such as lake, ponds, lagoons and 

artificial ponds [6]. The open pond system is oldest and 

simplest method to cultivate microalgae. In the cultivation of 

algae, the sample of algae is being put in the large sources of 

water. So, by absorbing CO2 from environment as nutrient, 

the algae can start to grow.    

      

 

Fig.2: Open Pond cultivation System[7] 

 

Fig. 3. Raceway Ponds [8] 

―Raceway ponds‖ are one of the open pond which provide 

better circulation of algae, water and nutrients using paddle 

wheel on regular frequency. It is made of close loop 

recirculation channel that is typically about 0.3m deep [9]. 

Open ponds are made of concrete or masonry work which 

usually coated with plastic. The pH value of water and other 

physical condition should be controlled to ensure that 90% of 

CO2 can be absorbed [7].  

It has become an accepted measure that marine plankton 

have relatively constrained elemental ratios of 106:16:1 

(C:N:P)[1]. Although some algae species, primarily 

cyanobacteria, can fix nitrogen from the air, most microalgae 

require a soluble form such as urea or ammonia [1]. In 

raceway ponds, paddlewheels are used to maintain constant 

mixing of the algae. A single paddlewheel has been shown in 

Figure 3 to provide sufficient mixing for algae biomass 

cultivation for arrays of connected ponds covering areas as 

large as 5 hectare[1]. 

Following are some environmental benefits of this system 

which are (a) Simple in construction; (b) Low operating cost 
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as minimum energy input is required; (c) It is relatively 

cheaper as compared to other cultivation method; (d) Open 

pond can be easily cleaned and maintained; (e) It suites to 

any type of land such as deserts, waste land, non-agricultural 

land, etc. and (f) Because of its less complexity, maintenance 

cost is less. 

Moreover, it also has some environmental concerns such 

as (a) Main drawback of system is large area of land is 

required;(b)Lower strain of algae; (c) There is possibility of 

microalgae to contaminate with other microbes which are not 

good for their growth and (d) Paddlewheels are needed for 

the cultivation of algae, but their main drawbacks come from 

their operating costs. 

 

B.  Closed Loop Photo Bioreactor (PBR) 

The second method named close loop photo bioreactors 

which are commonly used for culturing algae for the purpose 

of biofuel production. The closed vessel may consists of the 

steel, plastics, or fibres. Their size may vary according to the 

production capacity of the plant. The diameter of PBR tubes 

are small. So, the solar radiation falling on the tubes may 

cover whole diameter of tubes which allow better growth of 

algae. 

 

Fig. 4.Tubular photo bioreactor with parallel run horizontal tubes [7] 

 

Fig. 5. Biodiesel production with the help of Photo bioreactor system[10] 

Tubular algae bio-reactors consist of a vertical or horizontal 

arrangement of tubes with algae suspended in fluid and 

circulated throughout the system. The introduction of gas at 

either the beginning or the end of the system is commonly 

performed to accelerate algae growth, and generally leaves a 

lack of gas at the opposite end of the circulatory system 

therein. A system with even introduction of gas and light 

would improve the current state of the art [11]. 

Photobioreactors are closed vessels where algae can be 

cultured under optimum conditions without the threat of 

contamination from competitive species or culture collapse 

from predation (both significant problems in open ponds). 

Photobioreactors have high capital costs to build, but high 

rates of productivity, with the potential to yield 5,000-15,000 

gallons of microalgal oil per acre per year [12]. By running 

small air pump with use of solar radiation we can 

continuously steering the water and algae so the other 

nutrients and algae can be continuously mixing and better 

growth take place. 

Nutrient starvation consists of a manipulation of algal 

cells to produce more energy-storing molecules through the 

alteration of their environments to cause nutrient deprived or 

stressed conditions [13]. With development through 

increased experimentation and studies into the building and 

maintenance of the bioreactors in combination with the 

strategy of nutrient starvation, the efficiency of cultivation of 

microalgae could be aided to the point of cancelling out and 

maybe even overcoming the additional costs of maintaining 

the more advanced system [13]. 

The system is advantageousbecause of(a)Higher 

productivity; (b) It is suitable where availability of land is 

less; (c) It is easy to sterilize water; (d) Suitable foroutdoor 

culture and (e) Large illumination surface area. 

Also it hassome disadvantages like (a) As compared to 

open pond system, this method is more expensive; (b) Water 

data are limited and inconsistent; (c) Very few large scale 

closed PBR have been implemented so the feasibility is to 

ascertain; (d) Complexity is more in construction of whole 

system other than open pond system and (e)It requires 

external source of energy.  

 

C.  Hybrid Cultivation of Algae 

Hybrid cultivation system use the advantages of both the 

system as closed photobioreator and open pond system.  

 

 
 

Fig. 6.Hybrid Cultivation System [14] 
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In closed PBR, algae is cultivated which is enriched in 

nutrients and then it is supplied to the open pond in which 

nutrients are mixed. As a result, the growth of algae is high 

through bio synthesis which cause high yield of oil. In hybrid 

system, phosphorous and nitrogen in the form of phosphoric 

acid, ammonium nitrate and urea are added on regular 

interval to accelerate the growth of microalgae which is not 

provided by the other cultivation method[14]. Gas transfer is 

an obstacle for closed PBR. As oxygen is produced during 

photosynthesis, the open pond system uses paddle wheel 

system to support the gases. But in PBR, it requires the 

application of degasification system[14]. 

The merits of hybrid system are (a) It requires less energy 

input compared to other closed system; (b) In PBR, the tubes 

are either horizontal or vertical this increases the area and (c) 

CO2 Emissions from industries increase algae productivity.  

Although it has some demerits like (a) It is more 

expensive outdoor system for achieving higher oil due to 

limitation of daylight; (b) Some system designs may not be 

able to accommodate wastewater; (c) High evaporation rates 

could impact water demand and humidity levels and (d) 

Photo bioreactor maintenance could have an impact 

depending on cleaning frequencyand method (i.e. chemical, 

detergent, and water usage) [14]. 

 

D.  Heterotrophic Fermentation 

Heterotrophic fermentation is measurably different 

approach and it is also known as dark feeding which is an 

alternative approach for algae cultivation. Heterotrophic 

systems are similar to closed PBR cultivation in that both 

pathways can utilize conventional closed bioreactors, such as 

stainless steel tanks [14]. Heterotrophic cultivation of 

microalgae offers several advantages over open pond and 

closed PBR cultivation including elimination of light 

requirement, good control of the cultivation process, and 

low-cost for harvesting the biomass because of higher cell 

density obtained in heterotrophic culture of microalgae [4]. 

The defining characteristics are that, high density 

heterotrophic cultivation is achieved with inputs of an 

organic substrate (sugar) feedstock in a zero-light, low-

moisture environment [14]. Heterotrophically grown 

microalgae usually accumulate more lipids than those 

cultivated photoautotrophically[4]. 

 

 

E.  OMEGA (Offshore Membrane Enclosures For Growing 

Algae) 

The OMEGA stands for Offshore Membrane Enclosures 

for Growing Algae. It is clearly understood from the name 

that it is carried out at the seashore. These cultivating method 

is favourable for country like India whose coastal land is 

about 7500 km. So there is a big opportunity for cultivating 

algae at sea shore.  

Most of the cities releases the waste water directly to the 

sea while some cities processes it. But in all cases the water 

which is released is perfectly suitable for growing algae. The 

OMEGA is one of the best system for such type of 

conditions.  

In this system, treated waste water and CO2is supplied in 

to the floating tubular structure similar to horizontal photo 

bioreactor tube and the waste water provides nutrients to the 

algae growth. Moreover,CO2 is also taken from atmosphere 

in presence of solar energy for growth of algae. 

Wave energy of sea water is used for mixing and stirring 

algae in floating tubes. Also temperature is controlled by 

surrounding water temperature. The algae that grows in 

tubular structures emits O2 as mentioned in the fig.7. 

 

 
Fig.7.Schematic Diagram of Offshore Membrane Enclosures for Growing 

Algae[5] 

 

With the help of this system, waste water can be recovered 

and marine biodiversity can be enhanced on the surface of 

the sea. Moreover, because of its marine structure, 

aquaculture activity at offshore, it can be easily carried out in 

an efficient manner. 

 

CONCLUSION 

Algae that double in a massive value, it can be grown only 

at around for biofuel production. As argued in this paper 

about different cultivating methods, the cultivating method 

that seems to be best is open pond cultivating system because 

of its simplicity and higher growth rates. The CO2 emitted 

from the pollution is utilized for growing algae. Algae is best 

suitable for the wide variety of fuel and feed application. It is 

sustainable feed, renewable fuel and whole system that 

maintains net positive CO2 balance which means to CO2 

credits. If we look at the three major challenges that human 

being faces today it is CLEAN AIR, SUSTAINABLE FEED 

AND RENEWABLE FUEL. Algae are the platform that 

addresses to all the above problems in a viable way. The 

algae biofuel prove independent security and one of the 

sustainable energy option for fluctuating prices of petroleum 

fuel. 
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Abstract— Academic ERP is software that provides facilities to 

execute academics related task. An idle ERP contains student 

records, quiz, assignment, feedback and many other blocks of 

an academic. In this paper, we explored possibility of Moodle as 

academic ERP. We initially bogged down most important 

features of any Academic ERP and then we map this features 

with Moodle functionality. Our research and exploration 

suggest that we do not need to purchase any costly academic 

ERP software rather we can use Moodle efficiently and 

effectively for all academic activities. 

 

Keywords— Moodle, academic ERP, student, feedback, quiz, 

attendance 

I. INTRODUCTION 

n Enterprise Resource Planning (ERP) system is a 

generic term for an integrated enterprise computing 

system. ERP is a customized software system that handles 

the majority of an enterprise's information based 

requirements. It has a common database and it works on a 

single development environment. ERP systems can be 

customized to support an organization’s business processes. 
[1]

 

ACADEMIC ERP 

As ERP system handles majority of information, 

Academic ERP system handles all information about 

academic process. It includes student records, upcoming 

events, online quiz, assignment, journal, feedback and many 

other blocks of an academic. 

 

INTRODUCTION OF MOODLE  

Moodle is free software that allows you to create 

powerful, flexible, and engaging online learning experiences
 

[5]. 
The word Moodle was originally an acronym for Modular 

Object-Oriented Dynamic Learning Environment. In this 

paper, we tested MOODLE as Academic ERP. In moodle, 

student records can be stored and student can be enrolled to 

particular course. Online attendance of students is recorded. 

Students can take a look of their attendance. Course wise 

online quiz of students can be taken. Information about 

notice or upcoming events can be notified under upcoming 

events section. Moodle provides all this features of an 

academic ERP.  

 

II. ACADEMIC ERP 

As we are testing moodle as Academic ERP, An academic 

ERP system is required to have the following characteristics:  

 Modular design comprising many distinct modules 

such as courses, attendance, quiz, feedback, student, 

etc. 

 Use centralized common database management 

system (DBMS). 

 The modules are integrated and provide seamless 

data flow among the modules, increasing 

operational transparency through standard interfaces. 

 Flexible and offer best business practices. 

 The modules work in real time with online and 

batch processing capabilities. 

 Messaging, Feedback, Forum. 

 

BENEFITS OF ERP 

There are many reasons to start down the ERP path. One 

of the main advantages to ERP is improved access to 

information. With some legacy systems it is challenging to 

develop reports or to tap into transaction data stored on the 

computer. Modern ERP systems often improve upon this 

process and provide a strong foundation for moving to a data 

warehouse that can provide even more capability to extract 

data from administrative information systems. 
[4]

 

Another reason to consider ERP is to improve workflow 

and efficiency as an example; online requisitions can be 

completed and workflow processes can forward the form 

along the approval path more rapidly than with traditional 

paper processes. Another reason to consider ERP is the 

ability to improve controls and to program alerts. Alerts, for 

example, can be programmed to warn students about 

attendance and to implement controls that prevent students. 

III. MOODLE AS AN ACADEMIC ERP 

Moodle is a software package for producing Internet-

based courses and web sites. It is a global development 

project designed to support a constructionist framework of 

education. Moodle is provided freely as Open 

Source software. It can be run on Windows and 

Mac operating systems and many flavors of linux (for 

example Red Hat or Debian GNU). The word Moodle was 

originally an acronym for Modular Object-Oriented Dynamic 

Learning Environment. Moodle provides various features 

with concept known as block and module. It contains role 

based registration of students and teachers. It uses PHP and 

MYSQL as front-end and back-end respectively. These both 

are reliable, best and open source software. 

 

 

A 
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MOODLE: SOCIAL CONSTRUCTIONISM 

Moodle is designed to support a style of learning 

called Social Constructionism. This style of learning is 

interactive. The social constructionist philosophy believes 

that people learn best when they interact with the learning 

material, construct new material for others, and interact with 

other students about the material. The difference between a 

traditional class and a class following the social 

constructionist philosophy is the difference between a lecture 

and a discussion. 

Moodle does not require you to use the social 

constructionist method for your course but still it supports 

this method. Like, Moodle allows you to add several kinds of 

static course material. This is course material that a student 

reads, but does not interact with: 

 Web pages 

 Links to anything on the Web (including material on 

your Moodle site) 

 A directory of files 

 A label that displays any text or image 

 

Moodle also allows you to add interactive course material. 

This is course material that a student interacts with, by 

answering questions, entering text, or uploading files: 

 

 Assignment (uploading files to be reviewed by the 

teacher) 

 Choice (a single question) 

 Lesson (a conditional, branching activity) 

 Quiz (an online test) 

 

Moodle also offers activities where students interact with 

each other. These are used to create social course material: 

 Chat (live online chat between students) 

 Forum (you can have zero or more online bulletin 

boards for each course) 

 Glossary (students and/or teachers can contribute 

terms to site-wide glossaries) 

 Wiki (this is a familiar tool for collaboration to most 

younger students and many older students) 

 Workshop (this supports the peer review and 

feedback of assignments that students upload) 

 

In addition, some of Moodle's add-on modules add even 

more types of interaction. For example, one add-on module 

enables students and teachers to schedule appointments with 

each other. 

IV. MOODLE BLOCKS 

As in this paper we cannot discuss all various 

functionalities. Moodle provides many blocks (Add-ons), out 

of them 3 blocks are most important block. Attendance, quiz,  

 

and Feedback are required activities of any academic area. 

We thought these three are main academic blocks. Our 

papers focus is on these main three modules. 

 

 

QUIZ MODULE 

In any academic system, evaluating student is very 

important aspect but it is also very tedious activity.  Moodle 

provides all the familiar forms of assessment including true-

false, multiple choice, short answer, matching question, 

random questions, numerical questions, embedded answer 

questions with descriptive text and graphics.  

 

There are three steps to create a quiz.  

1. Create quiz and adjust settings.  

2. Create questions, organize into categories.  

3. Add the questions into the quiz and assign points. 

 

 

 
 

Fig. 1 create quiz and adjust settings. 

 

 
 

Fig. 2 Create questions, organize into categories. 
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Fig. 3 adds questions into the quiz. 

 

Fig. 1 describes that how to create quiz. Different settings 

are also available. Display style and steps of creating quiz 

differ from one version to another version of moodle. Fig. 2 

shows the look of quiz that appears to student. Fig. 3 shows 

report of quiz as after conducting quiz we need reports. 

 

ATTENDANCE MODULE 

Adding an Attendance Module to Course: - 

Attendance can be taken by Attendance module for all 

courses. We will add only one module of Attendance for one 

course. We can configure attendance module as follow: 

 

1. Enter the course,  

2. Go to the topic where you want the attendance to be 

placed, 

3. Click on the Add an activity dropdown menu,  

4. Select Attendance (You will be redirected to the Editing 

Attendance page), 

5. Type in a “Name” for the Attendance.  

6. Set a “Grade” for the attendance to be added in the Grade 

book  

7. Click “Save and display”  

8. From “Add” tab, add your classes’ sessions’ dates (This 

function allows you to create multiple sessions in one simple 

step), 

9. Click “Add Session”, and your classes will be created. 

 

Taking Attendance  

1. Click on attendance section of your course. 

2. Opposite to the session of your choice, click the green dot  

3. You will be redirected to the attendance page, you can set 

the status of each student to either A: Absent, P: Present, E: 

Excused or L: Late.  
4. Sessions where attendance has already been taken do not 

have the green button, but instead the description is a link 

that takes you to the screen to modify the attendance record 

for that session. 

Report of an attendance also can be generated. Export to 

excel sheet option is also available in moodle.  

 
 

Fig. 4 Taking Attendance 

 

Fig. 5 Report of an attendance 

FEEDBACK MODULE 

In most university and colleges, Feedback system is in 

place to improve the academic process. Hence students give 

feedback and based on feedback changes will be done to 

course, teacher and various other aspects like assignment. 

But most of time we saw that feedback never get any effect 

on system because it is too boredom to analyse feedback 

form. But using Moodle we can do it more easily, effectively 

and without wasting resource. With the Feedback activity 

you can survey your students with a custom survey. The 

feedback can be set as anonymous if desired. The results of 

the survey can be viewed in detail or as a graph giving an 

overall summary. 

 

Adding a Feedback 

From your course homepage, choose Feedback from the Add 

an activity menu in the week or topic you would like to 

place for survey. The main Feedback page will prompt for 

the name and description of the Feedback activity. The 

timing option allows you to limit the availability of the 

Feedback module. 
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Fig. 6 Add a new Feedback to week 

 

Adding Questions 

Once your general settings have been entered, select the 

Edit Questions tab. Click on the down arrow of the 

dropdown box and choose the type of question you would 

like to create. 

 

 
 

Fig. 7 Add question to activity. 

V. CONCLUSION 

Moodle contains almost all blocks that can be used in an 

academic area. It provides many options for activities when 

compared to other software.  It is open source, no need to 

invest huge money, plenty of support options available. It’s 

easy to install it and use for academic activities, as it has 

covered all requirements.                         
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Abstract-The micro-strip patch antenna are used for various 

applications in many high performance wireless 

communication system. They have several drawbacks such as 

low efficiency, low bandwidth  ,low gain  and can only be used 

at microwave frequency. Due to these above parameters, there 

is complexity in tunings. Thus to improve them, different slots 

are introduced. Variety of shapes of slots are available-

E,H,V,U,L  shapes etc. which make  patch antenna suitable for 

high frequency applications.This paper provides a brief 

overview of work done in field of single layer rectangular  

micro-strip patch antenna for enhancing bandwidth ,gain and 

various other parameters. 

Keywords :Micro-strip patch antenna, Bandwidth ,Gain, Slots 

 

I. INTRODUCTION 

ith the wide spread proliferation of wireless 

communication technology in recent years, the 

demand for compact, low profile and broadband antennas 

has increased significantly. To meet the requirement, the 

micro-strip patch antenna have been proposed because of its 

low profile, light weight and low cost. However, the micro-

strip antenna inherently has a low gain and a narrow 

bandwidth. To overcome its inherent limitation of narrow 

impedance bandwidth and low gain, many techniques have 

been suggested [1]. 

There are several key advantages over conventional wire 

and metallic antennas ,micro-strip antennas have been used 

for many applications such as Direct broadcasting satellite 

(DBS) systems, mobile communications, global positioning 

systems(GPS) and various radar systems.  

II. MICROSTRIP PATCH ANTENNA 

A microstrip patch antenna (MPA) consists of a 

conductingpatch of any planar or nonplanar geometry on 

one side of a dielectric substrate with a ground plane on 

other side.  It is a popular printed resonant antenna for 

narrow-band microwave wireless links that require semi-

hemispherical coverage. Due to its planar configuration and 

ease of integration with microstrip technology, the 

microstrip patch antenna has been heavily studied. 

A large number of microstrip patch antennas have been 

studied to date. An exhaustive list of the geometries along 

with their salient features is available [2].  When they are 

applied in the frequency range below 2 GHZ, size of 

conventional rectangular patch  is seem to be too large 

which makes it difficult for them to be installed on 

televisions, notebook computers or other handheld 

terminals, etc.  

Several techniques thus have been proposed to reduce the 

sizes of conventional  micro-strip patch antennas .Material 

of high dielectric constant has been used.There are 

numerous and well-known methods to increase the gain of 

antennas, including decrease of the substrate thickness, size 

reduction, VSWR improvement by introducing slots. [3-4].   

 

 
Fig 1: Structure of rectangular microstrip patch antenna 

 
Table 1 :Characteristics of patch antenna 

Transmission Line Model 

This model represents the microstrip antenna by two slots of 

width W and height h, separated by a transmission line of 

length L. The microstrip is essentially a non-homogeneous 

line of two dielectrics, typically the substrate and air. 

 
Fig 2 Microstrip Line                     Fig 3 Electric Field Lines 

W 
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Hence, as seen from Figure 3, most of the electric field lines 

reside in the substrate and parts of some lines in air. As a 

result, this transmission line cannot support pure transverse-

electricmagnetic (TEM) mode of transmission, since the 

phase velocities would be different in the air and the 

substrate. Instead, the dominant mode of propagation would 

be the quasi-TEM mode. Hence, an effective dielectric 

constant (εreff) must be obtained in order to account for the 

fringing and the wave propagation in the line. The value of 

εreffis slightly less thenεrbecause the fringing fields around 

the periphery of the patch are not confined in the dielectric 

substrate but are also spread in the air as shown in Figure 3 

above. 

 

In order to operate in the fundamental TM10 mode, the 

length of the patch must be slightly less than λ/2 where λ is 

the wavelength in the dielectric medium and is equal to 

λo/√εreffwhere λois the free space wavelength. The TM10 

mode implies that the field varies one λ/2 cycle along the 

length, and there is no variation along the width of the 

patch. In the Figure 2.10 shown below, the microstrip patch 

antenna is represented by two slots, separated by a 

transmission line of length L and open circuited at both the 

ends. Along the width of the patch, the voltage is maximum 

and current is minimum due to the open ends. The fields at 

the edges can be resolved into normal and tangential 

components with respect to the ground plane. 

 

 

III. DESIGN EQUATIONS 

In a dielectric substrate, the effective dielectric constant is 

calculated using following equation: 

 

Where r is the dielectric constant of the substrate 

            H is the thickness of the substrate 

            W is the width of the patch 

 

 
Where f0  is the centre frequency of the antenna. 

 

The width for the patch Can be calculated by using the 

following equation 

=

 

For the transmission line ,the length is approximately 

0.75.Where    is the  wavelength of the antenna. The real 

length for the patch can be calculated by  

L=Leff-2L  where 

 
IV. DIFFERENT  SHAPES OF SLOTS 

 

 
Fig 4:Geometry Of E + U Shape Slot 

 
 

Fig 5:Geometry Of Double U Shape Slot 

 
Fig 6:Geometry Of S Shape Slot 

 

 

 
 

Fig 7:Geometry Of H Shape Slot 



International Conference on Multidisciplinary Research & Practice                                                           P a g e  | 177 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 
 

 

 
Fig 8:Geometry Of E  Shape Slot 

 

 

     
Fig 9:Geometry Of U Shape Slot 

 

V. COMPARATIVE ANALYSIS OF DIFFERENT SHAPES OF SLOTS 

 

 

 

 

 

 

 

 

 

 

TITLE YEAR CONCEPT RESULT MERITS  

Design 

and 

simulati

on of E 

shaped 

microstr

ip patch 

antenna 

for 

wideban

d 

applicat

ions. 

2011 4 parallel 

slots & 1 

perpendicular 

slot is 

inserted,probe 

feeding is 

introduced,fe

d by SMA 

connector 

 

Freq range-

8.59GHz to 

13.99 GHz 

Gain-

8.33dB(foam) 

7.33dB(air) 

VSWR-0.217 

(air) 

1.67 

a) VSWR 

<=2. 

b) B.W 

enhanced 

by 30%. 

Design of 

an H-

shaped 

Microstrip 

Patch 

Antenna for 

Bluetooth 

Application

s 

2013 

 

H 

sha

ped 

for 

Blu

etoo

th at 

f=2.

4 

ghz. 

Gain 

obtained 

is 8.93 db. 

Vswr is 

about 1.50 

which is 

considera

bly  

 

VSWR 

reduced & gain 

improved. 

Double L 

shaped slot 

loaded 

microstrip 

with 

wideband 

2014 Double 
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loaded 

patch 

antenna 

for C 

band.(f
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ghz) 
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than 2, 

bandwi

dth 
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ed. 

Enlarge 

impedance 

b.w. 
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strip 
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th 
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efficiency- 
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of 
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, 
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Broadban

d 

microstri
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antenna 
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VI. APPLICATIONS 

Microstrip antennas are spreading widely in all the fields 

and areas and now they are booming in the commercial 

aspects due to their low cost of the substrate material and 

the fabrication. It is also expected that due to the increasing 

usage of the patch antennas in the wide range this could take 

over the usage of the conventional antennas for the 

maximum applications. the applications are in the various 

fields such as in the medical applications, satellites and of 

course even in the military systems just like in the rockets, 

aircrafts missiles and various wireless applications such as 

Bluetooth,wimax,wlan,gsm,gps,etc. S and H shape is used 

basically for Bluetooth applications. E AND U shape is 

basically used for Wi-max , WLL  and WLAN. L shape slot 

antenna finds it application in field of wireless and mobile 

communication. 

Some of these applications are discussed as below: 

 

Mobile and satellite communication application: Mobile 

communication requires small, low-cost, low profile 

antennas. Microstrip patch antenna meets all requirements 

and various types of microstrip antennas have been 

designed for use in mobile communication systems. In case 

of satellite communication circularly polarized radiation 

patterns are required. 

 

Global Positioning System applications: Nowadays 

microstrip patch antennas with substrate having high 

permittivity sintered material are used for global positioning 

system. Millions of GPS receivers are used by  general 

population for land vehicles, and aircraft to find there 

position accurately. 

  

Radio Frequency Identification (RFID): RFID uses in 

different areas like mobile communication.. RFID system 

generally uses frequencies between 30 Hz and 5.8 GHz 

depending on its applications.  

 

Worldwide Interoperability for Microwave Access (WiMax): 

The IEEE 802.16 standerd is known as WiMax. It can reach 

upto 30 mile radius theoretically and data rate 70 Mbps. 

MPA generates three resonant modes at 2.7, 3.3 and 5.3 

GHz and can, therefore, be used in WiMax compliant 

communication equipment. 

 

VII. CONCLUSION 

A theoretical survey on microstrip patch antenna is 

presented in this paper. Some effect of disadvantages can be 

minimized.  Increasing gain ,bandwidth and lowering 

VSWR  for making patch antenna for application specific is 

achieved by introducing slots in the geometries of patch 

antenna. As compared to conventional micro-strip antenna 

gain is improved, VSWR is reduced so thereby overall 

efficiency of the antenna increases.  Different slots shaped 

are compared and it is found that  bandwidth of 

conventional rectangular microstrip antenna can be 

enhanced from 4.81% (100MHz) to 28.71% (610 MHz), 

28.89% (630MHz) and 9.13% (110MHz) respectively using 

U, E and H-patch over the substrate. The E-shaped patch 

antenna has the highest bandwidth followed by U-shaped 

patch antenna and H-shaped patch antenna. 
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Abstract: The non renewable sources of energy will deplete 

over time,alternative souces of energy are required for 

overcoming this problem.Solar energy is a form of 

renewable source of energy and it is converted to its useful 

form using solar(PV) cells.This paper discusses the working 

of organic solar cells based on polymers,it has been 

compared with Si solar cells and how the polymer based 

solar cells are preferred over other cells.These cells have 

been further classified into single layer solar cells,bilayer 

solar cells and bulk heterojunction solar cells.It has been 

concluded based upon the efficiency. 

Keywords: PV cells, polymer, single layer cells, bilayer solar 

cells, bulk heterojunction solar cells. 

I. INTRODUCTION 

ne of the most important source of energy is solar 

energy (produced by the sun).It is used to provide 

electricity and it is best because it is free and does not 

compromise with the environment. The principle of the 

solar cells is : photo voltaic cells are composed of layers 

of semiconductors such as silicon. Energy is created when 

photons of light from the sun strike a solar cell and are 

absorbed within the semiconductor material. This excites 

the semiconductor's electrons, causing the electrons to 

flow, and creating a usable electric current.Various 

architectures for organic solar cells have been investigated 

in recent years. [1] 

          Organic photovoltaic (OPV) cells are a 

revolutionary technology for electrical energy production, 

being inexpensive to fabricate,lightweight, and 

mechanically flexible. Initial OPV devices based on a 

vapor-deposited donor–acceptor small-molecule 

heterojunction exhibited a power conversion efficiency 

(PCE) of 1%. However, during the last two decades 

dramatic performance increases have been achieved , the 

photoactive blend layer, comprising a conjugated polymer 

donor and a soluble molecular acceptor is sandwiched 

between an indium tin oxide (ITO) electrode (anode) and 

a metal electrode(cathode). The polymer donor serves as 

the main solar light absorber and as the hole transporting 

phase, whereas the small molecule transports 

electrons.Therefore a wide optical absorption range (to 

match the solar spectrum), large extinction coefficients, 

and large carrier mobilities are basic requirements toward 

the design of ideal photoactive blends. Furthermore, 

microstructural features favoring light-to-charge and 

charge transport in the out-of-plane direction are essential 

characteristics to enhance charge collection. 

 

 
 

II. BASIC WORKING OF A SOLAR CELL 

 

Solar energy is produced with the help of solar cells.A 

solar cell is an electronic device which directly converts 

sunlight into electricity. Light shining on the solar cell 

produces both a current and a voltage to generate electric 

power. This process requires firstly, a material in which 

the absorption of light raises an electron to a higher 

energy state, and secondly, the movement of this higher 

energy electron from the solar cell into an external circuit. 

The electron then dissipates its energy in the external 

circuit and returns to the solar cell. A variety of materials 

and processes can potentially satisfy the requirements for 

photovoltaic energy conversion, but in practice nearly all 

photovoltaic energy conversion uses semiconductor 

materials in the form of a p-n junction. 

The basic steps in the operation of a solar cell are: 

 the generation of light-generated carriers; 

 the collection of the light-generated carries to generate 

a current; 

 the generation of a large voltage across the solar cell; 

 the dissipation of power in the load and in parasitic 

resistances. 

 

In polymer based organic cell,for an efficient collection of 

photons, the absorption spectrum of the photoactive 

organic layer should match the solar emission spectrum 

and the layer should be sufficiently thick to absorb all 

incident light. A better overlap with the solar emission 

spectrum is obtained by lowering the band gap of the 

organic material, but this will ultimately have some 

bearing on the open-circuit voltage. Increasing the layer 

thickness is advantageous for light absorption,but burdens 

the charge transport. 

 

Creation of charges is one of the key steps in photovoltaic 

devices in the conversion of solar light into electrical 

energy. In most organic solar cells, charges are created by 

photoinduced electron transfer. In this reaction an electron 

is transferred from an electron donor (D), a p-type 

semiconductor, to an electron acceptor (A), an n-type 

semiconductor, with the aid of the additional input energy 

of an absorbed photon (hν). In the photoinduced 

electron transfer reaction the first step is excition of the 

donor (D*) or the acceptor (A*), followed by creation of 

the charge-separated state consisting of the radical cation 

of the donor (D•+) and the radical anion of the acceptor 

(A•-). 

 

D + A + hν → D* + A (or D + A*) → D•+ + A•- 

O 
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For an efficient charge generation, it is important that the 

charge-separated state is the thermodynamically and 

kinetically most favorite pathway after photoexcitation. 

Therefore,it is important that the energy of the absorbed 

photon is used for generation of the charge separated state 

and is not lost via competitive processes like fluorescence 

or non-radiative decay. 

 

 In addition, it is of importance that the charge-separated 

state is stabilized, so that the photogenerated charges can 

migrate to one of the electrodes. Therefore, the back 

electron transfer should be slowed down as much as 

possible. To create a working photovoltaic cell, the 

photoactive material (D+A) is sandwiched between two 

dissimilar (metallic) electrodes (of which one is 

transparent), to collect the photogenerated charges. After 

the charge transfer reaction, the photogenerated charges 

have to migrate to these electrodes without recombination. 

Finally, it is important that the photogenerated charges 

can enter the external circuit at the electrodes without 

interface problems.[2] 

 

 

Figure showing basic solar cell 

III. COMPARISION BETWEEN SI BASED PV’S AND 

ORGANIC PV’S 

 

In the case of crystalline inorganic PV that almost 

exclusively employ a large thermal budget with prolonged 

heating steps and exist in a rigid or in flexible nature it is 

obvious that a thin flexible form that employ much less 

active material and lower thermal budgets are an 

advantage. In addition all the crystalline PV technologies 

employ relatively scarce components with low abundance 

except crystalline silicon which has been touted as the 

only environmentally friendly PV technology that is based 

on abundant elements that enable a scale comparable to 

the worlds energy needs. The polymer and organic solar 

cells in principle also enable this since carbon is highly 

abundant. Thus if the OPV was based entirely on carbon 

abundant elements this would be an example of a thin film 

technology that also fulfilled this requirement. In contrast 

many of the inorganic thin film technologies i.e. a-Si, 

CIGS, CdTe also have a lower thermal budget, use of less 

material and enables faster production, the OPV 

technology however does the same to a more extreme 

degree.[3] 

 

IV. WHY ORGANIC PV’S ARE BEING DEVELOPED 

EVEN THOUGH THEY HAVE POOR 

PERFORMANCE? 

 

In comparison a database search using Thompson Reuters 

Web-of-Science for respectively polymer solar 

cells(∼12,000documents),amorphous silicon solar cells 

(6000documents), cadmium telluride solar cells 

(2500documents) and copper indium gallium diselenide 

solar cells (1500documents) reveals that the polymer solar 

cells are much more investigated than any of the other 

three inspite of the fact that polymer solar cells are not 

available in large volume whereas all other three are. 

 

We ascribe this observation to two possible reasons and 

also describe some of the implications in the following 

section: 

 

The  first reason could be that polymer solar cells have an 

inherently large variation in materials because organic 

materials are molecular and in contrast to the other three 

subjects in this discussion where the number of elements 

are very limited and variation is mainly found in the 

deposition and processing methods. For polymer solar 

cells the variation is enormous and perhaps because of 

this a high performance has come along rather slowly in 

comparison with a-Si,CdTe and CIGS. 

 

The second reason could thus be that a-Si, CdTe and 

CIGS quite rapidly reached industrially relevant 

performance with a limited choice of materials and 

variability. The spread in observed performance has thus 

been smaller and both academic and industrial agreement 

has been quickly reached. This is far from the truth when 

it comes to polymer and organic solar cells and this must 

ofcourse be rectified if polymer and organic solar cells are 

to be added to the list of industrially relevant thin film 

technologies. 

  

The  main advantage of organic materials is the ability to 

produce photovoltaic devices using solution phase 

techniques, such as ink jet printing or various roll to roll 

techniques, which could lead to very cheap, high 

throughput manufacturing [4,9]. The potential speed and 

simplicity of organic photovoltaics(OPV)processing is 

unmatched by other current technologies. Additionally, 

organic semiconductors have very high absorption 

coefficients [32], which allow very thin films to be used, 

whilst still absorbing as sufficient portion of the solar 

spectrum. This reduction in material used, coupled with 

low cost manufacturing techniques, implies that organic 

semiconductors have the potential to make as significant 

impact on the PV market.Extensive research over thelast 5 

years has produced marked increases in the efficiency of 
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OPV devices, with the current record certified PCE being 

10%. This efficiency has been seen as a landmark 

milestones since the beginning of research in organic 

based photovoltaics. Persistent, rapid improvement over 

the past 12 months would suggest that this 10% milestone 

is soon to be surpassed..[5] 

 

V. TYPES OF POLYMER SOLAR CELLS 

 

a) PV cells made from single layer of polymers 

Single layer organic photovoltaic cells are the simplest 

form. These cells are made by sandwiching a layer of 

organic electronic materials between two metallic 

conductors, one is a layer of indium tin oxide (ITO) with 

high work function and other a layer of low work function 

metal such as Aluminum, Magnesium or Calcium.  

The difference of work function between the two 

conductors sets up an electric field in the organic layer. 

When the organic layer absorbs light, electrons will be 

excited to the LUMO and leave holes in the HOMO, 

thereby forming excitons. The potential created by the 

different work functions helps to split the exciton pairs, 

pulling electrons to the positive electrode (an electrical 

conductor used to make contact with a non-metallic part 

of a circuit) and holes to the negative electrode. 

Conjugated polymers were also used in this type of 

photovoltaic cell for example a cell used  polyacetylene as 

the organic layer, with Al and graphite, producing an open 

circuit voltage of 0.3 V and a charge collection efficiency 

of 0.3; An Al/poly(3-nethyl-thiophene)/Pt cell had an 

external quantum yield of 0.17%, an open circuit voltage 

of 0.4 V; An ITO/PPV/Al cell showed an open circuit 

voltage of 1 V and a power conversion efficiency of 0.1% 

under white-light illumination. 

Disadvantages of single layer cells: 

Single layer do not work well,The problem experienced 

are they have low quantum efficiencies (<1%) and low 

power conversion efficiencies (<0.1%). A major problem 

with them is that the electric field resulting from the 

difference between the two conductive electrodes is 

seldom sufficient to split the excitons. Often the electrons 

recombine with the holes without reaching the 

electrode.[6] 

b) Bilayer solar cells 

Bilayer cells contain two layers in between the conductive 

electrodes.The two layers have different electron 

affinity and ionization energies, therefore electrostatic 

forces are generated at the interface between the two 

layers. The materials are chosen to make the differences 

large enough that these local electric fields are strong, 

which splits excitons much more efficiently than single 

layer photovoltaic cells. The layer with higher electron 

affinity and ionization potential is the electron acceptor, 

and the other layer is the electron donor. This structure is 

also called a planar donor-acceptor hetero junction.[7,8] 

 

c) Bulk HeteroJunction solar cells 

 

It is a solar cell where organic polymer material is used 

for the semiconductors.For the combination of electron 

donating (p-type) and electron accepting (n-type) 

materials in the active layer of a solar cell, care must be 

taken that excitons created in either material can diffuse to 

the interface for charge separation. , the diffusion length 

of excitons in organic semiconductors is limited to about 

~10 nm only due to their short lifetime and low mobility, 

It is an important condition to efficient charge generation. 

Anywhere in the active layer, the distance to the interface 

should be on the order of the exciton diffusion length. 

Despite their high absorption coefficients, exceeding 10^5 

cm-1, a 20 nm double layer of donor and acceptor 

materials would not be optical dense, allowing most 

photons to pass freely.  

 

The solution is simply mixing the p and n type materials 

and relying on the intrinsic tendency of polymer materials 

to phase separate on a nanometer dimension, Quantitative 

dissociation of photo generated excitons is obtained at the 

junctions throughout the bulk of the material irrespective 

of the thickness. 

                     

 
Figure showing a bulk heterojunction solar cell 

 

Polymer-fullerene solar cells were among the first to 

utilize this bulk-heterohunction principle. Photogenerated 

charges should be able to migrate to the collecting 

electrodes through this intimately mixed blend. Because 

holes are transported by the p-type semiconductor and 

electrons by the ntype material, these materials should be 

preferably mixed into a bicontinuous, interpenetrating 

network. 

 The bulk heterojunction is presently the most widely used 

photoactive layer The name Bulk heterojunction solar cell 

has been chosen, because the interface (heterojunction) 

between both components is all over the bulk. 

 

The exciton, created after the absorption of light diffuses 

towards this charge-transfer interface for charge 

generation to occur. The diffusion length of the exciton in 

organic materials, however is 10 nm or less. This means 

that for efficient charge generation after absorption of 

light, each exciton has to find a donor acceptor interface 

within a few nm, otherwise it will be lost without charge 

generation. An intimate bicontinuous network of donor 

and acceptor materials in the nanometer range should 

suppress exciton loss prior to charge generation. 

http://en.wikipedia.org/wiki/Indium_tin_oxide
http://en.wikipedia.org/wiki/Work_function
http://en.wikipedia.org/wiki/Exciton
http://en.wikipedia.org/wiki/Electrode
http://en.wikipedia.org/wiki/Graphite
http://en.wikipedia.org/wiki/Electron_affinity
http://en.wikipedia.org/wiki/Electron_affinity
http://en.wikipedia.org/wiki/Electron_affinity
http://en.wikipedia.org/wiki/Ionization_energy
http://en.wikipedia.org/wiki/Heterojunction
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Figure showing the process of charge transfer in bulk hetrojunction 

 

Various combinations of donor and acceptor materials 

have been used to build bulk heterojunction solar cells in 

which the composite active layer is inserted between two 

electrodes. One of the most promising combinations of 

materials is a blend of a semiconducting polymer as a 

donor and a fullerene, C60 derivative as acceptor. 

 

In BHJ OPV cells a glass or plastic substrate is coated 

with a thin layer of high work function ITO functioning as 

the transparent anode. The photoactive layer is 

sandwiched between the anode and the top low work 

function cathode, typically Al or Ca. Interfacial layers can 

be inserted between the anode-photoactive and cathode-

photoactive layers to improve device performance and 

stabilize operation.For efficient operation the photoactive 

blend should produce an interpenetrating network of 

donor and acceptor domains, with considerable interfacial 

area and effective percolation pathways connecting the 

acceptor regions to the cathode and donor regions to the 

anode 

 

Different combinations of donor and acceptor materials 

have been used to build bulk heterojunction solar cells in 

which the composite active layer is inserted between two 

electrodes. One of the most promising combinations of 

materials is a blend of a semiconducting polymer as a 

donor and a fullerene, C60 derivative as acceptor.[2,9] 

 

VI. CONCLUSION 

 

          Organic photovoltaic (OPV) cells are a 

revolutionary technology for electrical energy production, 

being inexpensive to fabricate, lightweight, and 

mechanically flexible .Single layer solar cells have 

efficiency less than 0.1% while bilayer solar cells have 

efficiency upto 4.54% and bulk hetero junction upto 10-

15%.Scientists are trying to develop more and more solar 

cells and trying to increase the efficiency of the cells, 

Moreover they are developing such solar cells such that 

they can sustain for atleast 10 years and  can tolerate all 

ambient conditions. 
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Abstract— Swarm Intelligence (SI) is the collective behaviour of 

decentralized, self-organized systems inspired from natural 

biological systems such as ant colonies, bird flocking, 

animal herding, bacterial growth, and fish schooling. Swarm 

Robotics (SR) is an emerging application of swarm principles to 

robots, it is the study of how to design groups of homogeneous, 

small and cheap robots that mimicking insects and animals and 

acts together for robust, scalable and flexible swarm robotic 

systems. Swarm robots operate without depending upon any 

external control and infrastructure, the behaviour of robots 

depends on interactions between robots and between the robots 

and the environment in which they act. Swarm Robotics has 

effectively applied in tasks that are risky and difficult for 

human being or single robot. This Paper is a review of swarm 

robotics from origin to its future. It contains discussion on 

introduction to swarm robotics, design of robot swarm, design 

of robotics collective behaviours, and interaction mechanism 

and future of swarm robotics. 

Keywords— Swarm intelligence, Swarm Robotics, Swarm robots, 

Collective Behaviour, Source of inspiration. 

I. INTRODUCTION 

warm Robotics is a multi robot system which consists of 

a large number of simple, homogeneous, small sized 

physical autonomous robots that follows the principle of 

swarm intelligence [1]. Swarm  Intelligence is the study of 

are trying how collection of animals and insects, such as ants, 

bees, flocks, herds and schools, moves in a way that they 

appear like they are organized by some external sources, but 

in reality they are self organized by some biological forces 

[2]. They do their task collectively by keeping an eye on each 

other’s movement. This type of coordinated movement in 

insects is termed as ―Swarm‖ and when this coordination of 

movement is performed by some group of robots then it is 

called as ―Swarm Robotics‖ inspired by colonies of ants and 

swarms of bees. 

The embedded system is the software or dedicated 

computer system that works within mechanical and electrical 

system [6]. Similarly Swarm robotics can also be viewed as 

embedded system that has a physical body works on 

intelligent programming. Swarm robotics is study of creating 

large amounts of homogenous, small size, cheap and simple 

robots that work together and mimic natural insects and 

animal’s biological behaviour to perform complex tasks.  

Swarm robotics is an approach to robotics that emphasis 

many simple robots instead of one single complex robot. 

This simple group of robot coordinates by taking inspiration 

from the system-level functioning of social insects and 

animals which exhibit three characteristics to robot swarms 

[5], for achieving measurable quality in swarm robotics 

system must have these main characteristics. 

 Scalability: the control architecture can be kept exactly 

the same from a few units to thousands of units. 

 Flexibility: units can be dynamically added or removed, 

they can be given the ability to relocate and redistribute 

themselves in a self-organized way. 

 Robustness: the resulting collective system is robust not 

only through unit redundant, but also through unit 

simplicity and an appropriate balance between 

exploitative and exploratory behaviour.  

In this paper section II contains Design of swarm robots 

that includes Physical requirements to build a robot and 

mode of operation that should be performed by robots, 

section III puts a focus on design of collective behaviours in 

swarm robotic systems, section IV is discussion on 

interaction techniques by which robots Communicates with 

each other to survive in a changing environment and last 

section V shows the survey of swarm robotics projects and 

its future scope. 

II. DESIGN OF SWARM ROBOTS  

The swarm robots are like blood of swarm robotic 

systems. Like any other robot, a swarm robot has two main 

organs; hardware and software. Software is the brain of the 

system. It gives a simulation environment to the functioning 

of the robot. In essence, it is the brain of the system. The 

hardware brings into action, directions simulated by the 

software. Key features of swarm robots are, homogenous, 

small size, cheaper, reconfigurable and parallelism. 

 

A. Physical Design 

The development of robot is inspired from nature and 

shaped by environmental requirements. The general concept 

of a swarm robot design is that it should be very simple and 

relatively cheap to produce because it needs large and 

generally large number of robots. Swarm robotics generally 

used in a risky environment so if robot would get lost or 

broken beyond repair during experiment it would not matter 

much. Mass production of robots is essential for the 

deployment of swarm robotic systems Because a large 

number of robots is the key to success in a robot swarm 

effectively utilize SI algorithms [6].  
Development of swarm robot is similar as development 

of signal robot [7]; swarm robot requires all basic 

components that are necessary to build a simple robot.  

Mobility, Interconnection, sensors, communication, and CPU, 

controller are key components to build swarm robots.  

1) Mobility: The Robots have different power of choice 
to move around in the environments. The mobility of the 

system is ensured by a combination of the following modules 

[7][8]: 

S 
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TABLE I 
PHYSICAL MODULES USE TO BUILD A ROBOT 

Module Used for 

Treels (Wheels 

& Tracks ) 

-Combination of two external wheels and 

a set of tracks. 

-Gives the robot good drawing in rough 

area surface. Advantage to overcome 

small obstacles 

Turret and 

Chassis 

-Rotation of the upper part and lower part 

respectively, of the robot 

-Use to move an object 

Grasping -Used to produce the gripping Behaviour. 

Gripping -Used to move the arms or joints 

     All these modules are controlled by a direct current (DC) 

motors so that the robot can freely move in the environment 

and easily rotate on the spot. This structure enables a very 

good mobility thanks to the position of the wheel and their 

diameter larger than the track height.  

     2)   Sensors and Communication:  To avoid collisions 

with  

other objects or sense edges Communication between robots 

is necessary. Robots communicate with each other using 

sensors. Each robot is equipped with sensors and 

communication devices to detect and communicate with 

other robot. These devices are implemented using a color 

omnidirectional camera, 16 lateral and 4 bottom infrared 

proximity sensors, 24 light sensors, a 3 axis accelerometer, 

two humidity sensors as well as incremental encoders and 

torque sensors and many more 

3)    CPU and Controller: 

The control strategy of the robot consists of distributed 

algorithms based on local information and simple self- 

organization rules inspired upon ant colony behaviours. The 

type of experiment that will be conducted on this system are 

very similar to biological experiments, will also need very 

good monitoring and collection of large quantities of data for 

software development and experimental analysis [8]. CPU 

Implementation of any consists of microprocessor board, 

micro controller, operating system for supporting processor , 

RAM for running main programs, FLASH drive, USB 

master and slave interfaces, serial interface, IC bus and two 

Compact Flash slots. 

B. Mode of Operations 

The swarm will be able to operate in several autonomous 

modes. Robots changes their mode autonomously on the 

bases each other’s behaviour and requirement of the system. 

These modes are as follows: 

1)  Non-Communicative Swarming: In non-

communicative mode the swarm consists of homogeneous, 

but anonymous robots, the latter means that the robots are 

able to recognize another robot as a robot, but they cannot 

identify other robots as a particular individual with a unique 

name.  

2) Communicative Swarming: In non-communicative 

mode the input values for the control model originate from 

the robot itself. In communicative mode the robots may use 

the information of all other robots.  

3) Networking: The robot swarms have to build and 

maintain communication network in the case of wireless 

network the robots have to stick to the strong signal for better 

performance.  In swarming searching for a wireless signal 

and building a network transfers into what is called ad-hoc 

networking. In ad-hoc networking the topology of the 

network changes according to the environment 

4)   Olfactory-Based Navigation: The robots are provided 

with a ’nose’ to measure air concentrations [9]. This enables 

applications in surveillance for environmental pollutants, the 

detection of hazardous gases and plume tracking, but also 

navigation on self-produced odors. Communicative mode 

and non communicative mode, both supports this type of 

navigation.  

5)    Assistive Swarming: In telerobotics several humans 

may operate one robot. It is basically one human being 

cooperating with other robots. There are two types of 

swarming one is human is leading the swarm and other is the 

swarm is guiding the human being. 

III.  COLLECTIVE BEHAVIOUR   

Once the physical robot built next is to implement 

software that directs the robot to their action. The swarm 

robotic system mimics the collective behaviour of natural 

insects and animals. Any change in the structure, 

environment or function of an entity in swarm must be 

adapted by other entities in the same swarm because they 

allow them to survive more effectively in the swarm robotic 

system. Individual behaviours are iteratively adjusted and 

tuned until the resulting collective behaviour is obtained is 

the key approach of designing collective behaviour among 

swarm robots. 

To design any collective behaviour among swarm robots, 

requires solving two questions; first is the collective 

behaviour inspired from which natural insect or animal, and 

the second is which method or approach is best suitable to 

achieve that behaviour. Source of inspiration is discussed in 

following section. 

A. Source of inspiration 

In Robotics environment every process is artificially 

developed from the Implementation of Robot to problem 

solving approach inspired from below given mechanism.   

      1)  Particle swarm optimization: In computer science, 

Particle swarm optimization (PSO) is a computational 

method that optimizes a problem by iteratively trying to 

improve a candidate solution with regard to a given measure 

of quality. PSO optimizes a problem by having a population 

of candidate solutions, here known as particles, and moving 

these particles around in the search-space according to 

simple mathematical formulae over the 

particle's position and velocity [10]. 

     2)  Ant colony optimization: Ant colony optimization or 

ACO is a probabilistic metaheuristic optimization algorithm 

that can be used to find approximate solutions to difficult 

combinatorial optimization problems. In ACO artificial ants 

build solutions by moving on the problem graph and they, 

mimicking real ants, deposit artificial pheromone on the 
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graph in such a way that future artificial ants can build better 

solutions. ACO has been successfully applied to an 

impressive number of optimizations. It is based foraging for 

food by ant colonies [11] 

      3)   Artificial bee colony algorithm: Artificial bee colony 

algorithm (ABC) is a meta-heuristic algorithm based on the 

foraging behavior of honey bees [12]. The algorithm is 

divided bees in three types employed bee, onlooker bee and 

scout bee. First two types of bees exploit the sources by local 

searches in the neighborhood of the solutions selected based 

on deterministic selection in the employed bee phase and 

the probabilistic selection in the onlooker bee phase. In the 

scout bees which are an analogy of abandoning exhausted 

food sources in the foraging process, solutions that are not 

beneficial anymore for search progress are abandoned, and 

new solutions are inserted instead of them to explore new 

regions in the search space. The algorithm has a well-

balanced exploration and exploitation ability. 

B. Approaches to design Collective Behaviours  

Probability finite state automata technique and virtual 

physics based design are classical approaches to design 

collective behaviour among robots. Learning and soft 

computing approaches are new emerging techniques that still 

in ongoing research phase.  

1)  Probabilistic Finite State Automata: In swarm 

robotics, an individual robot does not plan its future actions, 

but it takes decisions only on the basis of its sensory inputs 

and/or its internal memory [13]. One of the most adopted 

behaviour design methods to obtain such behaviours is the 

use of a particular class of finite state machine: probabilistic 

finite state machines (PFSMs). In PFSMs, the transition 

probability between states can be fixed or can change over 

time. The transition probability is fixed when a single 

probability value is defined and used throughout the 

execution of the collective behaviour. The transition 

probability is not fixed when it is defined through a 

mathematical function of one or more parameters of the 

system 

2)  Virtual physics based design: The virtual physics-

based design method is based on physics. Each robot is 

considered as a virtual particle that exerts virtual forces on 

other robots. It uses the concept of social potential fields and 

artificial potential field and proposed a most general a virtual 

physics-based design method called physicomimetics 

framework. Virtual physics-based design assumes that the 

robots are able to perceive and distinguish neighbouring 

robots and obstacles, and to estimate their distance and 

relative position. Each robot computes a virtual force vector 

[14] : 

  (1) 

where fi  and di  are the direction and the distance of the i
th

 

perceived obstacle or robot and the function fi(di) is derived 

from an artificial potential function. In this method all 

interactions of the robot with other objects in the 

environment represented as vectors either attractive (e.g. 

moving towards a goal) or repulsive (e.g. moving away from 

obstacles) vector. This vector representation of these forces 

is computed locally from the viewpoint of the robot and used 

as the action of the robot which makes these studies fully 

distributed. No global map is generated. Other objects in the 

environment are assumed to be applied virtual forces to the 

robot selected. The robot computes the average force 

computed by its observations and moves towards the 

direction of average force. The force exerting on a robot 

from an external object depends on two things: the bearing 

and the distance to the external object both these parameters 

can be computed from local observation. 

3)   Reinforcement learning: Reinforcement learning is a 

set of methods that automatically design individual 

behaviours for robots in a swarm. RL traditionally refers to a 

class of learning problems: an agent learns a behaviour 

through trial-and-error interactions with an environment and 

by receiving positive and negative feedback for its actions 

[14].  In RL, the robot receives a feedback for its actions and 

the robot is to learn automatically from that feedback and an 

optimal policy, that is, the optimal behaviour mapping robot 

status of robot actions. Reinforcement learning studies 

divided into two categories: the studies which use local 

reinforcement and the ones which use global reinforcement. 

Local learning can be seen as a loosely coupled distributed 

reinforcement learning system [15]. Global learning uses 

combination actions, the action to be taken by all other 

robots should be taken into account when a robot determines 

their own actions, which can be seen as a tightly coupled 

distributed reinforcement learning system[15]. 

4) Soft Computing Approach:  Swarm robotic study 

follows two approaches using soft computing techniques [16]. 

The one is the classical approach studies with neural 

networks considers the neural networks as a generalized 

mechanism of connecting all possible connections between 

the nodes in the hidden layer and the ones in the output layer. 

All the links have been evolving connection weights having 

the values between -1 and 1, while the structure of the 

network does not change for all the generations.  

The other approach uses genetic algorithms to evolve the 

weights of a neural network to obtain a desired behaviour 

with a fitness function appropriate to the problem is the 

Topology and Weight Evolving Artificial Neural Network 

(TWEANN) approach. 

C. Collective Behaviour Design  

As said earlier in this section that to design any collective 

behaviour among swarm robots, requires a source of 

inspiration and method or approach to employ that behaviour.  

Collective behaviours that can employ  in a robot swarm 

with their source of inspiration and best suitable method to 

employ that behaviour[17] . 

1)  Aggregation: The aggregation is to group all randomly 

placed robots in an environment in a specific region of that 

environment. 

- Biological Inspiration: bacteria, cockroaches, bees, fish 

and penguins.  
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- Development Method: probabilistic finite state machines 

(PFSMs) or artificial evolution. 

2) Pattern Formation: Pattern formation behaviour robots 

form any kind of patterns suitable to their work. One basic 

requirement for forming a pattern is to keep specific 

distances between each other. 
- Biological Inspiration: spatial disposition of bacterial    

colonies and the chromatic patterns on some animal.  

- Development Method: physics distribution and crystal 

formation using virtual physics-based design or 

reinforcement learning. 

3) Chain Formation: In this type of behaviour robots 

connect themselves to form a chain for this first they need to 

position them in order to connect two points. 

- Biological Inspiration: foraging ants  

- Development Method: probabilistic finite state machines 

(PFSMs), virtual physics based design, artificial evolution 

and reinforcement learning. 

4)  Self-assembly and morphogenesis: In swarm robotics 

Self-assembly is the process by which robots physically 

connect to each other for forming some other object        such 

as bridge, ladder etc. Morphogenesis is the process that leads 

a swarm of robots to self-assemble following a particular 

pattern, and can be used by the swarm to self-assemble into a 

structure that is particularly appropriate for a given task.   
- Biological Inspiration: ant’s activities such as bridges, 

rafts, walls and bivouacs. 

-Development Method: Self assembly using probabilistic 

finite state machines & Morphogenesis using artificial 

evolution or of probabilistic finite state machines. 

 

5)  Object clustering and assembling: In this type of 

behaviour the robots explore the environment at random and 

react in different ways to the discovery of available objects 

or of part of the cluster/assemble to create 

- Biological Inspiration: social insects such as ants exhibit 

brood clustering and exploit natural occurring gradients 

such as temperature gradients. 

- Development Method: probabilistic finite state machines 

6) Collective exploration: This behaviour is a combination 

of two behaviours: area coverage and swarm-guided 

navigation.  To deploying robots in an environment in order 

to create a regular or irregular grid of communicating robots 

is area coverage behaviour. 

-Biological Inspiration: social animal’s common behavior 

Area coverage and navigation such as ants use 

pheromones trails. 

- Development Method: probabilistic finite state machines 

or network routing protocols or natural systems. 

7)  Coordinated Motion: coordinated motion can be very 

useful as a way to navigate in an environment with limited or 

no collisions between robots and as a way to improve the 

sensing abilities of the swarm.  

- Biological Inspiration: social animal’s activities such as 

flocking in a group of birds or schooling in groups of fish 

by which animals gain higher survival rate  

- Development Method: virtual physics-based design and 

artificial evolution  

8) Collective Transport: This type of collective behaviour is 

implemented in robots in order to transport an object. 

- Biological Inspiration: swarm intelligence principles of 

ant colony  

- Development Method: probabilistic finite state 

machines  (PFSMs) or artificial evolution. 

     9)  Collective Decision-Making- Consensus Achievement: 

allow all robots to agree on one choice among different 

alternatives. But the choice should be in the favor of system. 

- Biological Inspiration: many insects spices such as ant 

decision making to find the shortest path, bees decision 

on best nest location among several possibilities  

- Development Method: according to their 

communicating methods. 

     10) Collective Decision-Making- Task Allocation: In 

these types of collective behaviour the robots distribute 

themselves over different tasks in a way that benefits the 

system. 

- Biological Inspiration: ant and bee colonies, for 

example part of the swarm can perform foraging while 

another part looks after the larvae  

- Development Method: probabilistic finite state 

machines (PFSMs) 

      11) Collective Fault Detection: Robot who has this type 

of behaviour can able to automatically detect failures and 

faulty behaviour in the system. This failure might be of 

hardware failure or might be of software failure. 

     -  Biological Inspiration firefly synchronization. 
- Development Method: probabilistic finite state 

machines (PFSMs), artificial evolution, or reinforcement 

learning. 

 

IV. INTERACTION 

A Communication mechanism used by swarm robots can 

be classified in three categories interaction via sensing, 

interaction via communication, interaction via environment 

[18]. The main question arises that how discrimination of 

interaction via sensing and via communicating is done. This 

is done by looking at the aim of information sender side; if a 

sender intentionally sends information then it is categorized 

as interaction via communication and if the receiver 

automatically gets information from the behaviour of senders 

is categorized as interaction via sensing. The studies of these 

categories are given below. 

A.  Interaction via Sensing 

As said above, if two robots are communicating without 

any direct communication only by just sensing each other’s 

activity is known as interaction via sensing. If two robots 
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interacting to pull a stick and sensing each other’s action in a 

limited way, this work are considered as ―interaction via 

sensing‖. Interaction via sensing is inspired by the feature of 

animals in nature called kin recognition. With the help of kin 

recognition, animals can behave differently to their kin, work 

together to accomplish some tasks, and protect themselves 

from their enemies better. Kin recognition can consider as a 

kind of minimalist communication mechanism since just by 

discriminating the kin and observing their behaviours, the 

robots can manage patterns such as aggregation, chain 

formation and cooperatively stick pulling in swarm robotics. 

B. Interaction via Communication 

In this type of categories the robots communicate directly 

with each other by broadcasting or one-to-one 

communication. One to one communication is done between 

two robots using by identification of robot. But Identification 

of the robot may reduce the scalability and flexibility of the 

system. Nouyan and Dorigo [19] implemented a chain 

formation behaviour. 

Initially the robots search for another chain members or 

the nest. Once a robot finds a chain member or the nest, it 

becomes a chain member depending on two predefined 

timeouts. The robots distinguish chain members and the nest 

based on the color of the LED ring around their body. A 

chain member can have three different colors: blue, green 

and red. It activates the color blue, if it connects to the nest 

or to a red chain member. It activates the color green, if it 

connects to a blue chain member and color red otherwise. 

This coloring mechanism allows robots to find the direction 

of the chain. Since having a long chain instead of a chain 

with several branches is preferred. 

C. Interaction via Environment 

In this category the robots used the environment as a 

communication medium. This type of communication 

mechanisms is inspired from biology like communication via 

pheromones in ants [20]. The ants communicate with each 

other through chemicals called pheromones. The 

communication scheme is simple in this approach, but the 

physical implementation of it is not so easy because of the 
difficulty of creating special environments allowing 

communication between agents. This approach uses only a 

simulation of this communication scheme with the help of a 

short range wireless communication mechanism. 

V. FUTURE SCOPE 

Robots are going to be an important part of the future.  

Single robot is a most attractive field of study and research, 

But now this is about groups of robots, it will be the next 

step of the single robotics system, although both have 

different type of application domains but both are used to 

make a human’s task easier. Swarm robotics is an approach 

to collective robotics that has received a great deal of 

attention in recent years. Swarm robotics aims at developing 

systems that are robust, scalable and flexible. Swarm 

robotics have several possible applications, including: 

exploration, surveillance, search and rescue, humanitarian 

demining, intrusion tracking, cleaning, inspection and 

transportation of large objects [15]. Here the brief discussion 

on the future of swarm robotics in some emerging 

application is given.  

A. Mobile Surveillance System 

In mobile surveillance, swarm robotics shows its own 

efficiency apart from other surveillance systems. 

Surveillance systems are often needed in areas too hostile or 

dangerous for a direct human presence. The field of robotics 

is being looked to for an autonomous mobile surveillance 

system [21]. Sometimes the area under surveillance is 

unknown and dangerous, manually installing stationary 

sensors is not feasible and then sensors must be mobile. The 

area is also assumed to be too large for a single agent’s 

sensors to find a target effectively. The system cannot 

depend upon the presence of any one robot to be a 

communication hub or leader; therefore, the control must be 

completely distributed. To provide this distributed 

architecture swarm robotics is the best solution.   

B. Swarm Controlled Mobile Wireless Sensor Networks 

Protocols of Wireless Sensor Networks (WSNs) 

commonly look to implement the best route for packages 

almost randomly generated until they arrive at the sink node. 

In mobile WSNs the sensor nodes are able to move and the 

routing task is more complex. One way to implement mobile 

WSNs is using small mobile robots to carry the sensing 

elements by the sensing area. The algorithm that controls the 

movement of the robots can be based on a swarm approach 

[22].  

In a typical swarm of robots only the communication 

between the robots is implemented to ensure the swarm 

behaviour, but it is not enough to make the swarm act as a 

WSN. This needs unified coordination-communication 

strategy to control the swarm of robots so that it can act as a 

WSN. 

C. Inspection of Complex Engineered Structure 

A potential application of swarm robotics is the 

inspection of complex engineered structure such as Turbines 

[23]. Turbines are the critical element in power plants and 

jets, where they face extreme wear and tear. Downtime, 

however, leads to considerable cost and safety problems. In 

order to ensure the economical and safe operation, the 

turbines need to be inspected visually using bore scopes at 

regular intervals. A process that performs inspection when 

the turbine is idle, which design using swarm robotics. We 

can apply this type of swarm robotics mechanism in 

inspection other engineered structures such as engines, 

boilers, avionics, mechanical and electrical machineries. 

D. Underwater Swarm Robots 

The goal of underwater swarming is to create small, 

relatively cheap, underwater robots that allow underwater 

tasks without the use of large, expensive, existing underwater 

robots. Each robot will be autonomously controlled and will 

use swarm Intelligence to share tasks and information among 

other robots and an underwater environment. The 
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applications of this can include mapping, imaging, 

environmental monitoring, surveillance, and exploration.  

The future is in developing or tries existing communication 

devices that can effectively transfer and receive data 

wirelessly underwater [24]. 

VI.  CONCLUSION 

Swarm robotics is the study of how to design groups of 

simple, homogeneous, small sized physical autonomous 

robots that operate without relying on any external or 

centralized control. The main difficulty in designing swarm 

robotic systems is to design collective behaviour inspired by 

swarm intelligence. To achieve desirable behaviour, it is 

necessary to manage the effect of individual robot 

characteristics scalability, flexibility and robustness have on 

the collective behaviour. This Paper has discussed about 

Physical design of swarm robots, Methods that used to 

implement collective behaviour, type of collective 

behaviours along with their source of inspiration and 

effective approach to implement that behaviour. As swarm 

robotic system doesn’t rely on any external control 

interaction between robots and environment is necessary. 

The paper gives a brief discussion on interaction mechanism 

that employ by robots for effective communication. Single 

robot is a most attractive field of study and research, but 

swarm robotics is about groups of robots. Swarm robotics 

have a very bright future because it is above the single 

robotics mechanisms. This paper also discusses the future of 

swarm robotics under swarm emerging application such as 

underwater swarming, mobile surveillance systems.    
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Abstract-An unmanned vehicle is controlled by a human 

operator via a communications link. All actions are determined 

by the operator based upon either direct visual observation or 

remote viewing through a camera. These vehicles are used to 

replace humans in hazardous situations. It is used for ground 

surveillance, gatekeeper/checkpoint operations, urban street 

presence, and to enhance police and military services. 

An unmanned Vehicle is capable of operating outdoors and 

over a wide variety of terrain, functioning in place of humans. 

Unmanned vehicles are actively being developed for both 

civilian and military use to perform dull, dirty, and dangerous 

activities. There are two classes of unmanned ground vehicles: 

Remote-Operated and Autonomous. The proposed system gives 

gain information about the environment and work for extended 

durations without human intervention. It can travel from point 

A to point B, without human navigation assistance, avoid 

situations that are harmful to people, property or itself, unless 

those are part of its design specifications, it can repair itself 

without outside assistance, can detect objects of interest such as 

people and vehicles. It can also learn or gain new capabilities 

without outside assistance, adjust strategies based on the 

surroundings, adapts to surroundings without outside 

assistance. 

 

Keywords:-Unmanned vehicles, Navigation, Ground Surveillance 

 
I. INTRODUCTION 

n unmanned ground vehicle (UGV) is a military robot 

used to augment the capabilities of an infantry unit, or 

replace said unit entirely. This type of robot is generally 

capable of operating outdoors and over a wide variety of 

terrain, functioning in place of humans. 

The UGV is the land-based counterpart to 

unmanned aerial vehicles and remotely operated underwater 

vehicles. Unmanned robotics is actively being developed for 

both civilian and military use to perform dull, dirty, and 

dangerous activities. 

There are two classes of unmanned ground 

vehicles: Remote-Operated and Autonomous. 

1. Remote-Operated 

A remote-operated UGV is a vehicle that is 

controlled by a human operator via a communications link. 

All actions are determined by the operator based upon either 

direct visual observation or remote viewing through a 

camera. A basic example of the principles of remote-

operation would be a remotely controlled toy car. 

2. Autonomous 

An autonomous UGV is essentially an autonomous 

robot that operates without the need for a human controller. 

Examples of Unmanned ground vehicle technology. 

 Unmanned Snatch Land Rover 

 Gladiator Tactical Unmanned Ground Vehicle 

 Ripsaw MS1 

 DRDO Daksh 

 VIPeR 

 Nova 5 

II. PROBLEM IDENTIFICATION 

The UGV technology grows rapidly. Generally 

UGV is developed for military purpose. This vehicle can 

drive on the urban environment. The UGV system consists 

of four parts such as vehicle control system, navigation 

system, obstacle detecting system and arbitration 

system.UGV needs to be unusually reliable. If avehicle fails 

in the danger area the operator either has to abandon it 

orendure unnecessary risk to recover it.  

The direction for further work is to recover the 

vehicle in case of GPS/Local connection failures as well as 

if the fuel is limited. A detailed Flowchart can be prepared 

to overcome these problems.  

The flowchart is to be made such that it makes sure 

that the mission gets completed successfully. In forward 

path if GPS connection fails then also mission should 

execute using Local connection.  

In Return Path if GPS and Local connections fail 

then AUTO MODE will make sure that vehicle returns to 

starting point. In AUTO MODE the system will retrieve the 

original forward Path and execute that path in Last In First 

Out(LIFO) mode. This AUTO MODE will play important 

role to save vehicle from damage and losing the unmanned 

vehicle. 

Proposed work mainly focuses on development of 

algorithm to recover the vehicle in case of GPS/ Local 

Connection failures and fuel limitation.  

 

 

A 
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III. SCOPE OF WORK 

 

Development of algorithm to meet stated objectives: 

 

 The UGV must be able to account for 

communications breakdowns and be able to 

continue its mission in the absence of orders. This 

means that the UGV must be able to plan.  

 

 It is essential that any orders, originating from a 

human operator, be given immediate priority, 

unless the orders conflict directly with the current 

operational guidelines; the machines should revise 

operational data as soon as the human operator 

gives updates unless the updates would cause the 

UGV to break its operational constraints.  

 

 The UGV must maintain a knowledge base of data 

gathered from the environment and its own state, 

including fuel levels, damage assessments, battery 

charging status etc.  

 

 The UGV must continually match its current 

planning set against the knowledge base and refine 

its plans based on any data gathered from the 

comparison. Visual data collection in UGV is more 

complex than simple image collection. Images must 

be processed and interpreted in order to have 

meaning to the UGV.  

 

 A UGV must be able to accept directives from a 

human operator and make decisions based on those 

directives and gathered data. The UGV must be 

able to guess at the outcome of its decisions and 

continually revise its projected actions based on its 

guesses.  

 

 

IV. SYSTEM DESCRIPTION AND METHODOLOGY 

FOLLOWED 

 

A. Methodology Followed 

 

The aim of the dissertation is to build a robotics 

research platform for executing various combat military 

related operations. This project would be a rugged, combat, 

all-terrain, all weather, portable, tele-operated UGV, 

autonomous UGV. 

 

UGV must be able to communicate reliably so as to 

get mission completed successfully. Therefore selection of 

duplex communication is required. 

 

UGV must be able to calculate distance. Therefore 

GPS system is incorporated in UGV. 

 

UGV are costly so UGV must return to starting 

point. Therefore AUTOMODE method is used which 

retrieves the forward path and execute that path in LIFO 

Mode.   

 

B. System Description 

 

The System is divided in to two main parts.  

 

1. Mechanical.  

 

2. Electronics.  

 

 

1. Mechanical:  

  

UGV is a military oriented robot. So it should be 

capable enough to maneuver on rough surface, rocks, 

shallow water, slippery sand, should be able to climb steep 

slopes, should be able to climb stairs and various uneven 

surfaces. This platform is useful in a variety of civilian and 

military applications. For example, a robotic platform can 

search building for structural damage caused by any natural 

calamity, for search and rescue operation, for surveillance 

operation etc. 

 

2. Electronics:  

 

The Electronics section of project is most essential 

as it is the controller of the UGV. The control of UGV is 

through PC through wireless link. G.U.I. will be designed on 

the PC so as to aid the operator while operating UGV. The 

PC will send and receive the data through serial port. The 

serial port is then interfaced to RS232 to TTL logic 

converter so as to make the data compatible.  

The data will then send the baseband signal to the 

wireless module for wireless data transmission. The wireless 

communication is mode used in the duplex communication 

mode. 

 

V. FORWARD PATH ALGORITHM 

 

 

 Forward path means path from starting place to 

target place. The system will not respond until target place is 

given. As soon as target place is specified the system will 

follow following steps: 

 

1. System will try to calculate distance using GPS. 

2. If GPS system is unable to calculate distance then 

operator has to give distance. 

3. In both cases it checks battery status and petrol 

status. 

4. In both cases if distance is not proportional to status 

of battery &petrol then it will not proceed for 

mission. 

5. In middle of mission if GPS connection is poor 

then system will take help of local connection. 

6. If local connection also is not responding then 

system will follow Return path flow chart. 

 

VI. RETURN PATH ALGORITHM 

 Return path means path from target place to 

starting place. System will wait for operator signal. As soon 
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as operator signal received system will follow following 

steps: 

1. It will check GPS connection. If GPS connection is 

available then Navigation is carried using GPS. 

2. If GPS connection is not available or not 

responding then it will navigate using local 

connection. 

3. If local connection is not available or not 

responding then it will navigate using on board 

processor and sensor called as AUTO MODE. 

If operator is not responding then system will wait 

for some time. If no reply after waiting time then 

system will navigate using on board processor and 

sensor called as AUTO MODE. 

CONCLUSIONS 

 In Return Path if GPS and Local connections fail 

then AUTO MODE will make sure that vehicle 

returns to starting point.  

 In AUTO MODE the system will retrieve the 

original forward Path and execute that path in Last 

In First Out(LIFO) mode. This AUTO MODE will 

play important role to save vehicle from damage 

and losing the unmanned vehicle. 
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Abstract-Jet flushing is the most popular type of flushing for 

EDM (Electro Discharge Machining). However, it is usually 

applied with the nozzles fixed at positions which are decided on 

the basis of the operator’s experience. In this paper we propose 

a dynamic jet flushing method with knowing nozzles that sweep 

along the outline of the EDM gap. Experimental results clarify 

the effectiveness of this method on the precision of machining. A 

method for calculating the debris distribution in the gap is 

proposed as well. The result of calculations successful displays 

the debris status with various types of jet flushing, showing the 

superiority of the sweeping jet method. 
Keywords—EDM, Jet Flushing, Debris, Simulation. 

I. FOREWORD 

age Layout Flushing is as important as design in 

optimizing the process of EDM. One important role of 

flushing is to stabilize the repetition of discharge. It is well 

known that too much debris in the discharge gap often causes 

continues arc or short circuit & makes the process unstable. 

Another less popular but important fact is that to clean a 

dielectric fluid is another reason for short circuits and the 

consequent unstableness. There for, the dielectric fluid must 

always contain an appropriate concentration of debris. 

Another important role of flushing is to realize an 

accurate copy of the electrode shape into the work piece. 

Since the breakdown distance of dielectric liquid is greatly 

influenced by the contamination of the liquid, the gap 

distance between an electrode and the work piece changes 

from place to place according to the change in debris 

concentration[1][2][3][7]. This change directly causes 

dimensional error in the copying process. If flushing is 

properly applied, making the concentration uniform 

everywhere over the working area the gap distance becomes 

uniform and an accurate copy is ensured. 

To perform these important roles, ideal flushing 

must maintain constant and uniform debris concentration. (In 

this paper, the concentration discussed is two dimensional 

along the facing surfaces of the electrode and the work piece.)  

In this paper a new flushing method, the sweeping 

jet, based on the popular jet flushing is proposed. The flow of 

the dielectric fluid in the discharge gap is calculated. 

Considering the flow, debris generation & debris diffusion, a 

simulation method for debris distribution in the discharge 

gap is developed. The possibility of better design of jet 

flushing, including the sweeping jet is given through 

experiments & the simulation. 

II. CONVENTIONAL FLUSHING FOR EDM 

 Various types of flushing methods have been 

proposed & used. They are summarized in Table 1. They are 

commonly effective for removing debris from the discharge 

gap, as this was the main purpose when they were developed. 

However, most of them do not guarantee uniformity of 

debris concentration. 

 
The effect of these flushing methods on the 

dimensional machining accuracy is an indirect result of 

reduced average debris concentration. There for, method 

with more direct homogenization of debris are requested for 

precision EDM. Among the methods in Table 1, ultrasonic 

vibration of the electrode (6) as such an effect to a certain 

extent [4], but the application is this method is limited to 

cases of small size electrodes. The self-flushing method (5) 

[5] & 2D vibration of the electrode (7) [6] can be modified to 

compensate the uneven distribution by attaching the certain 

motion in the direction of the third axis. However, this 

modification requires further sophistication of equipment 

which is already more complicated than for other methods.   

 

III.   REVISION OF JET FLUSHING 

 Jet flushing is the simplest & oldest flushing 

method for EDM. A dielectric fluid jet is ejected from a 

nozzle (or several nozzles) towards the machining area. The 

pressure of the jet causes certain flow in the discharge gap & 

the debris is carried by the flow out of the gap. This method 

is very widely used in factory because of its simplicity and 

rather good debris removal capability. However, it is not 

easy to determine the most appropriate position of the 

nozzles. The position is usually decided by operators based 

on their experience, often without confidence. 
 On the other hand, this method basically does not 

ensure debris uniformity because the flow in the gap is 

almost fixed since the nozzle is fixed at a certain position. 

This fixed flow causes a concentration change dependent on 

the flow field. 

 Regardless the above problems, the simplicity of 

this method is attractive, & if the position of the nozzle is 

free & can be controlled during machining, a new direction 

in the progress of flushing may be opened up.  

 

IV. SURFACE PRODUCED USING CONVENSIONAL 

JET FLUSHING 

 For the first step, we must know how the jet 

influences the dimensional accuracy. We choose the flatness 

of the machined surface as the most basic characteristic to be 

P 
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checked. The change of flatness in accordance with the 

nozzle setting was investigated when machining a flat 50mm 

x 50mm square surface. Discharge pulse selected such that it 

is difficult to continue machining without flushing. 

Machining conditions are as follows. 

Work piece: EN31 with 58 HRC 

Electrode: copper  

Polarity: electrode= (+) 

I0=6A, t0=68µ s  

Ignition voltage: 305V 

Dielectric fluid: EDM oil  

Nozzle diameter: 3mm 

Jet angle: 150  

Flow rate: 31/min (total) 

The surface profile after 8 hours of machining was 

measured for three types of nozzle setting. 

1. Two nozzles on one side. 

2. Two nozzles on one side & another nozzle on the 

opposite side. (the maximum available number of 

nozzles was 3 in this experiment.)  

3. Three nozzles on one side. The sides are alternated 

every 5 minutes. 

The profiles measured are shown in the figures 1 to 3.  

Figures 1 & 2 clearly indicate that the nozzle position 

influences the flatness of the machined surface. Nozzle 

setting 3 was tested to check whether the or not a simple 

compensation of the flow direction is effective in making the 

debris distribution uniform.  Figure 3 clearly shows that the 

distribution of debris is not so simple as to be made uniform 

merely by applying in alternate flow. 

  

 
 

V. SWEEPING JET FLUSHING 

 From the experiment above it was confirmed that 

the position of the nozzle is an important factor in 

determining debris distribution and, consequently, copying 

accuracy. It suggests that dynamic position change of nozzles 

may be effective for compensating the uneven distribution of 

debris and ensuring the precise copy. To confirm this idea, 

dynamic jet flushing was tested. 

 Figure 4 illustrates the principle of this method. Jets 

are supplied from nozzles which move along the outline of 

the machine area.  

 Machining tests were carried out for a typical 

nozzle movement as shown Figure 5. Phase shift of 90 

degrees was given for avoiding the continues confliction of 

the two jets. In practice, a jet is supplied from two parallel 

nozzles set with 10mm of separation.   

 The surface obtained is in Figure 6 flatness was 

obviously improved in comparison with the results in Figures 

1 to 3.  

 
 

VI. SIMULATION OF JET FLUSHING 

Although a good result of the sweeping jet was 

obtained in the above mentioned, several parameters, such as 

sweeping speed, machining area and strength of the jet, may 

influence the process. Development of a computational 

method to simulate the process will help to optimize these 

parameters. 

 

a. Simulation of the fluid flow in the gap 

 The first step is to simulate the fluid flow in the gap 

because the fluid flow is one of the main motive forces of 

debris distribution. Koenig mathematically calculated the 

flow for injection flushing [7]. The method is available for 

limited applications but is not suitable for in combination 

with the calculation of debris distribution. We applied a 

numerical method to satisfy the purpose of the simulation. 

 Since the pressure applied is not high & the 

influence of gravity is negligible in such a narrow gap, the 
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equation of continuity &Navier stokes’ equations are 

presented as follows:  

 
u, v, w are flow velocity corresponding to the directions x, y, 

z.  ρ: density, p: pressure, v: dynamic viscosity.  

Since the gap is narrow the flow in z direction may be 

ignored, i.e. w=0. 

 The gradients of u and v are estimated to be much 

larger in the z direction than in the x & y directions. This 

leads to the following relation for average velocities u and v. 

 
where H is the gap distance. 

 Redefining u and v as average velocities or former u 

and v, basic equations for the EDM gap are obtained as, 

 
Calculation was carried out by applying the control-

volume method, which is one of the finite-difference 

methods. The hybrid method was applied for the 

approximation to calculate plane flux. To avoid unnecessary 

oscillation solution, a method using the staggered grid was 

employed. 

 The main algorithm applied was SIMPLE (semi-

implicit method for pressure-linked equation). The 

calculation procedure is as follows. 

1. Assume the pressure, p. 

2. Calculate u and v using equation (7) and (8). 

3. Revise p, u and v in order to satisfy the equation of 

continuity. 

4. repeat from stage 1 using the new pressure valve 

until the solution converges. 

The line-by-line method derived from the TDMA 

(tridiagonal-matrix algorithm) method and the Gauss-Zeidel 

method was used for calculating matrix coefficients. 

 The machining area 50mm x50mm is divided into a 

mesh with 33 x 33 grids. The given constants, boundary 

condition and the initial condition are as follows, assuming 

that the fluid is EDM oil: 

ρ=0.78 g/cm2, v=2.71mm2/s, H=0.17mm; 

Gradients of u and v are zero at the edge of the machining 

area; 

p is 7200Pa(at the grid where a nozzle is set) or zero (other 

grids); 

u=v=0 at t=0. 

The flow field was calculated every 0.01ms. 

The result of the calculations is as follows. 

For fixed nozzle, u and v converged within 1ms(in the time 

scale of EDM) . 

 The stationary-state flow fields calculated are 

shown in Figure 7 and 8. the straight line starting at each grid 

center indicates the direction and the speed of the flow there.  

These figures suggest uneven debris distribution and 

consequently, poor flatness of the surface with such a nozzle 

setting, to a certain content. 

 For a sweeping jet, the flow changes according to 

the nozzle movement. An example of the calculation result is 

shown in Figure 9. The position and the moving direction of 

the nozzles are indicated in the figure. Flow simulation of the 

sweeping jet, however, gives little indication of the flatness 

of the work piece. 

b. Simulation of debris distribution in the gap 

 Debris distribution was simulated for obtaining a 

more direct indication of the machining accuracy, or, in other 

words, the location change of the gap distance.  

 Debris is carried mainly by the fluid flow. However, 

there must be other motive forces because there are cases of 

stable machining without intentional flushing. In the EDM 

process, the slight up-and-down movement of the electrode 

& the pulsed pressure of discharge locally disturb the debris 

distribution. The disturbance is likely to carry the debris I the 

direction from high to low concentration. Following this 

argument, we applied diffusion theory together with the 

result of the flow calculation. 

 In a small square, dx X dy, the change of debris 

concentration, c (x, y, t) (m-2), due to diffusion in the x 

direction is described as 

x : diffusion coefficient. On the other hand, the change due to 

liquid flow is 

similar equations are also obtained for the y direction. Debris 

generation is given as r(x, y, t) (m-2s-1) depending on the 

local discharge frequency. In total, the differential equation 

for debris distributions derived as 

 
Using the same numerical methods as in flow simulation, 

debris distribution can be calculated. In practical calculation 

the debris generation functions & the diffusion coefficient 

must be given.  

 Debris generation r at grid (I, j)was assumed to be 

determined by    

where ro: average debris generation (s-1) per grid. 

Ro=2500/1089(but the value has no practical meaning); cij: 

debris concentration at grid (I, j);  

Cav: average debris concentration; 
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β: contribution coefficient of debris concentration on 

discharge frequency. 

 The diffusion coefficient was decided after several 

simulations in order that the concentration distribution would 

fit the ups & downs of the surface machined by one side, 

fixed-jet flushing (cf. Figure 1). Although this coefficient 

may change for every grid, a constant value was used for 

simplification. For the grids at the edges of the machining 

area, a 10-times-larger coefficient was given.   

The results of the calculation for the fixed jet are shown in 

Figures 10 and 11.they correspond to the case with two 

nozzles on the side and with two nozzles on both sides, 

respectively. 

 For the sweeping jet, the distribution changes with 

time, as shown in Figure 12, corresponding to the position 

and the movement direction of the nozzles shown. 

 Since the geometry of the machined surface is 

thought to be related to the concentration is one cycle of 

nozzle movement is shown in Figure 13. this clearly 

demonstrates the advantage of the sweeping jet over 

conventional fixed jets such as shown in Figures 10 and 11. 

Figures 11 and 13 correspond well with the actual ups and 

downs of the machined surfaces shown in Figures 2 and 6. 

The correspondence between the results of the 

simulation and experiment was also confirmed when 

sweeping speed was changed.  

 

 

 
 

 
 

VII. CONCLUSIONS 

 An improved jet flushing method, the sweeping jet, 

was proposed, and experiments supported the superiority of 

this method over conventional fixed jet flushing. 

 Simulation calculation was carried out to determine 

the flow pattern in the EDM gap. A simulation combining 

this flow analysis with the idea of debris diffusion gave 

debris distribution for various types of jet flushing, including 

the sweeping jet. It was confirmed that this simulation 

algorithm can represent the distribution phenomenon of 

debris with good correlation with the geometry of the work 

piece surface produced. 

 Although given data and assumptions in the 

simulation should be refined in further steps, a rough 

estimation of debris distribution in jet flushing has become 

possible. It will help to determine the nozzle setting in 

practical operation and ensure better accuracy. 
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Abstract- Multidisciplinary research is not a new concept it 

existed many years before. For example Aristotle wasa great 

Philosopher and his thoughts were based on logical reasoning 

also.  Many disciplines have the scope of combining with other 

discipline to have multidisciplinary research. In order to 

conduct a multidisciplinary research a person should have very 

sound knowledge of two or more disciplines. This draw back we 

can overcome by combined research conducted by person’s 

belonging to different disciplines. In order to achieve 

sustainable development we need such multidisciplinary 

research. 

Keywords— Mathematical Psychology, Mathematical Philosophy, 

Psychopathology, Physiologist, Pythagoreanism and 

Demographic Studies. 

I. INTRODUCTION 

ultidisciplinary research is not a new concept it existed 

many years before. For example [1] the writings of 

Aristotle cover many subjects including physics, biology, 

zoology, metaphysics, logic, ethics, aesthetics, poetry, 

theatre, music, rhetoric, linguistics, politics and government 

and constitute the first comprehensive system of Western 

philosophy. Another example is Sigmund Freud basically he 

practiced in nervous and brain disorders but became a 

famous figure in psychology. [2] In 1900, 

Freud published The Interpretation of Dreams, and 

introduced the wider public to the notion of the unconscious 

mind. In 1901, he published The Psychopathology of 

Everyday Life, in which he theorized that forgetfulness or 

slips of the tongue (now called "Freudian slips") were not 

accidental at all, but it was the "dynamic unconscious" 

revealing something meaningful. We can find many 

examples where interdisciplinary research was carried. 

Today also many of the universities are encouraging 

interdisciplinary research. The emergence of biotechnology, 

bio mimicry, biostatistics, Astrophysics etc., is results of 

multidiscipline.  This type of research is needed for deeper 

understanding and development of nation as a whole. 

II. RESEARCH IN PAST 

  Interdisciplinary research is not a new concept but today we 

speak a lot about it. Many of the researches in the past are 

based on multidisciplinary. In fact every discipline is 

interrelated and interdependent to each other. In some 

disciplines there exists hair line difference between.  

A. Research Related to Literature 

Many literatures are basically philosophical in nature. For 

example Shakespeare play “As you like it” in Act II, Scene 5 

under the heading 

“Under the green wood tree” 

“Under the greenwood tree 

Who loves to lie with me, 

And turn his merry note 

Unto the sweet bird’s throat, 

Come hither, come hither, come hither. 

Here shall he see 

No enemy 

But winter and rough weather.” 

 

This poem is philosophical he calls the reader to come to 

the forest to enjoy the beauty and peace. We can give many 

examples of this kind.  

B. Research Related to Psychology 

Many of the researchers in Psychology are basically from 

biology or mathematics. For example [3] Ivan Pavlov was a 

Russian physiologist known primarily for his work in 

classical conditioning.Pavlov abandoned his religious career 

and decided to devote his life to science. In 1870 he enrolled 

in the physics and mathematics faculty at the University of 

Saint Petersburg to take the course in natural science. Ivan 

Pavlov devoted his life to the study of physiology and 

sciences, making several remarkable discoveries and ideas 

that were passed on from generation to generation. He won 

the Nobel Prize for Physiology or Medicine in 1904. He 

became one of the prominent figures in Psychology and can 

be called as father of classical conditioning. 

C. Research Related to Population Studies 

Concept of census was not known many centuries before but 

many places census data was collected basically for tax 

purpose and all members are not counted. During Ancient 

Greece ie.,[4]during Greek civilization belonging to a period 

of Greek history that lasted from the Archaic period of the 

8th to 6th centuries BC to the end of antiquity. They had the 

concept of city-state, [5]Plato through the words of Socrates, 

asserts that societies have a tripartite class structure 

corresponding to the appetite/spirit/reason structure of the 

individual soul. The appetite/spirit/reason are analogous to 

the castes of society they are Productive (Workers), 

Protective (Warriors or Guardians), Governing (Rulers or 

Philosopher Kings). During census only those people stated 

above are counted but they didn’t count slaves and women. 

Plato was a great Philosopher and contributed to Population 

Studies. Research Related to Population Studies 

John Grunt is considered as father of Demographic 

Studies but he was basically a businessman.[6] Graunt 

started business in London in Birchin Lane. Around 1666 he 

was an opulent merchant of London with important offices in 

different companies, he was a.o. Captain of the London 

militia. He was also very interested in art. In 1662 

Grauntpublished his famous Natural and Political 

Observations on the London Bills of Mortality, the first 

treatise on Statistics. To this, he drafted a theory and among 

others, the data involving higher birth rates of male children, 

child mortality, longer lifetime of women have been worked 

out with. They were well accepted, and in February 1662, 50 

M 
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copies were presented to the Royal Society. Graunt also 

made the first observations about the sex ratio and thus the 

first attempt to apply the theory. 

 

D. Research Related to Philosophy 

Many of the philosophers are basically great mathematicians. 

For example[7] Pythagoras made influential contributions to 

philosophy and religion in the late 6th century BC. He is 

often revered as a great mathematician, mystic, and scientist 

and is best known for the Pythagorean theorem which bears 

his name. He was an Ionian Greek philosopher, 

mathematician, and founder of the religious movement called 

Pythagoreanism. 

[8]Archimedes of Syracuse was an Ancient Greek 

mathematician, physicist, engineer, inventor, and astronomer. 

Although few details of his life are known, he is regarded as 

one of the leading scientists in classical antiquity. Generally 

considered the greatest mathematician of antiquity and one 

of the greatest of all time, Archimedes anticipated modern 

calculus and analysis by applying concepts of infinitesimals 

and the method of exhaustion to derive and rigorously prove 

a range of geometrical theorems, including the area of a 

circle, the surface area and volume of a sphere, and the area 

under a parabola. Other mathematical achievements include 

deriving an accurate approximation of pi, defining and 

investigating the spiral bearing his name, and creating a 

system using exponentiation for expressing very large 

numbers. He was also one of the first to apply mathematics 

to physical phenomena, founding hydrostatics and statics, 

including an explanation of the principle of the lever. He is 

credited with designing innovative machines, such as his 

screw pump, compound pulleys, and defensive war machines 

to protect his native Syracuse from invasion. 

III.   RESEARCH IN PRESENT 

Today many field of study emerged as a result of 

interdisciplinary research. For example biochemistry is a 

combined discipline of biology and chemistry, biotechnology 

is a combined discipline of biology and technology, 

mathematical psychology is a combined discipline of 

mathematics and psychology, mathematical philosophy is a 

combined discipline of mathematics and philosophy, 

biostatistics is a combined discipline of biology and statistics 

etc., these fields combine two disciplines and a new 

multidiscipline emerged. Now we will try to understand 

some relatively new disciplines. 

A. Mathematical Psychology 

[9]Mathematical psychology is an approach to 

psychological research that is based on mathematical 

modelling of perceptual, cognitive and motor processes, and 

on the establishment of law-like rules that relate quantifiable 

stimulus characteristics with quantifiable behaviour. The 

mathematical approach is used with the goal of deriving 

hypotheses that are more exact and thus yield stricter 

empirical validations. Quantifiable behaviour is in practice 

often constituted by task performance. 

As quantification of behaviour is fundamental in this 

endeavour, the theory of measurement is a central topic in 

mathematical psychology. Mathematical psychology is 

therefore closely related to psychometrics. However, where 

psychometrics is concerned with individual differences (or 

population structure) in mostly static variables, mathematical 

psychology focuses on process models of perceptual, 

cognitive and motor processes as inferred from the 'average 

individual'. Furthermore, where psychometrics investigates 

the stochastic dependence structure between variables as 

observed in the population, mathematical psychology almost 

exclusively focuses on the modelling of data obtained from 

experimental paradigms and is therefore even more closely 

related to experimental psychology/cognitive 

psychology/psychonomics. Like computational neuroscience 

and econometrics, mathematical psychology theory often 

uses statistical optimality as a guiding principle, assuming 

that the human brain has evolved to solve problems in an 

optimized way. Central themes from cognitive psychology; 

limited vs. unlimited processing capacity, serial vs. parallel 

processing, etc., and their implications, are central in 

rigorous analysis in mathematical psychology. 

(Mathematical Psychology, 2014)[9] The first published 

study in this area was an experiment in 1898 by Norman 

Triplett on the phenomenon of social facilitation. During the 

1930s, many Gestalt psychologists, most notably Kurt Lewin, 

fled to the United States from Nazi Germany. They were 

instrumental in developing the field as something separate 

from the behavioural and psychoanalytic schools that were 

dominant during that time, and social psychology has always 

maintained the legacy of their interests in perception and 

cognition. Attitudes and small group phenomena were the 

most commonly studied topics in this era. 

B. Mathematical Philosophy 

[10]The terms philosophy of mathematics and 

mathematical philosophy are frequently used as synonyms. 

The latter, however, may be used to refer to several other 

areas of study. One refers to a project of formalizing a 

philosophical subject matter, say, aesthetics, ethics, logic, 

metaphysics, or theology, in a purportedly more exact and 

rigorous form, as for example the labours of scholastic 

theologians, or the systematic aims of Leibniz and Spinoza. 

Another refers to the working philosophy of an individual 

practitioner or a like-minded community of practicing 

mathematicians. Additionally, some understand the term 

"mathematical philosophy" to be an allusion to the approach 

to the foundations of mathematics taken by Bertrand Russell 

in his books The Principles of Mathematics and Introduction 

to Mathematical Philosophy. 

 

IV. RESEARCH IN FUTURE 

Future research can be done in Sanskrit and physics, 

Sanskrit and science, Sanskrit and mathematics, astronomy 

and astrology etc., this will open a new horizon. Now we will 

try to understand these fields in short. In Sanskrit, nature is 

called 'prakriti', which literally means 'acting forth'. This 

description most certainly includes activities of mind that 

express a living meaning, from underlying consciousness. 

Similarly, in ancient Greek, nature is called 'phusis', which 

implies a growth of life with an expression forth of 

meaningful activity. In the Mandukya Upanishad, the three 

levels are described as manifested in three states - of waking, 

dream and deep sleep. And the ground is called 'caturtha' or 
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'turiya' or the 'fourth'. This description is designed for 

philosophical and spiritual enquiry. 

V. CONCLUSION 

    Interdisciplinary research is a beautiful concept but 

person who want to conduct such research should have sound 

knowledge of both the disciplines. Although it appears that it 

is difficult to find such person, if it is well planned then we 

can achieve the goal. Two or more persons from different 

disciplines can join together and undertake a research in 

interdisciplinary. (Centre)[11] Some universities like 

University of Delhi and Jamia Millia Islamia jointly 

introduced a Two Year degree programme i.e. “Master of 

Mathematics Education” which is equivalent to M. Sc. in 

Mathematics Education under Meta University Concept from 

the academic session 2012-13.  Persons from two or more 

disciplines can join and conduct a multidisciplinary research 

even though they are physically apart by they can be 

connected virtually. Therefore today we have great 

opportunity to do interdisciplinary research and we can go 

ahead with it. 
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Abstract-The growth of electricity with its generation, 

transmission and distribution mechanism has shown a 

multifold growth in the past few decades. The generation 

distribution have undergone paramount changes whereas 

transmission has not, thus in theexisting 400KV transmission 

system there are constraints to transfer growing electricity 

demands .This paper presents a novel aspect of 765kV 

transmission system for efficient transmission of power and 

makes a comparison with existing system. 

Keywords: Enhancement of transmission capacity, Loss 

minimization, Physical infrastructure reduction 

(RoW), Conductor Selection, Design aspect of 

765kV line. 

 

I. INTRODUCTION 

 

he basic function of transmission system is to transfer 

electrical power from one location to another. A 

transmission system include terminal substation, 

transmission line and intermediate substation associated 

control, protection, auxiliaries etc. 

The Modern civilization depend heavily on the consumption 

of electrical energy for industrial, commercial, agricultural, 

domestic and social purpose. Electrical power generated in 

bulkat power stations is transferred from those stations to 

distant distribution network via transmission system.  

The modern electrical power system having generating 

station, transmission system, and distribution system are 

interconnected through 3 phase AC system operating 

synchronously at a frequency of 50 Hz. The basic objectives 

of power system are[1]: 

 To supply required amount of power to the consumers 

over different geographical area reliably. 

 To provide better security of supply and avoid faults. 

 To supply electrical energy at affordable cost.  

Since transmission system form a very important part of 

network for fulfilling above mention task, nowadays, power 

systems are extensively interconnected requiring huge 

transfer of electric power. Considering that a typical 

transmission line with the existing voltage level of 400kV, 

can only carry a limited capacity of power, to fulfil 

increased power demand,it demands construction of new 

transmission lines at the same voltage capacity which 

occupies additional RoW and a complex control system. 

In this context, this paper presents the possibility of 

deploying high voltage transmission system such as 765kV 

or 1200kV lines those requiring same or less RoW and 

maximising power transfer capacity. 

 

II. NEED FOR VOLTAGE ENHANCEMENT OF 

TRANSMISSION LINES 

The table below shows the installed capacity of Indian 

power scenario from which it is evident that despite having 

a generating capacity of 2, 50,256 MW, it is possible to 

transmit 1, 86,000 MW due to constraints of existing 

transmission network of 400 kV. 

Sector MW Percentage 

State Sector 93, 450.70 37.4 

Central Sector 68, 393.30 27.3 

Private Sector 88, 344.96 35.3 

Total 2, 50, 256.96 100 

 

Table1: Total Installed Capacity as on 31 July 2014 [2] 

 

The future prospectus and industrial growth demands the 

enhancement of installed capacity to the extent of 7 lakh 

MW by 2027 [3] necessitating the power transfer capacity 

increase to the extent of 5 to 6 lakh MW. 

The existing transmission mechanism at 400kV will not be 

capable of evacuating this power due to its own constraints 

and thus new technology of voltage enhanced transmission 

network need to be adopted. 

 

III. CERATIN TECHNICAL REQUIREMENT FOR 

DESIGN OF TRANSMISSION NETWORK ARE AS 

FOLLOWS: 

For capacity enhancement of transmission line different 

option available are: 

A. Improvement of transmission system 

1. Use of Higher Voltages 

While selecting higher voltages different calculations are 

required as mentioned below: 

 

a. No of conductor per phase(bundle) 

In high power transmission, to reduce losses and limit the 

corona phenomenon, it is needed to increase the number of 

T 
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conductors per bundle, for which line current is calculated 

using Eq. (1). 

I =  
S

 3V
   1 

To balance the weight, the number of conductor bundles 

must be even (four or six). 

 

b. Crossection of conductor 

i. Short circuit calculation : 

Conductor cross section is determined according to the 

rated current, and then based on the level of short circuit 

test. Eq. (2) and (3) assess the minimum cross-section 

required to withstand the heat generated due to the short 

circuit. [4] 

S =  
ISC ∗ t

K
   2 

K =   
ω .C.∆θ

0.24∗ρ
   3 

Where: 

S: Cross-section of conductor (mm) 

ISC: Standard SC current (A) 

t: The persistence time of SCcurrent (s) 

K: Constant coefficient related to the conductor material 

which is dependent on: 

ω: Specific weight of the conductor (gr/cm
3
) 

C: Specific heat of conductor metal (Calorie/g-°c) 

Δϴ: The conductor temperature rise (°c) 

ρ: Specific resistance of the conductor (ohm-m/mm
2
). 

 

ii. Crossection for fitting two parts together: 

One of the problems occurred in fittings due to short circuit 

current is in welded joint corrosion,such as connecting two 

parts together or celebrating with a hole between the bolts 

and nuts. Considering the amount and time of current 

passing through lines, a cross section can be obtained using 

Eq. (2) and (3) for existing connections in the line, which 

are of steel and aluminium type such that short circuit 

current and in turn the generated heat do not deform them. 

 

2. Bundle Conductor  

Geometric mean radius (GMR) and Geometric mean 

distance (GMD) are calculated using: 

a. Geometrical Mean Radius 

GMR = (N*r*R
N-1

)
1/N  

4 

 

Where:   N-No. of conductor in a bundle 

 r- Radius of each sub-conductor 

R- Radius of bundle 

b. Geometrical Mean Distance[4] 

 

GMD= D12 ∗ D13 ∗ D23
3

  5 

 

From this, inductive & capacitivereactance’s can be 

calculated: 

 

C = 
2∗ πε0

ln (GMD
GMR )

    F/m  6 

 

L= 2*10
-7ln

GMD

e
−1

4 ∗GMR
    H/m 7 

 

XL =2 ∗ π ∗ F ∗ L   8 

 

XC = 
1

2∗ π∗F∗C
   9 

 

3. Size up of system 

For sizing up of the system various parameters are required 

to find out those are: 

 

a. No of insulators in the string 

To calculate the voltage distribution along the insulator 

string, the capacitance between insulators themselves and 

the tower should be determined. Although, capacitance of 

all insulators is not same, however, considering the short 

length of insulator string respect to the tower height and its 

uniformity, capacitance of whole insulators is same, C1, and 

the capacitance between insulators and tower is C2. 

Accordingly, by calculating α, voltage on to ends of 

insulator string is obtained [4], 

α =  (
C2

C1
)0.5   10 

 

Vkg =  Vng .
sin (∝.K)

sin (∝.n)
  11 

 

Where, C1 and C2 values are the capacitance between the 

metal part and earth, and insulator capacitance, respectively.  

Consequently, having the value of α, distributed voltage in 

two ends, no. of insulators is obtained.  

In addition,  

K-- Insulator numbers  

n-- Total number of insulators 

Vng-- phase voltage of transmission line 

Vkg --K
th

 insulator voltage. 

 

b. Voltage gradient calculation 

Voltage gradient around the conductor and fittings can play 

an important role in the phenomenon of corona and the 

resulted losses. Voltage gradient for conductors in each 

phase is obtained using following eq. [4] 

 

gmax =
18 C.V

n.r
[1 +

2 n−1 r.sin (
π

n
)

GMR
] 12 

 

C =  
0.02413

log (
GMD

GMR
)
   13 

 

` GMR = [r. n[
Bs

2.sin 180 n 
]n−1]

1
n   14 

Where: 
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gmax: The maximum voltage gradient at the surface of 

conductors(kV/cm). 

V: Line phase voltage(kV). 

n: The number of bundled conductors per phase. 

r: Radius of conductor(cm). 

C: Line capacitance(F/km). 

GMR: Geometric mean radius of the bundled 

conductors(cm). 

Bs: Distance from the bundle conductors(cm). 

 

c. Critical voltage 

Critical voltage value is a function of the line physical 

features and environmental conditions which is calculated 

using following Eq. [4] 

gv = g0 . (1 +
0.3

 δ .r
)  15 

 

δ =  
298 P

T
   16 

 

Vc =  gv . m. δ. r. ln [GMD r]  17 

Where: 

gv : Critical voltage gradient(kV/cm). 

g0 : The threshold breakdown voltage(kV/cm). 

r : Radius of conductor(cm). 

δ : Relative density. 

P : Air pressure(At.) 

T : Air temperature(°K) 

m : Coefficient of conductor surface roughness. 

GMD : Geometric mean distance between conductors(cm). 

 

d. Amount of corona losses 

The main disadvantage of corona phenomenon is the 

resulted losses which may be increased to ten times on 

rainy/snowy days. In typical EHV transmission line, the 

losses can be of a significant amount. Therefore, in 

designing transmission line the corona losses should be also 

calculated. 

Amongst various methods, one method is presented byPik 

which is formulated according to Eq. (18) [4]. 

PC = 0.00314. F. (
V

log (GMD r )
) 18 

Where: 

PC : Corona losses(kW/km) 

V : Effective-phase voltage(kV) 

GMD : Geometric mean distance between conductors(cm). 

r : Radius of conductor(cm) 

F: Constant coefficient and the critical voltage 

Studies shows that, when corona losses are low, Peterson 

method has good accuracy [4]. 

 

PC =  
0.545

δ
 V − VC .  r

GMD   19 

In which; 

PC: Corona losses(kW/km) 

V : Effective-phase voltage(kV) 

Vc : A critical voltage(KV) 

GMD : Geometric mean distance between conductors(cm). 

r : Radius of conductor(cm) 

 

e. Corona ring design 

In corona ring design, three main parameters should be 

determined,[4] 

1) Diameter profiles 

2) Radius of the ring 

3) Position of ring along the insulator strings. 

 

f. Voltage regulation calculation 

Voltage regulation is, the change of voltage, from zero to 

the rated divided to the nominal value which is expressed 

as: 

%VR =  
VS − Vr

Vr
∗ 100  20 

Where: 

VR: Line voltage regulation percentage 

Vs : Sending end voltage(kV) 

Vr : Receiving end voltage(kV) 

Vr is the line rated voltage.  

Vs is obtained in long transmission lines as follows: 

 
VS

IS
 =   

A B
C D

 ∗  
Vr

Ir
   21 

Where: 

Is : The sending end current(A) 

Ir : The receiving end current(A). 

Values of A, B, C and D are obtained  

 

A = cosh(γl)   22 

B = Zc sinh(γl)  23 

C =  
1

Zc
sinh(γl)  24 

D = cosh(γl)   25 

Here; 

γ =  zy   26 

Zc =   
z

y
   27 

Where: 

y: Parallel Admittance of transmission line(Ψ/Km) 

z: Series impedance of transmission line(Ω/Km). 

 

B. Type of conductor 

The conductor used in electric power transmission at 

400kV/765kV in INDIA are: 

 ACSR Moose/Bermis 

 AAAC Conductor 

Due to technological development different types of 

conductors are available which have advantages over others. 

Different High Tension Low Sag (HTLS) Conductors are 

[5] 

1. AL59 

2. TASCR(Thermal Alloy conductor steel Re-inforced) 

3. ACSS(Aluminium Conductor Steel supported) 

4. STACIR (Super thermal Aluminium Conductor 

INVAR Re-inforced) 
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5. ACCC (Aluminium Conductor Composite Core) 

6. ACCR (Aluminium Conductor Composite Re-

inforced) 

 

These conductor have following important properties: 

 High current carrying capacity. 

 Low sag tension property. 

 Easy and rapid installation, 

 Long term reliability. 

 Conductor cost is less. 

 Low line loss. 

 

IV. DESIGN ASPECT OF 765 kV LINE 

For showing the effectiveness of the technical requirements 

and their benefits a typical 5000MVA power system has 

been considered which is to be transmitted over a distance 

of 800km assuming 50% of capacitor compensation, then 

the total reactance will be half of the positive sequence 

reactance, let’s consider sending and receiving end voltages 

are equal, the phase shifting between two voltages is 30°. 

Different parameters for 400 kV and 765 kV line can be 

calculated by using following formulae’s: 

Power handling capacity per circuit =  

(
E2∗sin δ

L∗x
+ ~10% 𝑜𝑣𝑒𝑟𝑙𝑎𝑑𝑖𝑛𝑔)MW 

 

Resistance of conductor used for 400kV = 0.031Ω/km [6] 

Resistance of conductor used for 765kV = 0.0136Ω/km [6] 

 

Total Current It = 
S

 3V
kA 

No. of circuits required = 
total  power  to  be  transferred

power  handli ng  capacity  per  circuit
 

Current per Circuit I = 
Total  Current

No .of  Circuits
  kA 

Power Loss per Circuit = 3* Resistance Per phase* (It)
 2

 

MW 

Total Power Loss = No. of Circuits * Power loss per Circuit 

Power Loss per km = total power loss / Distance in km 

By using above equations following parameters can be 

calculated: 

 

Parameters Calculated 400kV 765kV 

Power handling 

capacity 

680MW 2980MW 

No. of Circuit 8 Single Circuits 

4 Double circuits 

2 Single Circuits 

1 Double Circuit 

Total current 7.2169kA 3.7735kA 

Current per circuit 0.91kA 1.89kA 

Resistance for  800km 0.031*800 = 24.8Ω 0.0136*800 = 

10.88Ω 

Power Loss per circuit 3*24.8*(0.912) = 

61.61MW 

3*10.88*(1.892) = 

116.59MW 

Total loss 492.88MW 233.18MW (46.7%) 

Loss/km 616.1KW 291.48KW 

 

Table 2: Comparison of parameters for 400kV and 765kV 

 

V. RESULTS & DISCUSSION 

From the table 2 shown above following inferencescan be 

drawn: 

1. The power handling capacity of single circuit 765 kV 

system is four times than a single circuit 400 kV system. 

2. Total power loss in 765 kV system is only 46.7% as that 

of power loss on 400 kV system 

3. Theno of circuit required to transfer the same amount of 

power are four times in 400 kV than 765 kV, increases 

RoW & spacing. 

Following figure shows the difference between the Right of 

Way requirements for different lines. 

 

 
 

Fig1. : RoW comparison of 765kV and 400kV System. 

 

VI. CONCLUSION 

From the discussion made in the paper, it is evident that 

higher transmission capacities can be achieved by proper 

technical design of transmission system. Accordingly the 

results obtained from the design of 765kV lines shows that 

the power handling capacity increased from 3-4 times as 

compared to 400kV lines, whereas the losses can be reduced 

to the extent of 53.3%. Further the bulk power can be 

transferred with same or less area of land use by higher 

transmission network. 

From which it is concluded that the increase in power 

demand can be fulfilled by enhancing transmission voltage 

to 765kV and above with proper technical design. 
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Abstract - The paper presents the research on biomass 

charcoal-Diesel oil mixture and its use as an alternative fuel for 

combustion in diesel engine. The employment of charcoal 

slurry fuel intends to reduce heavy fuel oil consumption and 

would reduce green house emissions into the atmosphere. In 

the investigation, wood chips were used for the production of 

charcoal that was successfully emulsified with Diesel oil. The 

paper investigates the formulation, emulsification, spray, and 

analysis of charcoal-diesel slurry. The results of the 

investigations in sprays of this fuel show the fuel, non-

Newtonian fluid, is able to atomize well. It is demonstrated that 

the new emulsification process proposed in this paper is able to 

produce fuels from biomass charcoal and diesel, for vehicles 

operated on compression ignition system. The critical aspect of 

operation is the internal flow into the injector with the 

tendency to form deposits and wear in the injector. 

Performance and exhaust emission of a diesel engine is almost 

similar to 100% diesel oil fuelled engine 

Keywords: wood charcoal, emulsion, surfactant, viscosity. 

I. INTRODUCTION 

ood is a renewable energy sources. It can be re grown 

easily and within short period as compare to fossil 

fuels. Charcoal is made from wood by pyrolysis process. 

Charcoal has calorific value almost 29000-30000 kJ/kg 

which is quite good compare to the calorific value of wood 

which is near to 15000 kJ/kg.  So use of wood charcoal by 

emulsifying technique is being valuable in bio fuel study. 

Charcoal-diesel slurry can be used in internal combustion 

engine as an alternative fuel  which reduces the 

consumption of  heavy diesel oil and  good for environment 

condition. 

II. MATERIALS AND METHODS 

 

CHARCOAL 

 

Charcoal using for the experiment is Indian Babul’s 

charcoal. We can use any wood charcoal for the 

experimental procedure. While choosing wood charcoal, ash 

content in wood charcoal should be kept in consideration. 

This is because the ash is unburnt matter which is always 

there in wood charcoal. Charcoal powder using for the 

experiment is with very fine particle size.  

 

 
 

Figure 1.1 :  actual photograph of charcoal used for testing 

 

The average particle size of charcoal powder is 10 microns 

and average lump size measured by suspending charcoal in 

water is 25 microns. Following are the properties of wood 

charcoal used for emulsion process. 

 

Table 1.1 : Charcoal  Properties 

Carbon 91.77% 

Ash 5.23% 

Moisture 0.5% 

Ave. Particle size 10 microns 

 
SURFACTANT 

Surfactant plays most important part while making mixture 

of two immiscible liquids. It increase surface tension and 

make the mixture homogeneous. Choice of surfactant 

depends on the HLB (Hydrophile-Lipophile Balance) 

number. Cost of surfactant is comparatively high which 

restrict more use of it. By reviewing research papers, it has 

been decided to utilize the surfactant having single chain of 

ethylene for charcoal-diesel emulsification. Five surfactant 

having chain of ethylene: cetyl alcohol, palm oil, 

W 
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polyoxyethylene, glyceride ethoxylate, polyethylene Glycol  

are used to check the mixture stability. 

 

 

Figure 1.2 : actual photograph of  container of PEG-400 used as surfactant 

HOMOGINIZER 

Stability of emulsion is most important in case of charcoal 

diesel emulsion. For more stability, it has been require to 

provide external energy by steering the mixture. 

Homogenizer is the mean used to steer the mixture which 

has speed of 8500 rpm. Better stability is obtained by 

steering the mixture  10-12 min with shown homogenizer 

 

Figure 1.3: actual photograph of shat of homogenizer used for steering 

mixture 

WATER 

Water is added to the mixture to increase the burning time 

of mixture. As charcoal-diesel mixture is used for the 

combustion process, burning time of  charge  should be 

more. Water also reduces the production of NOx in exhaust 

emission. Surfactant is  selected considering this too. 

 

 
III. VISCOSITY STUDY 

Using nonionic surfactant with single chain of ethylene, 

better stability of charcoal diesel mixture can be obtained. 

Glycerin ethoxylate and poly ethylene glycol  were 

observed best suited for the preparation of charcoal-diesel 

mixture. Comparison of  mixture using different surfactants 

is as shown in table 1.2. 

Table -1.2 

Surfa- 

ctant  

Type 

Content % by Vol. 
Stab- 

ility 

(hours) 

Viscos

ity (P) 

at 25 

deg. C  

Surf

a-

ctant 

Cha

rcoa

l 

Die

sel 

Wa

ter 

Cetyl 

alcohol 
1 10 87 2 

5 hours 

stable , 

small 

bottom 

deposits 

56 

Palm  

oil 
1 

10 
87 2 

5 hours  

stable, 

large 

bottom 

deposit 

afterwar

ds 

124 

Poly 

oxy-

ethylene 

1 
10 

87 2 
10 hours  

stable 
76.5 

Gly-

ceride 

etho-

xylate 

1 
10 

87 2 
20 hours 

stable 
40.5 

Poly-

ethy- 

lene 

Glycol 

1 
10 

87 2 
25 hours  

stable 
32.25 

 

The results from the viscosity studies on the charcoal-diesel 

mixture fuel  are presented  for single surfactant. Charcoal-

diesel slurry has blackish colour as shown in figure 1. 

 

 

Figure-1.4 viscosity of slurry 
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The viscosity studies revealed that the charcoal-diesel 

mixture  fuel is a non-Newtonian fluid. Figure-2 shows the 

fuel containing   10% charcoal and produced with mixtures 

of surfactants, had a lower viscosity, 32.25 P at 60 rpm 

viscometer spindle’s speed and 25 deg. C, giving good 

sprays prospects. 

 

Figure – 1.5   viscosity measurement of slurry at diff speed of viscometer. 

IV. SPRAY FORMATION 

Charcoal diesel mixture requires to check spray formation 

for engine compatibility and performance. An multi-point 

nozzle is used to check the spray formation at given 

injection pressure. Figure shows the spray formation, 

carried out at 180 bar injection pressure on injection test rig 

in lab at room temperature.  

Spray formation is carried out with 10% of blend of 

charcoal in diesel oil. Mixture ratio of  diesel :charcoal 

:surfactant :water  is 87 : 10 :0.5 :2.5 (%) is kept to check 

spray formation.  

 

Figure 1.6: spray formation of charcoal-diesel mixture 

V. OPTIMIZATION METHOD 

 

Experiment has been conducted on  3.7 kW single cylinder 

water cooled. Direct injection, diesel engine coupled with 

eddy current dynamo. Taguchi’s optimization technique is 

used to  optimized the charcoal-diesel blend for diesel 

engine.  For optimized blend , three parameters  have been 

chosen and they have been varied at three different level as 

shown. 

 

Table : 1.3 

Parameters Level of variation 

Injection timing 

(BTDC) 

26 28 30 

Injection 

Pressure(bar) 

180 190 200 

% blend 5 10  15 

 

 

According to the Taguchi’s optimization method, by 

varying  3-parameters at 3-levels , L27 array has been 

created for the experiment. L27 array contains 27 runs of 

those 3-parameters with different combination. 

After conducting 27 experimental runs with different load 

condition, optimization point for charcoal-diesel slurry has 

been found.  With Injection Pressure of 200 bar, Injection 

Timing of 30 Deg before TDC and 10%  /blend proportion , 

Single cylinder CI engine gives better performance and  

lower exhaust emission as compare to the other combination 

of these three parameters. 

 

VI. RESULT 

 

Performance parameters include mainly Brake Thermal 

Efficiency and Brake Specific Fuel Consumption for diesel 

engine. Following are the performance curve for the 

optimized charcoal diesel slurry blend, comparing with the 

100% diesel fuelled performance. 

 

 
 

Figure 1.7 
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Figure 1.8 

 

Exhaust emission of a diesel engine is equally important 

while optimizing it for other fuel. Following graph shows 

the comparison of HC emission and CO2  emission of 

optimized blend comparing with  100% diesel oil. 

 

 
 

Figure 1.9 

 

 
 

Figure 1.10 

 

VII. CONCLUSION 

 

Charcoal can be emulsified in diesel   and better stability 

can be obtained by selecting proper surfactants.  

Polyethylene Glycol would be very effective considering 

viscosity of fuel. Viscosity can be obtained nearer to 30 P 

which is almost nearer to diesel oil.  We can see in figure  

and conclude that Brake Thermal Efficiency of single 

cylinder diesel engine fuelled with charcoal slurry Diesel 

blend is almost nearer to the performance of  Diesel oil 

fuelled engine. BSFC is also equal to the diesel oil as shown 

in figure. 

Considering Exhaust emission of a diesel engine, HC and 

CO2 , curves show that HC emission is lower than the diesel 

oil while CO2 emission is almost same at all load with diesel 

oil. 
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Abstract:  Zeolite is aluminosilicates, micro porous 

crystalline, with TO4 tetrahedral (T = Al, Si) and oxygen 

atoms are linked to each other with the corners. Zeolite has 

been unique ion properties as an adsorption and molecular 

sieving, dehydration and rehydration, biological activity, 

catalytic, and cation exchange and many more because of it 

has a wide application. The numbers of scientists have been 

developing various methods for the synthesis of zeolite. 

There are many ways for the synthesis of zeolite, which 

mainly included treatment of natural zeolite, pertaining 

minerals of natural clay, fusion with alkali, zeolite synthesis 

by hydrothermal conventional, and microwave assisted 

zeolite synthesis. The review’s objectives are depending on 

recent trends of zeolite synthesis from fly ash. 

Keywords: Zeolite, coal fly ash (CFA), hydrothermal process, 

microwave irradiation technique, Fusion, membrane 

extraction.                                                            

I. INTRODUCTION 

eolite are crystalline aluminosilicates consist of a 

tetrahedral framework of [SiO4]
4-

 and [AlO4]
5-

, linked 

each other with the corners by sharing oxygen atoms. 

Composition of zeolite: 

 

 MxDy [Alx+2ySin-(x+2y) O2n] ·mH2O 

 

Where, 

M= monovalent cation, D= divalent cations, m= number 

of water molecules per unit cell. 

x= numbers of cations (Monovalent), y= number of 

cations. (Divalent). 

 

Zeolite term was firstly disclosed in 1765 by Swedish 

scientist ‘A. F. Cronsted’. The further studies of zeolite 

were started in from early 1950 onwards. In1959, at 

Union Carbide ‘Milton et al’ founded low silica zeolite-A 

and X. In 1964, ‘Brecks’ reported the synthesis of 

Intermediate silica zeolite-Y. In the 1960s and 1970s, 

Zeolite ZSM-5 with a high silica ratio was reported by 

‘Mobil Research and Development Laboratories’. There 

were almost 180 types of zeolite was known in zeolite 

history. Now a day’s include synthesized zeolite was 

ZSM-5, zeolite -X, zeolite -A, zeolite -Y, zeolite -L. In 

1995, there was first zeolite synthesized from fly ash. Fly 

ash is generated by coal combustion in thermal power 

station as a waste or by-product. In India there are more 

than 90 million tones of fly ash produced. The one of 

approach of utilization of fly ash is that in to zeolite 

synthesis, because fly ash having tendency to convert in 

to zeolite. Zeolite has wide applications as an adsorption, 

catalytic activity, ion exchange (waste water treatment), 

air purification and many more. For the using of fly ash 

there are many type of zeolite like zeolite-X, zeolite-A, 

zeolite-P, Na-P1, F-linde was synthesized by various 

methods, which having industrial applications. 

II. SYNTHESIS OF ZEOLITE FROM COAL FLY 

ASH 

The synthetic zeolite was most preferable in commercial 

grade rather than natural zeolite because of it has uniform 

particle size and a huge variety of chemical properties. 

The researchers, in the field of zeolite have a one most 

common problem is that, the cost of raw material (silica 

source) and its availability from which they want to 

synthesized zeolite [1]. 
Coal fly ash is an industrial by product/waste which 

generated from the coal-combustion having an application 

as a raw material for the synthesis of zeolite, in glass and 

ceramics manufly ashcturing, in mesopourous material 

formation and many more [2]. Zeolite produced from coal 

fly ash is a very interesting product, with having 

environmental related applications. Zeolite could be 

synthesized from the fly ash, economically and the 

process was rapid [3]. The numbers of scientists have 

been developing advanced methods for the synthesis of 

zeolite from fly ash. Which mainly including:  

1) Hydrothermal synthesis.  

2) Fusion method.  

3) Membrane extraction.  

4) Microwave irradiation process. 

 

All these above synthesis have affected by the various fly 

ash factors like, nature of reactants, the composition of 

Si/Al ratio, pH, temperature, time of reaction and other fly 

ash factors [1, 4]. 

 

A.  Hydrothermal Synthesis 

‘Reos et al’ have reported an efficient synthesis of zeolite 

at laboratory scale by using fly ash with NaOH & KOH, 

however the best results were obtained by using NaOH 

instead of KOH. This zeolite has unique ion-exchange 

properties for effluent treatment [5]. The synthesis of 

zeolite from the class-F fly ash using a hydrothermal 

process has been 4g/dm
3 

of solid/liquid (S/L) ratio for the 

first 4 hour reaction. During this period 80 wt % like 

Z 
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crystalline zeolite material was produced. NaP1 which 

was single phase zeolite was produced using 2M NaOH 

solution at 104°C temperature [6]. ‘Che pa and co-

workers have synthesized Boggsite zeolite from fly ash by 

using the hydrothermal method by utilizing 2M NaOH for 

6-9 h. Here, fly ash/NaOH ratio was 0.3:1. XRD (X-ray 

diffraction technique) was used for characterization of 

Boggsite zeolite. This zeolite was used as molecular sieve 

in the adsorption process [7]. ‘Shoumkovas et al.’ have 

disclosed zeolite from fly ash by using the combustion of 

lignite in the presence of alkali NaOH & KOH under the 

various heating temperature. The characterization of 

product was studied by XRD, SEM (scanning electron 

microscopy), and EDX(Energy-dispersive X-ray 

spectroscopy). In addition, Zeolite F & hydroxyl Sodalite 

were produced at 373-393 K temperature by using NaOH 

(>3m) and KOH (>6m), while at 353K temperature using 

3.1 M NaOH, the zeolite P & A was obtained with smaller 

amount of other impurities like Fe, Mg & S etc. [8]. 

‘Mainganyes et al.’ have successfully synthesized highly 

crystalline zeolite Na-P1 from coal fly ash by using the 

hydrothermal method for 48 h at 140°C in 4-flat blade 

impeller at agitation for 200 rpm. [9]. ‘Jha et al.’ have 

developed an alkali interaction method in which fly ash 

was converted to salt. After 12 h treatment, there was a 

strong interaction between 0.5N NaOH & coal fly ash 

were observed. Due to this process the structure of fly ash 

was changed significantly [10]. ‘Wang & co-workers 

have synthesized zeolite A & X from fly ash by using 

hydrothermal treatment using alumino silicate gel at 

100°C. This selection has economic grade properties like 

thermal stability, high cation exchange capacity, etc., and 

having a tendency to remove methelene blue (cationic 

dye) from the solution by adsorption [11]. Huis et al. have 

developed a commercial detergent grade zeolite 4A uses a 

hydrothermal treatment. Here, the ratio of S/L was 1:10. 

This zeolite 4A has been efficiency to remove calcium 

ions during the washing process. [12]. ‘Somersets et al.’ 

have developed zeolite from fly ash by using an alkaline 

hydrothermal process. The reaction was carried out with 

1:1.2 NaOH ratios, for 1-2 h at 600 °C. For the 

characterization of product XRD, XRF(X-ray 

Fluorescence spectrometry) and BET(Brunauer–Emmett–

Teller theory) adsorption process [13].‘Vucinics et al.’ 

have discovered Na-P1 zeolite from CFLY ASH by 

hydrothermal treatment with Na2O/SiO2 mole ratio at 90 

°C for 5 h. The characterization of the product they used 

XRD & IR techniques [14].  

 

B. Fusion Followed by a Hydrothermal Method  

‘Keka oza & co-workers’ have synthesized X-type zeolite 

from the coal fly ash by using alkali fusion followed by 

hydrothermal process. In this method, at 823K 

temperature the crystalline synthetic zeolite was 

produced. The synthesized zeolite was characterized by 

different methods such as Fourier transform infrared 

spectroscopy (FT-IR), BET adsorption method, X-ray 

diffraction (XRD), scanning electron microscopy (SEM) 

etc. [15]. ‘Kazemains et al.’ have reported two stage 

conversion process for the synthesis of zeolite which 

having a high ion exchange capacity from high silica fly 

ash by using fusion followed by hydrothermal process. 

Na-P1 zeolite was produced at 120 °C for 4 h with molar 

ratio of 2.2 SiO2:Al2O3, 5.28 Na2O, 106 H2O under 

hydrothermal process. For the characterization of zeolite 

used SEM, XRD, thermal analysis, infrared spectroscopy 

(IR) and for determining ion exchange capacity of zeolite 

using an ammonium acetate method [16]. 

‘Klamrassameel’s and co-workers’ have discovered 

zeolite with the alkali fusion method at 450°C from coal 

fly ash. The reaction carried out with 2.25 molar ratio of 

NaOH & treated with different temperature. The 

characterization component using XRD, XRF, BET 

adsorption techniques. Here, this synthesized zeolite was 

used as a water absorbent in ethanol-water mixture [17]. 

‘Amalandhas et al.’ have discovered X-type zeolite from 

the fly ash and metal complex of ascorbic acid by using of 

the alkaline fusion method. The complex of ascorbic acid 

was encapsulated in the cages of zeolite. The 

characterization of this complex-zeolite was carried out 

using XRD, FT-IR, UV spectroscopy, thermo gravimetric 

analysis (TGA) and atomic absorption spectrometry 

(AAS). This complex was used as a heterogeneous 

catalyst in the phenol hydroxylation [18]. ‘Kondrus et al.’ 

have synthesized NaY zeolite from fly ash by using alkali 

fusion followed by hydrothermal processes at 550 °C 

fusion temperature with maximum 160 m
2
/g surfly ashce 

area of 10 h aging and the crystal of salt was produced at 

100°C for 17h. NaP zeolite was produced by using 

hydrochloric acid instead of alkali at 750 ºC fusion 

temperature  with 1 and 3º C/min heating rates. Fe 

complex of NaY zeolite was used for degradation of 

Congo red dye from the solution [19]. ‘Zangs & co-

workers’ have developed zeolite from fly ash with 

alkaline fusion followed by a hydrothermal method. It 

was analyzed by XRD and SEM. During the synthesis 

process cation exchange capacity was increased from 0.03 

to 2.79 meq/g. This synthesized zeolite can be used as a 

removal of ammonia from waste water and also used as 

an ion-exchange [20]. ‘Bhandari et al.’ have developed 

zeolite A & X by using coal fly ash with alkali fusion 

followed by hydrothermal processes using a ratio of fly 

ash/NaOH (1:1.2) at 550 °C fusion temperature, followed 

by 110 °C aging temperature for 10-12 h crystallization 

time. For the characterization of this produced zeolite 

XRD, FT-IR, BET adsorption and laser particle analyzer 

technique (LPAT) were used. When NaX was ion 

exchanged by potassium ions, it was formed KX. The 

application of KX was used as a catalyst for formation of 

biodiesel from sunflower oil [21]. ‘Changs & co-workers’ 

have synthesized zeolite by using alkali fusion from fly 

ash at 550°C.This fused solution has a high quantity of Al 

species produced a high quantity of fly ashujasite. The 

XRD results show conformation of ion-exchange capacity 

of fly ashujasite [22].‘Ryus et al.’ have reported the 

synthesis of zeolite Na-P1 from coal fly ash by using 

fusion followed by hydrothermal treatment at a 100°C 

temperature with 2M of NaOH solution. The synthesized 

zeolite has very higher efficiency of cation exchange [23]. 

‘Yaos et al.’ have discovered Li-ABW zeolite from fly 

ash by using fusion followed by hydrothermal treatment 
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with LiOH.H2O solution. The condition of higher zeolite 

crystallization was depended on the aging time, 

temperature, and concentration of LiOH.2H2O. The SEM 

image shows that crystal of Li-ABW was a rode shape 

crystal [24]. 

 

C. Membrane Extraction 

‘Morenos et al.’ have synthesized zeolite A, X and NaP1 

from both coal gasification & pulverized fly ash by using 

an alkaline fusion, direct conversion and extraction by 

SiO2.The high yield of zeolite was obtained by SiO2 

extraction and less of direct conversion. With the alkaline 

fusion high purity zeolite-X with law leachable metals 

obtained by coal gasification fly ash [25].  

 

D. Microwave Irradiation Technique For Utilization Of 

Fly Ash 

For the utilization of fly ash new method has been 

developed for the synthesis of crystalline zeolite from fly 

ash by using microwave irradiation technique. The 

advantages of this method are time saving, very cheap, 

rapid heating, given a very high purity and yield etc. The 

wavelength of the microwave is 1mm to 1m and its 

frequencies are 300 GHz and 300 MHz. The synthesis of 

mesopourous materials like zeolite by using microwave 

irradiation process was very fly ash faster & economical 

as compared to the traditional hydrothermal method. It’s 

given a quick result in nucleation of homogeneous and 

takes a less time of crystallization of mesopourous zeolite 

[26].   

         ‘Querol et al.’ have successfully discovered zeolite 

from fly ash by using microwave assisted hydrothermal 

treatment in the presence of alkali NaOH & KOH. The 

conventional & microwave assisted methods produced 

similar type of zeolite, but in microwave assisted method 

the activation time was less (24-48h to 30min.) rather than 

conventional method. The synthesized most popular type 

of zeolite by microwave synthesis was KM phillipsite, 

Na-P1 and F linde, which were used in industrial 

application [27].Inadaas et al.’ have synthesized zeolite by 

using microwave techniques in the presence of alkali but 

zeolitic product was not obtained. The microwave heating 

followed by hydrothermal heating must required to 

produce crystalline form of Na-P1 zeolite. The control of 

power of microwave from high to low was more suitable 

for production of zeolite from fly ash [28].‘Tankas & co-

workers’ have developed single-phase Na-A zeolite from 

amorphous aluminosilicate of coal fly ash by using a 

microwave assisted two step syntheses. In a first step coal 

fly ash was pre-treated with NaOH solution for 1h under 

the microwave irradiation. Material of coal fly ash was 

dissolved in first step, then filters off remaining fly ash. 

For the second step residual solution of first step treated 

with NaOH-NaAlO2 at 358K for 24h. The produced 

single-phase Na-A zeolite ratio of SiO2/Al2O3 = 0.8 was 

508 cmol/kg, which was nearer to commercial Na-A 

zeolite [29]. 

 

 

 

III. RESULT AND CONCLUSION 

Zeolite from fly ash was a one of the alternatives of 

environmental protection because of its unique properties 

and characterizations. For the synthesis of zeolite with 

microwave irradiation technique is very fly ash faster & 

economical as compared to traditional (hydrothermal) 

method, it takes a less time and gave a high purity and 

yield of crystalline zeolite. Zeolite obtains from the fly 

ash has been at various kinds of environmental related 

properties, one of the cation exchange properties so; it 

was helpful to remove heavy metals and hazardous 

material in the waste water treatment. 
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Abstract-Experimentally it is very difficult to find out response 

of ACL, because of composite nature of ligament. Previously 

many techniques have been developed by various researchers in 

order to study the response of ACL at different parameters 

such as by considering weight of human body, vivo testing etc. 

Experimental techniques are unable to perform on different 

parameters and also very costly due to preservation of original 

human ACL. Therefore, Finite Element Analysis has emerged 

as a viable approach for ligament analysis. 

This work presents Finite Element modelling and analysis of 

ACL ligament using high end software tools. Non-Linear static 

analysis is applied to predict the strength of ACL by 

considering flexion, tension and torsion, before and after 

increasing the volume of ligament. In every case the stress-

strain relationships and load-deformation relationships shows 

the strength of ACL. 3D scan image of original ligament is used 

for analysis purpose. In each increased volume and normal 

ligament cases, analysis has to be done by considering flexion, 

torsion and tension parameters.    

 

Keywords-Anterior Cruiciate Ligament, Mechanical Properties of 

ACL, Viscoelastic properties, Finite Element Analysis of ACl,  

I. INTRODUCTION 

A. The anterior cruciate ligament (ACL) is important for 

knee stabilization. Unfortunately, it is also the most 

commonly injured intra-articular ligament. Due to poor 

vascularisation, the ACL has inferior healing capability 

and is usually replaced after significant damage has 

occurred. Currently available replacements have a host of 

limitations. 

B. The ACL controls anterior movement of the tibia and 

inhibits extreme ranges of tibial rotation. The majority of 

authorities believe that the ACL consists of 2 major 

bundles, the posterolateral bundle (PL) and the 

anteromedial bundle (AM).  The AM bundle is 33 mm 

and is 18 mm for the PL bundle. The overall width of the 

ACL in cadavers ranged from 7 to 17 mm, with the 

average being 11 mm.  The ACL is a dense, highly 

organized, cable-like tissue composed of collagens (types 

I, III, and V), elastin, proteoglycans, water, and cells. The 

human ACL has an average length of 27–32 mm and 

Average ACL cross-sectional area is 36 and 47 mm2 for 

women and men, respectively. The ACL is composed of 

type I collagen fibers. 

1.1 Mechanical Properties Of ACL: 

Ligaments are composite, anisotropic structures exhibiting 

non-linear time and history- dependent viscoelastic 

properties. Ligaments display triphasic behaviour when 

exposed to strain. First there is a region where the ligament 

exhibits a low amount of stress per unit strain, this is called 

the non-linear or toe region. This region is followed by an 

area noted for its increase in stress per unit strain, called the 

linear region. The last region displays a slight decrease in 

stress per unit strain and marks the failure of the ligament; 

this is the yield and failure region. The presence of this 

unique behaviour is due to the components of the ligament 

and their arrangement in the tissue. When force is first 

applied to the tissue it is transferred to the collagen fibrils. 

This results in lateral contraction of fibrils, the release of 

water, and the straightening of the crimp pattern in the 

collagen fibrils. Once the crimp pattern is straightened, the 

force is applied directly to the collagen molecules. The 

collagen triple helix is stretched and interfibrillar slippage 

occurs between cross links. This results in an increase in 

stress per unit strain. Finally, the collagen fibers in the 

ligament fail by defibrillation causing a decrease in stress per 

unit strain and tissue failure. 

II. METHADOLOGY 

Finite element analysis carried out by using Ansys 14.5. 

2.1Modelling: 

The acquisition of the accurate geometry of the ligaments 

and possibly the bones is fundamental requirement for the 

construction of the three-dimensional F.E models of the 

ligament. Laser scanning and medical imaging is the primary 

techniques that can be used for this purpose. Laser scanning 

can be very accurate but cannot differentiate between the 

ligament of interest and surrounding bone and soft tissue 

structures. It can only digitize geometry that is visible 

directly from the laser source. Both magnetic resonance 

imaging (MRI) and computer tomography (CT) can be used 

to acquire ligament geometry.MRI can provide detailed 

images of soft tissue structure. When compared CT with 

MRI, CT yields superior spatial resolution and better signal 

to noise ratio. 

Extraction of the geometry of ligaments from CT or MRI 

data is performing by first segmenting the boundary of the 

structure. Once the ligament of interest is segmented in the 

3D image dataset, polygonal surface may be generated by 

either lacing together stacks of closed bounded contours or 

by performing is surface extraction.   

             FEA mesh model with femur surface and attached 

ACL ligament. The femur surface is the upper part of knee 

joint which is considered for the data acquisition and 

segmentation and geometry construction. The ligament is 

inserted in the femur part. It is an approximate geometry, 

where the midsection cross-sectional area is smaller than that 

of the insertion. A typical ACL is comprised of bundle of 

collagen fibre, but the model used here is solid model with 

anisotropic material properties.               
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Fig. 2.1.1 FEA meshed model of ligament 

 

 

 

 

 

 

 

 

2.1.1 Material Properties 

The material properties used are visoelastic and 

anisotropic properties. 

2.1.2 Viscoelasticity 

 The shape of the stress-strain curve depends on the 

material itself and the test condition. However when the 

loads are applied and removed slowly, certain features of the 

stress-strain curves are similar for all structure materials. For 

example if the load is sufficiently small, the relation between 

stress and strain is linearly elastic. The material that behaves 

in a plastic manner does not retain to a unstrained state after 

the load is released. If after the load removal material 

response continues to change with time its response is said to 

be Viscoelastic or Viscoplastic. Upon removal of load, The 

stress-strain response of viscoelastic material follows a path 

(AB) that is different from the loading path. But in time after 

complete unloading the material will return to an unstrained 

state (along BO).    
 

 
Figure (5.4) Nonlinear elastic, Plastic and Viscoelastic response 

2.1.3  Viscoelastic implementation in Ansys 

 Viscoelastic material could be modelled by different 

rheological models. One of the basic rheological models for 

modeling viscoelasticity was proposed by James Clerk 

Maxwell in 1867. This model includes elastic and viscous 

property of material and linear ideally viscous Newtonian 

damper and linear ideally elastic Hookian spring in series. 

 As Maxwell model has the problem of giving zero 

stress at time infinity at relaxation test, a general Maxwell 

model proposed to solve the problem for viscoelastic 

material. It takes into account that relaxation does not occur 

at a single time. As viscoelastic material behaviour can be 

divided into large and small deformation. 

                                     

     

 Where  Cauchy's stress e and ∆ are deviatory and 

volumetric part of strain. G (t) and K(t) are Shear and Bulk 

modulus of function, t and τ are current and past time. I is 

identity matrix. Prony series was then proposed by the 

following formula relating shear modulus and bulk modulus 

over the time. 

                                          

 

 
 There are two viscoelastic material models present 

in Ansys. TB EVISC is associated with VISCO 8x element 

and is meant for hyperelastic behaviour. A relatively newly 

implementation is input via TB, PRONY which uses prony 

series. The shift function is independently input via TB, 

SHIFT.      

2.1.4 Anisotropic Hyper elastic implementation in Ansys 

 When dealing with the nonlinear material response 

it is customary to separate volumetric and deviatoric 

behaviour. The well known relationship with elastic modulus 

E and Poisson's ratio µ is given, 

 
 For viscoelastic materials the time dependent 

response is characterized by separated volumetric and 

deviatoric terms. Prony series use relative module to describe 

stress relaxation.   

  Viscoelastic constitutive models allow users to 

analyze the time-dependent relaxation or creep behavior of 

material, including glass, polymers, and solid rocket 

propellants, to name a few. one may view viscoelastic 

materials as containing an elastic and viscous component, 

similar to spring and dashpot in series. An anisotropic 

hyperelastic material model is used with viscoelasticity for 

the ACL simulation. Anisotropic hyperelasticity is a 

potential based function with parameters to define the 

volumetric part, the isochoric part, and the material 

directions. The exponential strain energy potential is used for 

characterizing the isochoric part. The strain energy potential 

for anisotropic hyperelasticity is given by:  

     
     Where: 

  J=Determinant of the elastic deformation gradient

      

  =Cauchy Green tensor   



International Conference on Multidisciplinary Research & Practice                          P a g e  | 215 

 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 

 

      

  A, B=Constitutive material directions 

The volumetric strain energy is given by 

       
The exponential-function-based strain energy potential is 

given by: 

 

 

The constants a1, c1 and c2 are taken from Pena, et al. and 

compressibility parameter d is considered to be small. 

    Anisotropic Hyperelastic Material Properties 

 
             1.5 MPa 

 
             4.39056 MPa 

 
                 12.1093 

     d               0.001 MPa-1 

            Viscoelastic Material Properties 

 
              0.3 

 
                  0.3 sec 

 
                  0.4 

 
                  0.9 sec 

Table 2.2.3 Material Properties 

2.1.5 Element Description 

 Solid 187 have been used in order to mesh the 

Ligament model. It is higher order 3-D, 10 node element. It 

has quadratic displacement behaviour and it is well suited for 

modelling irregular meshes.  The element is defined by 10 

nodes having 3 degree of freedom at each node: translation 

in nodal x, y, and z direction. The element has plasticity, 

hyperelasticity, large deflection, and large strain capabilities. 

It also has mixed formulation capability for simulating 

deformation of nearly incompressible elastoplastic material, 

and fully incompressible hyperelastic material. 

2.1.6 Boundary condition 

1) Normal flexion 

 The below figure shows the boundary conditions for 

normal flexion analysis where upper part is fixed and the 

tensile load is applied on the bottom part of ligament. 

 
Figure (5.7) Normal flexion load 

2) 45 degree flexion 

The below figure shows the condition for 45 degree 

flexion analysis. The upper part is kept fixed and the lower 

part has given load at an angle of 45.     

 

 
Figure (5.8) 45 degree flexion 

3) Twist Load 

 The below figure shows the condition for the twist 

analysis where same upper part is fixed while lower part has 

given twist effect by coupling the force from the centre of the 

ligament  to produce twist effect  
 

 
Figure (5.9) Twist load 

2.2 Finite Element Analysis: 

Following assumptions are made while analysis are as 

follow;  

1) The ligament is fully developed without rupture. The 

cad model obtained from scanning is      perfect modelling 

without any discontinuity. 

 2) The cad model is meshed with the higher order solid 

element (solid 187). 

3) The load acting on ligament is only in one direction. 

Other forces are neglected. 

4) Material behaviour is same like ligament. 

5) Volume of the model is increase by the percentage over 

all dimensions. 

2.2.1 Nonlinear Static Analysis 

 Nonlinear static analysis is performed under axial 

loading, bending and twist. Large deflection effects are 

included in this analysis. Because the purpose of this 

problem is to show the anisotropic, hyperelastic, and 

viscoelastic behaviour of the ACL ligament, a simplified 

model is used. The problem focuses on the ACL part only. 

Instead of using complex model of ligament and femur only 

ligament is consider for analysis, remaining part is replace by 

the boundary conditions.   

 The femur part is kept fix and constrained with all 

degree of freedom the load is applied on the tibia part to 

perform analysis. The knee joint is work under flexion; 

extension and rotation therefore show the behaviour of ACL 

under flexion, extension and rotation. 

2.3.1) Flexion Analysis 

 The Femur part is fixed and normal load is applied 

on the tibia side. Four cases are considered for the analysis. 

The result is captured as an image for the first condition. The 
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following images show the deformation, von misses stress, 

and elastic strain for the normal flexion analysis.  

 
Figure (2.3.1) deformation of ligament under normal flexion 

In the above picture the deformation shows at the tibia 

side where the forces are applied. 

 
Figure (2.3.2) Von mises stress of ligament under normal flexion 

 

 
Figure (2.3.3) Elastic strain of ligament under normal flexion 

2.4) 45 Degree Flexion analysis 

 The Femur part is fixed and 45 degree load is 

applied on the tibia side. four cases are considered for the 

analysis. 

 
Figure (2.4.1.) Deformation of ligament under 450 flexion 

 

 
Figure (2.4.2) Von mises stress of ligament under 450 flexion 

 

 
Figure (2.4.3) Elastic strain of ligament under 450 flexion 

2.5) Twist analysis 

 The Femur part is fixed and torsion load is applied 

on the tibia side. Four cases are considered for the analysis. 

 
Figure(2.5.1) Deformation of  ligament under twist 

 

 
Figure (2.5.2) Von mises stress of ligament under twist 

 

 
Figure (2.5.3) Elastic strain of ligament under twist 

 

III. RESULT AND DISCUSSION 

After solving all the cases for flexion and rotation for 

ligament, the stress-strain relationships has studied for the 

behaviour of ligament. 90 analysis has been done on Ansys 

for all cases of acl. Because the ACL transmits tensile forces 

experimental studies of this tissue are generally performed in 

uniaxial tension. 

IV. RESULTS 

The Load, Von mises stress, and Elastic strain are 

calculated for different loading condition. Four models are 

considered for the analysis. The result shows 2%, 3%, and 

4% analysis results followed by normal ligament. 
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Flexion Analysis: 

The below graph shows the Stress -Strain relationship for 

the normal ligament. The graph shows nonlinearity curve for 

some loading condition and after 45-50 N the curve showing 

linear line which shows triphasic behaviour.    

 
Figure (3.1.1.1) stress vs. strain relation of ligament under normal flexion 

 

The below figure shows the effect of normal ligament and 

the percentage increased volume ligament for the same 

loading condition. Colour graph clearly shows the difference 

between each ligament values. 

 

 
Figure (3.1.1.2) stress vs. strain relation considering all cases under normal 

flexion 

 

 
Figure (3.1.1.3) Load vs. Deformation relation considering all cases under 

normal flexion 

45 Degree Flexion Analysis: 

The Load, Von mises stress , and Elastic strain are 

calculated for different loading condition. Four models are 

considered for the analysis. The result shows 2%, 3%, and 

4% analysis results followed by normal ligament 

 
Figure (3.1.2.1) stress vs. strain relation of ligament under 450 flexion 

 

 
Figure (3.1.2.2) stress v/s strain relation considering all cases under 450 

flexion 

 

 
Figure (3.1.2.3) load v/s deformation relation considering all cases under 

450 flexion. 

 

Twist analysis: 

The Load, Von mises stress , and Elastic strain are calculated 

for different loading condition. Four models are considered 

for the analysis. The result shows 2%, 3%, and 4% analysis 

results followed by normal ligament. 

 
Figure (3.1.3.1) stress v/s strain relation of ligament under Twist 

 

 
Figure (3.1.3.2) stress v/s strain relation considering all cases under 

Twist 

V. DISCUSSION 

The output obtained from model analysis is stress-strain 

and load-deformation. There are four results are obtained 

from each particular case. In order to obtained performance 

of ligament comparison of normal ligament with the 

percentage increased volume ligament carried out. Our aim is 

to achieve increase in performance of the ligament by 

increasing the volume of ligament.    
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1) In the model (fig.no.2.3.1, 2.4.1) the peak stress in the 

ACL ligament are seen in the middle. This area could be 

susceptible to injury when the loading condition is normal.  

2) ACL can be injured or torn in a number of different 

ways. Some of the common ways are flexion and internal 

rotation of femur and tibia. During knee flexion increase in 

von mises stresses occurs near to the minimum cross 

sectional area. The stress in the ligament increases with the 

increase in internal rotation.   

3) As the volume of the ligament increases the strain in 

the ligament decreases with the fewer amounts. The stress-

strain curve shows nonlinearity within starting. So in order to 

increase performance volume increase will not be efficient. 

4) Load - Deformation relation for the normal flexion 

analysis is same for all the ligaments. Therefore increase in 

volume does not effect on the deformation of the ligament. In 

the case of 45 degree flexion analysis the deformation is 

increasing slightly. 

5) For the 45 degree analysis the tibia side rotates and the 

femur remains fixed. During flexion an increase in von mises 

stresses occurs near the minimum cross sectional area of the 

ACL. The femoral and tibial insertion zones are not consider, 

as this model emphasis only the ACL part behaviour 

irrespective of insertion zones. If one also considers the 

insertion part, more accurate stresses near the femoral 

insertion zone can be expected. 

VI.   CONCLUSION 

As the study shows, a ligament model can be analyzed for 

such conditions. The results clearly shows the effect of stress 

- strain relation when the loads are applied on the increased 

volume ligament. For the normal flexion near 35 analyses are 

done with increased loading conditions and the graph for 

normal ligament showing triphasic behavior. The study of 

this project is to understand the ligament behavior and the 

same result were obtained to conclude the result. For the 45 

degree flexion the stress level matches with the normal 

flexion at very small load comparatively. There is a chance 

of ligament failure if the load is act on the knee while lower 

leg is at 45 degree.        

  Stress values reduced with the increasing volume 

of ligament and minimize deformation and strain in all the 

three cases.The increase in volume of the ligament can 

increase the load carrying capacity of the body but the effect 

on the stress-strain shows less improvement compare with 

the normal values. To increase the ligament volume, the cost 

of the ligament will be very high when compared with the 

respected stress-strain effect. By increasing the volume of the  

ligament it is seen that performance of the ligament remains 

same. Therefore the increase in volume will not improve the 

load carrying capacity effectively.    
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Abstract— Transmission Control Protocol (TCP) is a transport 

layer protocol which provides process to process 

communication. TCP is a connection oriented and reliable 

protocol. TCP provides stream communication with the help of 

ordered delivery concept. TCP breaks the data coming from the 

higher layers into a set of segments, it assigns a sequence 

number and sends to the network layer for further processing. 

Network layer adds IP header to individual segment and let 

them propagate through the network to reach the receiver via 

the lower layers. Congestion is the situation when the load of the 

network (no. of packets to handle) is larger than its capacity. 

Congestion leads to discard of some of the packets which will 

degrade the performance. This paper shows a novel scheme to 

handle congestion in which receiver takes part to inform the 

sender. 

 
Keywords— TCP, Congestion, Slow Start, Congestion Avoidance, 

Fast Retransmission, Fast Recovery. 

 

I. INTRODUCTION 

 

very computer runs many processes at a time and when 

we communicate from one computer to another 

computer, inherently two processes running on each of the 

communicating computers are exchanging data. While Data 

link layer is responsible for node-to-node delivery, network 

layer is responsible for host-to-host delivery; transport layer 

is responsible for end-to-end or process-to-process delivery. 

Transport layer identifies each point of communication via a 

socket address. Socket address is a combination of IP 

Address to identify the node and Port Address to identify the 

process running on that host. One of the most widely used 

transport layer protocol is Transmission control protocol 

(TCP).  

 

TCP provides accurate delivery rather than timely delivery. 

TCP may introduce long delays to handle out-of-order 

packets or retransmissions of lost packets. While IP handles 

actual delivery of the data, TCP keeps track of the individual 

units of data transmission, called segments that a message is 

divided into for efficient routing through the network. For 

example, when HTML file is requested from the web server, 

the server TCP breaks the HTML data into set of segments, 

inserts TCP headers and forwards them individually to server 

IP. IP adds IP header to each of these segments and let them 

propagate through the network to reach to the client 

computer. Client TCP reassembles individual segments and 

ensure that they are ordered and error free. 

 

TCP provides following services. 

 

1. Process to Process Delivery:- Communication among 

two processes running on two different nodes.TCP 

identifies each end of the communication with a 

socket address which is a combination of IP address 

and port address. 

 

2. Stream Communication:-TCP receives data from the 

higher layers and split it into set of segments. TCP 

also defines relationship among segments by 

including a sequence number which is byte oriented. 

TCP running on the receiver guarantees that the data 

will be provided back to the actual receiver in the 

same order in which it was sent. 

 

3. Full Duplex: - TCP supports full duplex 

communication. This is bidirectional communication. 

 

4. Flow Control: - Receiver can sends the rate at which 

it can receive data to the sender as part of ACK 

packet (inside header field of the ACK TCP segment). 

So sender can slow down the sending rate and 

receiver will not suffer from overwhelming due to full 

of buffers. 

 

5. Error Control: - TCP identifies errors using error 

detection and correction mechanisms to identify 

corrupted packets. Retransmission is performed for 

lost packets. 

 

6. Congestion Control: - TCP analyses the network by 

analysing pattern of packet loss and packet delay and 

take necessary actions like slow down the sending 

rate, freezing until congestion is removed. 

II. CONGESTION CONTROL 

 

Congestion because intermediate devices like routers and 

switches have limited sized buffers to store the packets 

before and after processing. When a packet arrives at the 

incoming interface, it undergoes three steps before departing. 

 

1. The packet is put at the end of the input queue. 

E 
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2. Router program removes a packet from the queue and 

finds its route. 

 

3. The packet is sent to appropriate output queue and waits 

its turn to be sent. 

 

There are two issues. First, if the rate of packet arrival is 

higher than the packet processing rate, the input queues 

become longer and longer. Second, if the packet departure 

rate is less than the packet processing rate, the output queues 

become longer and longer. At this point, because of the 

packet overflow in any of the buffer queues, routers may 

discard some packets. If senders still continue to send more 

and more packets, the situation may become worst. Transport 

layer and network layer should work together for congestion 

control.  Network layer witnesses the congestion while 

transport layer causes congestion. Congestion control can be 

of two types. 

 

1. Open-Loop, Congestion Avoidance, Proactive schemes 

based on retransmission, window, acknowledgements, 

discard, admission policies. 

 

2. Closed-Loop, Congestion Detection & Recovery, Reactive 

schemes based on various techniques like back pressure, 

choke packet, implicit signalling, and explicit signalling. 

 

A. Congestion Window 

TCP uses a sliding window to keep track of number of 

bytes sent and acknowledged, sent but not acknowledged yet, 

pending to be sent. TCP varies the size of sliding window as 

per the current situation in the network as well as of the 

receiver. The actual size of the sender sliding window wnd is 

maximum number of outstanding bytes that can be sent 

without expecting any acknowledgement. on occurrences of  

acknowledgements, TCP increases size of the sliding 

window. A round is the completion of transmission of all the 

bytes presently loaded into the window. 

 

wnd = MIN(rwnd, cwnd) 

 

Receiver sends the maximum rate at which it can receive 

by specify the window size parameter in TCP header of the 

acknowledgement or piggybacked data. This is known as 

rwnd which is a part of flow control. Sender uses various 

signals like packet delay, packet loss, and pattern of 

acknowledgements to predicate the congestion of the 

network. Based on such prediction, sender maintains a value 

of congestion window, cwnd which is a part of congestion 

control. 

B. Congestion Policy 

TCP’s congestion control is based on three phases: slow 

start (exponential increase), congestion avoidance (additive 

increase), and congestion detection (multiplicative decrease). 

In the slow-start phase, the sender starts with a slow rate of 

transmission, but increases the rate exponentially until it 

reaches a threshold value. At the threshold value, congestion 

avoidance phase starts where TCP increases the sending rate 

linearly. If congestion is detected at any point, the sending 

rate is reduced and either slow start or congestion avoidance 

phase is started based on how the congestion was detected. 

 

C. Slow Start-Exponential Increase 

 

In slow start, size of the congestion window is increased 

exponentially per round completion. At the time of 

connection establishment, congestion window cwnd is set to 

very few segments, Mostly 1 to 4. (1 - Maximum segment 

size). The congestion control scheme is byte oriented but for 

simplicity we are considering segments as unit of different 

windows. 

 

Receiver sends an acknowledgement for successfully 

recived packets. Sender will increment the size of congestion 

window by 1 for every successful acknowledgement. So 

eventually cwnd will be doubled for every round – per round 

trip time. 

Fig 1. Slow Start 

 

A threshold value – ssthresh has been decided in starting 

which is mostly equal to half of the maximum window size 

supported by the system. Sender continues with the slow 

start until the size of congestion window cwnd reaches the 

ssthresh. At this point, it enters into congestion avoidance. In 

the slow-start algorithm, the size of the congestion window 

increases exponentially after every round 1,2,4,8,…, after 

every ACK, 1,2,3,4,5…. until it reaches a threshold. 

 

The main reason of slow start is not to flood the network 

immediately with lots of packets in beginning without caring 

about the current situation. 

 

In slow start, size of the congestion window (cwnd) starts 

with one maximum segment size (MSS). The MSS is 

determined during connection establishment by using an 

option of the same name. The size of the window increases 

one MSS each time an acknowledgment is received. As the 

name implies, the window starts slowly, but grows 

exponentially. Slow start cannot continue indefinitely. There 

must be a threshold to stop this phase. The sender keeps 

track of a variable named ssthresh (slow-start threshold). 

When the size of window in bytes reaches ssthresh, 

congestion avoidance phase gets started. In most 

implementations the value of ssthresh is 65,535 bytes. 
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D. Congestion Avoidance-Additive Increase 

 

Congestion avoidance is a proactive effort towards the 

congestion control. To avoid congestion, we must reduce the 

rate before congestion happens. Slow start’s exponential 

growth is replaced with congestion avoidance’s linear growth 

known as additive increase. In this algorithm, cwnd is not 

incremented with every acknowledgement, but it is 

incremented with every round- when whole window of 

segments is acknowledged.  In the congestion avoidance 

algorithm, the size of the congestion window increases 

additively after every round 1,2,3,4,5…until congestion is 

detected. 
 

 

 
 

Fig 2. Congestion Avoidance 

 

 

E. Congestion Detection-Multiplicative Increase 

 

If congestion occurs, the congestion window size must be 

decreased. Retransmission can occur in one of two cases: 

when a timer times out or when three ACKs are received. In 

both cases, the size of the threshold is dropped to one-half, a 

multiplicative decrease. Most TCP implementations have 

two reactions: 

 

I. If a time-out occurs, there is a stronger possibility of 

congestion; a segment has probably been dropped in the 

network, and there is no news about the sent segments. 

 

In this case TCP reacts strongly: 

a. It sets the value of the threshold to one-half of the current 

window size. 

b. It sets cwnd to the size of one segment. 

c. It starts the slow-start phase again. 

 

If three ACKs are received, there is a weaker possibility of 

congestion; a segment may have been dropped, but some 

segments after that may have arrived safely since three 

ACKs are received. This is called fast transmission and fast 

recovery. In this case, TCP has a weaker reaction: 

 

a. It sets the value of the threshold to one-half of the current 

window size. 

b. It sets cwnd to the value of the threshold (some 

implementations add three segment sizes to the threshold). 

c. It starts the congestion avoidance phase. 

Fig 3. Congestion Detection and Recovery 

 

F. Congestion Example 

 

Based on the AIMD - Additive Increase, Multiplicative 

Decrease concept, following example shows how sender can 

detect congestion. SS-slow start, AI-additive increase, MD-

multiplicative decrease. 

 
Fig 4. Congestion Example 

 

We are assuming that the advertised window size rwnd 

will be always much larger than calculated cwnd. 

Cwnd<<<rwnd. Initially slow start phase begins with 

cwnd=1 and ssthresh=16.  

Slow star phase increments cwnd by 1 with every 

acknowledgement and so subsequently doubles cwnd with 

every round up to ssthresh. When cwnd reaches 16, 

congestion avoidance phase is started which will still 

increase cwnd by 1 but with every round acknowledgement. 

When cwnd = 20, re transmission time out occurs which will 

subsequently, sets ssthresh to cwnd/2 which is 10, cwnd=1 

and will start from the slow start.  

 

When cwnd is 12, a 3 duplicate acknowledgement comes 

which will set ssthresh to cwnd/2 which is 6 and 

cwnd=cwnd/2 which is 6 as it is fast recovery scheme. 
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III. CONGESTION CONTROL VARIANTS 

 

Various TCP congestion control schemes have been 

proposed for specific kind of network to enhance capability 

of congestion control. 

 

1. Proactive congestion control schemes where the main 

goal is to avoid congestion by analyzing packet delay 

patterns. TCP Vegas is a proactive protocol. 

 

2. Reactive congestion control schemes where the main 

goal is to detect and recover congestion by analyzing 

packet loss patterns. TCP Reno, TCP NewReno are 

reactive protocols. 

 

TCP protocol was initially designed for wireless 

networks where the probability of congestion loss is much 

higher than of channel loss due to interference issues. Today 

wireless networks are becoming more and more popular. 

Wireless communications are vulnerable to channel loss 

issue. The standard TCP has no inherent mechanism to 

identify whether the packet loss is because of the congestion 

loss or channel loss. By default TCP considers every loss as 

a congestion loss. TCP’s misinterpretation between 

congestion loss and channel loss will make sender to slow 

down the rate even when it is not required. 

 

Some advance TCP have some special functionality to 

work in wireless environment. One such proposed TCP 

sketch is explained in next section. 

 

IV. RECEIVER ASSISTED TCP SCHEME 

 

TCP uses a feedback signal to detect / predicate 

congestion in the network. Feedback signals can be 

following. 

 

Signal Detection Example 

Packet Loss Late TCP NewReno 

Packet Delay Early TCP Vegas 

Router 

Indication 

Early TCP Feedback 

 

In standard TCP approach, receiver advertises the 

windows size (rwnd) as a part of the TCP header of the 

acknowledgement or piggybacked data in window size field. 

Receiver’s role is limited to the flow control only. The 

burden of congestion control is on the sender only. In case of 

some special TCP variants where routers can send feedback 

regarding their load related issues to the sender.  

This paper shows an algorithm to let receiver participate in 

the congestion control too. The primary feedback signal 

which we are using is packet delay. A receiver assisted TCP 

is a combination of standard Sender side congestion control 

as well as receiver side feedback. Sender continuous with the 

standard TCP control until it finds a feedback from the 

receiver. 

 

To provide feedback, algorithm uses the 4 reserved bits of 

TCP header. 

 

Reserve bits Error 

0000 Everything is OK 

0001 packet loss 

0010 packet delay 

 

A. Receiver Side Algorithm 

 
1. Counter=0 

Packet_delay=0 

Packet_loss=0 

 

2. Init_Duration = Average time taken a packet by taking 

average of first three packets to reach the destination 

since the connection was established. 

 

3. For every new successfully received packet n, 

 

Code=0000 

 

Packet_n_duration = now – Packet_n-1_duration 

 

If Packet_n_duration >>>  Init_duration then 

 

Packet_delay=packet_delay+1 

End if 

  

If packet_delay = 3 then 

  Code=0001 

  Exit 

End if 

 

If on arrival of n
th

 packet, k previous packets are 

pending to be received then 

  

If k >=rwnd then 

  Code=0010 

  Exit 

End if 

   

If for packet n, code=0000 then use Packet_n_duration 

to find new average. Update Init_Duration 

 

End for 

4. Send Acknowledgement with code in place of 4 

reserved bits. 

 

B. Sender Side Algorithm 

 
1. Retrieve the code from the acknowledgement packet. 

 

2. If code = 0000 then 

Continue with the normal congestion 

control. 

 Exit 

 End if 
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3. If code=0001 then 

//packet delay is detected.  

 

Go to congestion detection phase with fast 

retransmission technique. 

End if 

 

4. If code=0010 then 

//packet loss is detected.  

 

Freeze the sending process until an acknowledgement 

with code 0000 code comes. And then continue. 

 

Freezing time out may be set if the last sent packet 

had sent 0010 code. 

 

End if 

 

VI. FUTURE EXPANSION 

 

Receiver assistant congestion control scheme can be 

implemented with any of the TCP variants which supports 

AIMD concept. As we have 4 bits for feedback, we can also 

describe various levels delays like moderate delay, high 

delay and low delay. The scheme is based on packet loss as 

well as packet delay analysis. Better performance can be 

achieved if we use it along with router feedback concept. 
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Abstract - Fossil fuels are used throughout the globe to supply 

the energy needs of transportation sector. Among the fossil 

fuels diesel is the main fuel used in the transportation sector 

throughout India. Nitrogen Oxide (NOx), Carbon Monoxide 

(CO), Unburnt Hydrocarbons (HC) etc. are harmful gases 

emitted by combustion of diesel. The engine system has to be 

modified to reduce the emission of these harmful gases. In the 

present work Exhaust Gas Recirculation (EGR) technique is 

used to reduce NOx emission. This system uses mixture of fresh 

air and exhaust gas as suction air in the induction pipe. The 

current article deals with the experimental analysis of engine 

emission using EGR system in a single cylinder CI engine.  

 
Key words - Exhaust Gas Recirculation (EGR), Nitrogen Oxide 

(NOx), Carbon Monoxide (CO2), Unburnt Hydrocarbons (HC). 

CI Engine. 

I. INTRODUCTION 

equirement of petroleum fuels are one of the major 

energy sources throughout the world. However, the 

world energy demand is increasing rapidly leading to 

excessive use of fossil fuel. Unfortunately 100% 

combustion of fossil fuel is not possible leading to harmful 

exhaust emissions. Exhaust emissions include CO, HC, 

smoke etc.  In addition an unwanted chemical reaction 

occurs between nitrogen and oxygen in the combustion 

chamber due to high temperature. This results in formation 

of NOx as harmful emission.  Some standards are made by 

different countries to regulate the engine exhaust emissions.  

          EGR is a useful technique for reducing NOx 

formation in the combustion chamber. When a part of this 

exhaust gas is re-circulated to the cylinder it acts as dilutant 

to the combusting mixture. Exhaust gases lower the oxygen 

concentration in combustion chamber and increase the 

specific heat of the intake air mixture. This results in lower 

flame temperatures (Agarwal et al. 2011). Tsolakis et al. 

(2007) found that with the use of EGR, NOx formation 

decreases. The reduced availability of oxygen for 

combustion and reduced flame temperature decreases NOx 

formation.  

                EGR systems are classified as HOT EGR system, 
Fully Cooled system and Partially Cooled EGR system 

(Agarwal et al. 2004). In the present experiment Partially 

Cooled EGR system is used where natural convection is 

used for exhaust gas cooling. 

 

II. EXPERIMENTAL PROCEDURE 

To carry out the present study the experiment has been 

conducted on a 5 hp diesel engine coupled with a hydraulic 

dynamometer was selected. The engine was a single 

cylinder, direct injection and water cooled diesel engine 

with a rated speed of 1500 rpm. Engine specification is 

given in table 1.  

Table 1: General Specification of Engine test rig 

Make Kirloskar 

Engine Type Single cylinder, Vertical, Direct injection, 

Water Cooled 

Bore 80 mm 

Stroke  Length 110 mm 

Cubic Capacity 553 cc 

RPM 1500 

BHP 5hp 

Compression Ratio 16.5  : 1 

No.of strokes 4 strokes 

 

An EGR loop constituting a flow regulator, EGR filter, 

surge tank was connected from the engine exhaust to the air 

suction pipe. Fig. 1. shows the engine layout diagram. 

 

R 
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Fig. 1. Engine layout diagram with EGR system 

1. Engine  

2. Dynamometer  

3. Exhaust gas pipe  

4. Exhaust gas analyser  

5. U-tube manometer 

6. Air box 

7. Air filter  

8. Muffler  

9. Diesel fuel tank  

10. Biodiesel fuel tank  

11. EGR control valve 

12. Exhaust gas particulate valve 

13. Surge tank 

14. Back Pressure Valve 

 

A. Engine exhaust modification 

For exhaust gas recirculation appropriate plumbing is done. 

A T-joint is connected in the exhaust gas pipe line to trap 

some amount of exhaust gas from the pipeline. An EGR 

valve is used to regulate the flow rate of exhaust gas. After 

the EGR valve one diesel particulate filter is used to remove 

the particulate matter from the engine exhaust gas. Then the 

gas is passed into a surge tank which is basically used to 

control the fluctuating flow of exhaust gas. The gas coming 

out of surge tank is mixed with fresh air in the air suction 

pipe. The length of air suction pipe is increased to ensure 

proper mixing of exhaust gas and fresh air. Here in this 

experimental work partially cooled EGR is used. Various 

methods are proposed by researchers to determine the EGR 

percentage. Sherma and Pradeep (2007) proposed a method 

to calculate EGR percentage by calculating the mass flow 

rate of fresh air with and without EGR mode. They 

determined EGR percentage using the following method: 

% 𝐸𝐺𝑅 = 
Mass  of  air  admitted  without  EGR −Mass  of  air  admitted  with  EGR

Mass  of  air  admitted  without  EGR
 × 

100 %                 (1) 

NDIR-based CO2 concentration measurement at the intake 

([CO2]int) and exhaust manifold ([CO2]exh) was used by 

Desantes et al. (2010) for the determination of EGR 

percentage. 

% 𝐸𝐺𝑅 =  
[𝐶𝑂2]𝑖𝑛𝑡 −[𝐶𝑂2]𝑎𝑡𝑚

[𝐶𝑂2]𝑒𝑥 −[𝐶𝑂2]𝑎𝑡𝑚
 ×100    (2) 

Agarwal et al. (2004) proposed a volume based method to 

calculate the EGR percentage. They had calculated the EGR 

rate using the following expression: 

% 𝐸𝐺𝑅 =  
𝑉𝑜𝑙𝑢𝑚𝑒  𝑜𝑓  𝐸𝐺𝑅

𝑡𝑜𝑡𝑎𝑙  𝑖𝑛𝑡𝑎𝑘𝑒  𝑐𝑎𝑟𝑔𝑒  𝑖𝑛𝑡𝑜  𝑐𝑦𝑙𝑖𝑛𝑑𝑒𝑟
 × 100    (3) 

Here volume flow of EGR was measured with the help of an 

orifice meter. In the current work EGR percentage is 

calculated by using the following method: 

% 𝐸𝐺𝑅 = 
Volume  of  air  admitted  without  EGR −Volume  of  air  admitted  with  EGR

Volume  of  air  admitted  without  EGR
 

× 100              (4) 

The modified engine layout diagram is represented in fig. 1. 

B. Methods of emission measurement 

In the current work volume flow rate of air is measured by 

air box method where in height of water column in the 

manometer is measured and volume flow rate of air is 

calculated. Emission measurement is done with the help of a 

Multi gas analyzer which is of AVL (digas 444) make. The 

reading of CO is measured in % by volume where as NOx 

and HC were measured in ppm using gas analyzer  

III. RESULT AND DISCUSSION 

A. CO emission 

CO emission comparison for diesel fuel with and without 

EGR is represented in fig. 2. CO emission increases with the 

increase in EGR percentage.   EGR replaces fresh air with 

exhaust gas. So availability of oxygen for combustion is 

reduced and proper combustion of fuel does not occur. 

Since proper combustion of the fuel does not occur, CO 

emission increases.  
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Fig. 2. CO emission vs Load characteristic 

 

B. HC emission                        

Fig. 3 represents the comparison of HC emission variation 

with different loading conditions with different EGR rates 

diesel fuel.  With increase in EGR percentage HC emission 

increases as oxygen availability is reduces.  With increase in 

exhaust gas less amount of fresh air is sucked into the 

engine which ultimately leads to improper combustion and 

more HC emission. Minimum HC emission is found for neat 

diesel fuel without EGR. 
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Fig. 3. HC emission vs Load Characteristic 

C. NOx emission 

Fig. 4 represents the comparison of NOx emission at 

different loading condition for different EGR percentage. 

The main advantage of use of EGR is NOx reduction. With 

EGR use the availability of fresh oxygen for combustion 

reduces. Also the specific heat of exhaust gas in more than 

fresh air as exhaust gas contains more amount of CO2 and 

water vapor which in turn reduces the flame temperature. 

With the use of EGR the NOx emission reduces. Maximum 

reduction of NOx emission occurs in case of 10% EGR. 
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Fig. 4. NOx emission vs Load Characteristic 

CONCLUSION 

The aim of our study was to use modify the air suction 

system of CI engine to circulate and mix exhaust air with 

fresh suction air to reduce the amount of exhaust gas to the 

atmosphere and to analyze the emission of various harmful 

gases from the engine in that condition. From the 

experiment following points are concluded: 

1. As part of the exhaust gas is recirculated the amount of 

exhaust gas decreases. 

2. With the use of EGR, CO and HC emission increased 

due to improper combustion of fuel in combustion 

chamber. 

3. With the use of EGR, NOx emission decreased as the 

use of exhaust gas reduced the flame temperature of 

combustion.  

4. Only 10% of EGR could be recirculated as the increase 

in more EGR percentage resulted in more emission of 

black smoke from the engine. 

Biodiesel is a possible alternate of the conventional diesel 

fuel. Researchers have tested that the use of biodiesel 

reduces the CO and HC emission but increases NOx 

emission (Mustafa and Havva 2008, Lapuerta et al. 2008). 

So as a future work the combined use of biodiesel and EGR 

can be experimented to analyze their joint effects on engine 

performance and emission.   
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Abstract— The software development life cycle (SDLC) has 

made the task of developing a software easy by making it 

systematic and reducing the chance of getting unexpected 

output at the end of the project. The problem of software crisis, 

which was once dominant in the software industry has been 

reduced to much extent by the application of the correct SDLC 

models. SDLC has made it possible to develop the software in a 

smooth and controlled manner, but still many software 

projects- are not delivered within the time deadline, don’t fulfil 

the quality standards or suffer from excessive budget overrun. 

Some of the major reasons for the delay in delivery of the 

software or degrading its quality or causing excessive budget 

overrun are: improper selection of the SDLC model, use of 

improper approach for dealing with risks and conflicts that 

occur during the software development. This paper proposes an 

integrated framework for software development. It focuses on 

effectively resolving the conflicts that arise during the phases of 

a software development life cycle using a ‘win-win’ approach 

and dealing with risks that may occur during the development 

of the software.  

Keywords— Software Development Life Cycle (SDLC), risk 

mitigation, risk exposure, time deadline, conflict resolution, win-

win model, collaboration. 

I. INTRODUCTION 

 

oftware development life cycle (SDLC) is a concept used 

for developing the software product in an organized and 

smooth manner [1]. The aim of a SDLC is to deliver the 

software within the time deadline and maintaining the quality 

of the software product as per the standard, without incurring 

excessive budget overrun. The performance of the SDLC 

model is measured on the basis of following parameters: 

 

 Time duration of the Project. 

 Quality of the software project. 

 Budget overrun (if any) and 

 Improvement of the existing knowledge base of the 

company. 

―A risk is a potential problem – it might happen and it 

might not‖-Pressman [10]. A risk may cause serious 

problems, if not handled properly, like: huge loss of Man-

power, funds, delay in project development and could even 

cause the failure of the project [11]. A risk can be broadly 

categorized as : 

  

 Project risk  

 Technical risk  

 Business risk 

    A risk that can be predicted by some means like past 

experience is called as a ‗predictable‘ or ‗known risk‘ and a 

risk which cannot be predicted in any way is termed as 

‗unknown risk‘. 

A conflict is ―to come into collision or disagreement or to 

be contradictory‖ [9].  Some of the general causes of 

conflicts are as follows:  

 

 Poorly defined goals 

 Lack of cooperation/trust 

 Different approach to solve a problem 

 Clash of the egos 

 Work place politics 

 Difference in priorities 

 Different interpretation of a problem etc-. 

 

If the conflict is not resolved as soon as it arises, then, it 

tends to escalate and may result in the loss of productive time 

as both the parties involved in the conflict may not be able to 

focus on the project due to the unresolved conflict [2]. A 

conflict that has not been resolved might jeopardize the 

project; hence it is very important to resolve a conflict as 

soon as it arises. In this paper a ‗win-win‘ approach for 

dealing with conflicts is discussed in the methodology 

section.  

 

The integrated framework for software development is a 

variant of the general SDLC model with some additional 

features of risk mitigation & conflict resolution. 

 

II. PHASES OF SOFTWARE DEVELOPMENT 

 

 The phases of a general software development model are  as 

follows: 

 

 Planning 

 Requirements gathering. 

 Requirement analysis 

 high level design 

S 
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 low level design 

 Implementation 

 Testing 

 Deployment & maintenance. 

The common phases of a software development model can 

be represented by the following diagram [8]: 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 
Fig. 1 Phases of a Software Development Model 

 

Some of the famous traditional SDLC models are: Waterfall 

model, spiral model, win-win spiral model, incremental 

model, RAD, evolutionary model etc-. Each model has its 

own advantages and disadvantages and is suitable for a 

particular situation [4]. The common disadvantage of 

traditional models is that they are heavy weight in nature, 

means time requirement is too high for these models, which 

is practically not possible in many cases. The concept of light 

weight models came into existence to overcome the 

disadvantage of more time requirement in case of traditional 

models. Some of the famous agile models are: XP, scrum, 

DSDM etc-. The main disadvantage of agile models is that 

the control over the project is not that much strong as in case 

of traditional models. The selection of the most suitable 

model for a particular project is very crucial for the success 

of the project [6] and is one of the most challenging tasks. 

 

III.   PROBLEM IDENTIFICATION 

 

The common problems that still exist in the field of software 

development are as follows: 

 

 Selection of the appropriate model for a specific 

project is a matter of personal choice which depends 

on the cognizance of a person or a team, which 

might prove to be wrong and the project will suffer. 

 

 Many models for handling risks and conflicts have 

been proposed, but none of them has been 

integrated properly as a part of the software 

development life cycle. 

 

 A generalized framework for software development 

has not yet been proposed. 

 

 

IV. METHODOLOGY 

 

The integrated framework for software development is based 

on the basic concepts of the standard life cycle models. The 

model has embedded the concepts of: 

 

 Risk Mitigation and 

 Conflict Resolution. 

 

As risk and conflict are two major reasons for the delay in 

the delivery of the project, the concept of handling the risks 

by mitigating their impact and handling the conflicts as soon 

as they occur, has been proposed. The standard phases have 

been modified by adding the concept of risk mitigation and 

conflict resolution after every phase. The two broad 

categories of dealing with risks are reactive strategies and 

proactive strategies [5]. Proactive strategies have a 

contingency plan, which is prepared during the initial 

planning phase of the project and keeps on updating after 

every phase. Whenever a risk occurs, its corresponding 

contingency plan has the solution of dealing with that risk. 

Reactive risk strategies deal with the risk as soon as it 

becomes a reality; there is no planning required in advance. 

In the proposed framework the proactive strategy will be 

used for handling and mitigating known risks as depicted in 

figure 2. (For unknown risks a reactive strategy will be used). 

 

The risks are prioritized on the basis of the risk exposure [3]. 

The formula for calculating the risk exposure is given in 

equation1. 

 

𝑅𝐸 = 𝑃 × 𝐶                                   1 

Where,  

   

  RE = Risk Exposure                  

Planning 

Requirements Gathering 

Analysis 

High level design 

Low level design 

 

Coding / Implementation 

Testing 

 

Deployment and Maintenance 
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  P    = Probability of occurrence of a risk 

  C = the cost to the project, if the risk actually occurs 

 

 

 
 

 
Fig. 2 Methodology for Handling & Mitigating Risks during Software 
Development 

 

As depicted by figure 2, the steps for handling a risk are as 

follows: 

 

A. Identification of the Risk 

 

This step involves the identification of different types of 

risks involved with particular software. Some of the common 

types of risks are: 

1) Software Requirement Risks: 

 

Common risks that belong to this category are: 

 Lack of analysis for change of 

requirements.  

 Lack of  report for requirements  

 Poor definition of requirements 

etc-. 

 

2) Software Cost Risks: 

 

These types of risks are related to the budget of the software 

project. Some of the common cost risks are: 

 Lack of  good estimation in 

projects 

 Unrealistic schedule  

 The hardware does not work well   

 Human errors  

 

3) Software Scheduling Risks: 

 

Software scheduling risks are those which can cause the 

delay in the schedule of the software. Risks that come under 

this category are: 

 

 Inadequate budget 

 Human errors  

 Inadequate knowledge about tools 

and techniques etc-. 

 

4) Software Quality Risks: 

 

Software quality risks may degrade the quality of the 

software, if they become reality. Some of the common 

Software quality risks are: 

 

 Inadequate documentation  

 Lack of project standard  

 Lack of design documentation 

etc-.  

B. Risk Estimation 

In this step the probability of occurrence of the risk is 

predicted by conducting a meticulous analysis of the past 

experience and the internal as well as external environment. 

 

C. Documentation 

As soon as the risks are identified and estimated, they are 

entered into the risk register, so that they can be prioritized 

and can be used further. 

 

D. Assessment and Prioritization 

Risks are assessed and prioritized on the basis of the risk 

exposure, which is calculated by the formula given in 

equation 1. The risks having the higher value of risk 

exposure are given the higher priority. 

 

E. Monitoring and Controlling 

The contingency plan is used for monitoring and controlling 

the risks. The risks are picked from the risk registers and are 

addressed by taking the corresponding action as mentioned 

in its contingency plan [7].  

 

Conflicts can arise among the employees of an organization 

due to clash of egos, different approaches to solve a problem, 

or due to any other reason as mentioned in the introduction 

section. If the conflict will remain unresolved, then it may 

cause the serious problems to the project in terms of the loss 

of constructive time, as both the parties involved in the 

conflict will not be able to dedicate themselves completely 
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for the project until and unless the conflict is resolved. The 

models for resolving a conflict are of following types: 

 

 Competition (win-lose situation) 

 Avoidance (lose-lose situation) 

 Compromise (lose-lose situation) 

 Collaboration (win-win situation) 

As, collaboration is the way of resolving the conflict in a 

‗win-win‘ manner, it is the best possible way of resolving 

any conflict [12], so that both the parties involved in the 

conflict can be satisfied. In the proposed framework for 

software development, collaboration is used (which is a win-

win solution) to resolve conflicts, as shown in the figure 3 

[9].  

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 
Fig 3. Win-Win Model for Resolving Conflicts Using Collaboration 

 

The integrated framework for the development of the 

software includes risk mitigation and conflict resolution after 

every phase of the standard life cycle model as represented 

by figure 4. 

 
 

 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 
 

 

 
 

 

 
Fig 4. Integrated Framework for Software Development Using Risk 

Mitigation and Conflict  Resolution 

 

The integrated framework serves as a general purpose model 

for a software project and minimizes the chance of getting 

unexpected output at the end of the project. Using this 

framework risks and conflicts can be resolved as soon as they 

occur. In this model after every phase it is analyzed that if 

there are any risks related to the next phase and if the 
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conflicts have occurred in the previous phase. In both the 

cases the models for handling risks and conflicts is applied 

respectively. 

 

V. CONCLUSION 

 

―An Integrated Framework for Software Development Using 

Risk Mitigation & Conflict Resolution‖ applies the concept 

of risk mitigation and conflict resolution after every phase of 

a standard software development life cycle model. The risks 

are identified and then, prioritized on the basis of the values 

of their risk exposures as mentioned in equation 1. The 

conflicts are resolved using a ‗win-win‘ approach through 

collaboration as described in figure 3. As, risks and conflicts 

can be handled properly using the framework at an early 

stage, it increases the chance of delivering the project within 

the time deadline, with proper quality and without excessive 

budget overrun. 

 

Hence, the framework serves as a general purpose model 

for the software development and is very useful for software 

companies to achieve better customer satisfaction. 
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Abstract— In today’s age, the advancement of technology has 

automated every aspect of a human’s life, making it simpler 

and more efficient. However, no matter how smart or 

expensive one’s car is, the bolt system used in wheels requires 

the task of changing wheels to be cumbersome and time-

consuming. This paper presents a simpler yet equally efficient 

method for changing wheels that uses the power of hydraulics 

with the capacity of electronics to trigger the process with the 

push of a button. 

Index Terms— Wheels, Bolts, Hydraulic system, Solenoid 

valve, Arduino chip circuit, Vanes 

I. INTRODUCTION 

he driving mechanism consists of two basic parts, the 

wheel itself and an axle around which it rotates. The 

engine force causes the wheel to rotate and the axle keeps it 

from rolling away. Tires are a subset of wheels mostly used 

for automobiles. They consist of an inner tube of rubber 

often produced by a process known as vulcanization that 

makes the material tough and elastic. The visible, exterior 

part of the tire is known as the tread. The tread has distinct 

grooves that increase its contact with the road and decrease 

its chances of skidding. The outer vertical side of the tire is 

called the sidewall. The central portion of the wheel on 

which the tire is attached is the rim, which rotates around 

the car’s axle. Vehicles have hubcaps or upgraded rims that 

are made of chrome or stainless steal. These rims are used to 

seal the tire on the wheel. And, of course, there are other 

mechanical parts that do not make up the wheel but allow 

them to function, including the brakes, the suspension that 

supports the axle, and the coil springs (suspension 

components that respond to bumps and dips in the road). 

 In this paper, a method is devised to replace the nut-bolt 

system with an automated one. 

 

II. THE CONVENTIONAL MECHANISM 

The car is moved by the rolling action of wheels that are 

attached on a solid disc connected to the rotating axle of the 

car. The solid disc has a dust cap and wheel studs to attach 

the wheel by lug nuts. There are generally 4 or more such 

wheel studs that are located equidistant from the centre and 

at an equal angular distance from each other. The wheel is 

first mounted on the disc by passing the wheel studs from 

the holes on the wheel and then fixed into place by using lug 

nuts. Lug nuts have threads on the inside that fit into 

threaded projections of the disc and are hexagonal in shape 

to facilitate gripping using a wrench. 

 

III. THE PROPOSED MECHANISM 

In the proposed mechanism system, a four spoke 

hydraulic piston using vanes in place of piston rods will 

replace the solid disc of the conventional system. These 

spokes are placed at an angle of 90 degrees to each other. 

The pressurized oil inlet is provided at the inner centre. The 

vanes and the spoke casing are airtight and well lubricated. 

The wheel would be in the shape of a ring with slots 

provided on the inner surface. The vanes when projected out 

from the piston spokes by hydraulic pressure fit into these 

slots.  

When the button is pressed, the current from the circuit 

energizes the solenoid valve, which opens to allow the 

pressurized oil from the pump to flow in and the vanes will 

be pushed out slowly. The tire will get fixed when all the 

four vanes get fixed in the provided slots of the wheel. The 

wheel can be removed on a click of a button by reversing 

the process. During the rotation of wheel, the fluid and 

vanes would experience outward centrifugal force giving 

additional support to the joint. Also, the increase in the 

temperature due to friction in the wheel won’t be large 

enough to affect the synthetic oil having high boiling point. 

Thus the cumbersome conventional process can be replaced 

by a more reliable and efficient method. 

 

IV. COMPONENTS OF THE SYSTEM 

A. Hydraulic System 

A hydraulic system is a power transmission system that 

uses the force of flowing liquids to transmit power. The 

following equations denote the force generated due to 

pressurized oil in a rotating wheel. 

 F1=PA                                                                      

(1) F2=mwr
2                                                                                                       

(2)
  
 

 F=F1+F2                                                                                                        

(3) 

  Where, P = pressure 

 A = area 

 m = mass 

 w = angular velocity and 

 r = radius 

The proposed model uses this system to transfer synthetic oil 

through the tube to the empty spokes, which on filling with the 

oil push the vanes outside. The vanes in turn get attached to 

the slots in the rim of the wheel keeping it in place. The 

figures 4.1 and 4.2 show the structure of the spokes, vanes and 

slots. 

T 
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                                          Fig. 4.1. Four Spoke Piston 

 

 
 

Fig. 4.2. Wheel with slots 

 

B. Solenoid Valve and Oil Pump 

A solenoid valve is an electromechanical device used for 

controlling liquid or gas flow. The solenoid valve is 

energized by electrical current, which is run through a coil. 

When the current flows through the coil, a magnetic field is 

created, causing a plunger inside the coil to move and open 

the valve. When electrical current is removed from the coil, 

the valve will return to its de-energized original state and 

close the valve. Figure 4.3 shows the open and closed 

condition of the valve. 

 

 
          
                     Fig. 4.3. Working of a solenoid valve[3] 

 

Two such valves are used in the system: 

 First to move the oil from the tank to the system 

through the pump when the wheel is to be attached 

 Second to move the oil from the system to the tank 

when the wheel is to be detached  

A hydraulic pump (Figure 4.4) is a mechanical 

source of power that converts mechanical power into 

hydraulic energy. It generates flow with enough power to 

overcome pressure induced by the load at the pump outlet. 

When a hydraulic pump operates, creates a vacuum at the 

pump inlet, which forces liquid from the reservoir into the 

inlet line to the pump and by mechanical action delivers this 

liquid to the pump outlet and forces it into the hydraulic 

system. The pump pressurizes the synthetic oil before it is 

passed to push the vanes. 

 

 

                  
        
                                     Fig. 4.4. Gear Pump[5] 

C. Electrical Circuit 

The opening and closing of the valves has been facilitated 

by a simple circuit as shown in figure 4.5.The circuit makes 

use of the car battery to energize the solenoid valve and open 

it when the switch is closed and to de-energize it and close it 

when the switch is open.  
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       Fig. 4.5. Circuit for working of solenoid valve[6] 

 

 To automate this process on the push of a button, an 

Arduino Uno board has been employed by writing the 

following code in the Arduino IDE and integrating it in the 

Arduino chip. 

 
int buttonPin = 8; 

int sensorPin = 9; 

int switchPin1 = 11; 

int switchPin2 = 12; 

boolean lastPressure = LOW; 

boolean valveOpen1 = false; 

boolean valveOpen2 = false; 

 

void setup() 

{ 

  pinMode(buttonPin, INPUT); 

  pinMode(sensorPin, INPUT); 

  pinMode(switchPin1, OUTPUT); 

  pinMode(switchPin2, OUTPUT); 

 } 

 

void loop() 

{ 

if(digitalRead(buttonPin) == HIGH && lastPressure == LOW) 

  { 

    digitalWrite(switchPin1, HIGH); 

    valveOpen1 = true; 

    while(digitalRead(sensorPin) != HIGH) 

    { 

      delay(5000); 

    } 

    digitalWrite(switchPin1, LOW); 

    valveOpen1 = false; 

    lastPressure = HIGH; 

  }  

  else 

  { 

    digitalWrite(switchPin2, HIGH); 

    valveOpen2 = true; 

    while(digitalRead(sensorPin) != LOW) 

    { 

      delay(5000); 

    } 

    digitalWrite(switchPin2, LOW); 

    valveOpen2 = false; 

    lastPressure = LOW; 

  } 

} 

 

The final circuit used in the system is shown in figure 

4.6.

  
Fig. 4.6. Final circuit of system 

 

 

V. APPLICATION AND ADVANTAGES 

The wheel attachment system can be used from small 

cars to huge trucks. The aviation industry and the railways 

can also adopt the process. This will replace the conventional 

process with a faster and more efficient method. The fatigue 

caused by conventional process can be obviated. This simple 

process can revolutionize wheel assemblies in automobiles.  

 

VI. SCOPE FOR FUTURE RESEARCH 

The automation used here is in its most basic form. Better 

and more compact forms can be introduced with more 

gripping strength. This method can also be used to replace 

other cumbersome processes carried out in different fields. 
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Abstract — the Optical Burst Switched (OBS) Networks is buffer 

less and thus contention among the bursts is unavoidable fact. 

Many Burst retransmission schemes have been proposed in the 

literature to deal with burst contention. Burst retransmission 

gives better throughput performance for higher layers. At high 

network load, the random retransmission mechanism often leads 

to unprecedented increase in network load. In many cases, 

retransmission of lost burst beyond allocated time offers no 

benefits. Also, the existing retransmission scheme fails to capture 

the effect of load variation in each retransmission attempt and 

cannot be adaptive to retransmission requirements for different 

traffic conditions. Therefore, we propose an Adaptive Hybrid 

Burst Retransmission and Wavelength Conversion Scheme. 

Which adaptively balance between the number of retransmission 

attempts and wavelength conversion in contention scenario. 

Thereby effectively manage the increase in the network load. The 

propose model is evaluated with various parameters like path 

blocking probability and burst loss probability to measure the 

associated benefits and its impact on the network performance. 

The simulated results of our scheme are compared with existing 

retransmission scheme. The results show that the proposed hybrid 

mechanism provides adaptive selection and thus perform better 

than the existing contention solving schemes.   

 

Index Terms—Burst retransmission; Burst loss probability (BLP); 

Path blocking probability; Optical burst switching 

 

I. INTRODUCTION 

 

n the networking scenario, the Optical Burst Switched 

(OBS) network is consider as most mature all-optical 

architecture [1]. The burst is created for transmission of user 

data and it is pass through entire optical route in optical 

domain without undergoing optical to electrical conversion. 

For each generated burst, the control burst packet is transmitted 

in advance and it undergoes the electrical conversion process at 

each intermediate node along the route from source to 

destination. The separation of data plan and control plan leads 

to flexibility and scalability of OBS network. The dynamic 

nature of OBS network is more appropriate for handling bursty 

internet traffic [2]. Due to buffer less and connectionless nature 

of OBS network, the burst may face contention at intermediate 

nodes. The contention is generated if more than one burst  

 

arrives at a time on single node and asking for the same output 

link or port.  

    

 The fiber delay lines (FDLs) is used for buffering the signal 

and thus reducing the contention. In FDL, the light is stored 

through delaying the optical signal by using very long fiber [3]. 

With burst segmentation scheme [4, 5], during contention the 

overlapping burst portion is divided into smaller segments and 

it is again transmitted. It results into lower burst loss ratio. 

Another scheme known as deflection routing used for 

contention resolution. Wherein, the data burst is transmitted to 

another route than the original route in contention scenario. It 

results into poor network performance [6] as it creates long 

looping of data bursts. The performance comparison of these 

schemes has clearly shows that above proposed scheme have 

its own technical and economical limitations [7, 8]. For 

contention resolution, these schemes only give partial 

temporary solution as they cannot entirely remove the end-to-

end burst loss due to contention. Therefore, the retransmission 

is proposed as long term solution for contention at the OBS 

layer [9]. Another contention resolution scheme is wavelength 

conversion, wherein wavelength of input port can be converted 

to different wavelength [10] at the output port. The equipment 

wavelength converters switched an incoming signal’s 

wavelength to any of the outgoing wavelength, thus increasing 

reuse of wavelength, i.e., the single wavelength channel may 

be reused to transmit the different data burst in different fiber 

links in the network. A wavelength converter provides a 10 to 

40 percentage increase in reuse values when wavelength 

availability is small [10-11]. The optical wavelength 

conversion has been tested in research laboratory and the 

following are the available different types of possible 

wavelength conversion alternatives: 

 

Full conversion: Any incoming wavelength can be switched to 

any outgoing wavelength. 

 

Limited conversion: Wavelength switching is limited, so that 

not all incoming wavelengths can be connected to all outgoing 

wavelengths. The restriction on the wavelength switching will 

reduce the expense of the switch but increases blocking.  

I 
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Fixed conversion: This is a deterministic form of limited 

conversion, wherein each incoming wavelength may be 

connected to one or more pre-determined outgoing wavelength 

channels. 

 

Sparse wavelength conversion: The few nodes in the network 

have the facility of full, limited, fixed, and no wavelength 

conversion.  

 

There are many wavelength conversion algorithms to minimize 

the number wavelength converters [11]. In our work we are 

using the wavelength conversion with data burst retransmission 

to crate optimum solution to ever present issue of burst 

contention. In retransmission scheme, the ingress node stored a 

copy of the burst [12] and the stored burst is released when the 

burst retransmission is successfully completed. The existing 

retransmission schemes [12, 13] effectively retransmit the lost 

burst due to contention but it result into increase in network 

load with retransmission. Also, these schemes fail to provide a 

solution to control the extra load generated due to 

retransmission. This paper presents an Adaptive Hybrid Burst 

Retransmission and Wavelength Conversion Scheme for 

contention resolution. Also, it provides a mechanism for 

evaluation of increase in network traffic and controlling the 

retransmission rate. The rest of the paper is organized as 

follows. Section II covers a comparative brief about the related 

work. Section III describes the proposed mechanism with new 

retransmission parameters and wavelength selection scheme. 

The proposed model is validated with simulations and the 

performance of the network is investigated in details in the 

Section IV. Finally, section V concludes the paper. 
 

 

II. RELATED WORK 

 

    For reducing the end to end burst loss, the retransmission 

mechanism [9] has been proposed. The performance studies of 

retransmission scheme reveal that burst loss probability (BLP) 

improved as lost TCP packets are retransmitted from its source 

[12, 13]. The partial burst retransmission scheme with burst 

segmentation have been presented in[12] and its results shows 

improvement in BLP as only discarded segments packets are 

retransmitted. Even through, burst retransmission gives better 

BLP performance but it also generates extra load in the OBS 

network. In OBS network contention is natural fact, just static 

retransmission without any discrimination leads to a radical 

increase in the network traffic, BLP and thus the sidetrack the 

very goal of burst retransmission. The current random 

retransmission approaches [5, 12] fail to provide relationship 

between the improved end-to-end BLP and extra load 

generated with retransmission attempts. They do not provide 

any upper bound to generated load [14] due to retransmission 

and it result into poor delivery rate and drastically increase the 

storage capacity at ingress node. Therefore, to overcome the 

issue associated with burst retransmission, we have consider 

the hybrid alternative of combining the wavelength conversion 

with retransmission.  

 

    A novel efficient burst retransmission is presented in this 

paper. This approach effectively handles rapid increases in the 

network traffic. It considers new retransmission parameters 

that provide upper bound on traffic due to retransmission. 

These parameters efficiently control the number of burst need 

to be retransmitted and again retransmitted when the burst is 

lost during transmission attempts. The model present the 

definite relationship between extra loads generated due to 

dynamic retransmission and improvement in the BLP. In 

addition, the efficient wavelength assignment and conversion 

scheme is introduced and it effectively handles the contention 

when the burst retransmission gives degradation at varied value 

of load in the OBS network. It is expected that the proposed 

hybrid scheme combing the burst retransmission and 

wavelength conversion gives better BLP performance 

compared to simple retransmission or wavelength conversion. 

 

 

III.   PROPOSED ADAPTIVE HYBRID SCHEME 

 

In this section, we present the proposed hybrid scheme into 

two subsections, the burst retransmission and wavelength 

conversion.  

 

A. Burst Retransmission 

 

    At the OBS layer, it is critical to carefully study the effect of 

burst retransmissions on the generated extra network load and 

burst loss. In many practical applications, the burst 

retransmission may not be always required for successfully 

sending the lost burst to its destination like ARQ method. TCP 

based transmission many retransmission attempts would be 

useless if the timer expire. Furthermore, some application 

needed certain loss rate and thus the retransmission of bursts 

can be determined to fulfill the loss rate criteria. Therefore, it is 

not required to retransmit all the lost burst. Focusing on this 

different traffic scenario, we propose adaptive burst 

retransmission approach which can effectively control the rate 

of burst retransmission. 

 

Unlike, existing work [15] proposes a probabilistic model 

having two different probabilities to retransmit the lost, we set 

different values to each retransmission attempts. Our propose 

scheme facilitate to measure behavior of the load variation in 

each retransmission attempt and could be adaptive to the 

retransmission needs for different types of traffic scenario. In 

our proposed scheme, we consider a Pi (i =1, 2…N) as the 

retransmission probability having total N number of 

retransmission attempts for lost data burst during process of 

transmission or retransmission. Besides retransmission Pi 

enable effective retransmission of lost bursts, we introduce 

parameter N known as number of retransmission attempts for 

controlling an upper limit of traffic entering to core OBS 

network. The proposed work presents a smooth mechanism 
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which can adopt the different value of retransmission 

probability (Pi) and measure performance based on it.  
 

    The redefined ingress node has two addition block, the copy 

of burst (COB) block and the burst scheduler (BS) block. The 

COB block is used for maintaining the copy of transmitted 

burst and BS block is used to retransmit the lost bursts with 

appropriate time and to access acknowledgements from the 

destination node. Once the burst is transmitted and it is lost 

because of contention then we need to retransmit the burst with 

selected values of probability of Pi from COB. When 

retransmission is not desirable for the lost burst then the copy 

of burst is eradicated from the COB block. Also, the BS 

maintain acknowledgement up to one cycle of round trip time 

for all the bursts and then it simply discard the burst from 

COB. The burst generated by various assemblers are assigned 

unique number for each source and the destination pair. When 

a burst is generated from assembly unit, it is sent to all the 

main scheduler, BS and the COB.  

 

B. Wavelength Conversion 

 

In OBS network, each WDM fiber link contains several 

wavelengths to establish the link between two nodes or 

switches. This multiple wavelengths can be exploited to 

minimize contentions along with propose retransmission. 

When two data bursts are requesting to go the same output port 

at the same time then it results into contention of data burst. 

However, using wavelength conversion process both the data 

bursts can be easily transmitted on two different wavelengths. 

This process drastically reduces the burst contentions, 

considering the fact that the number of wavelengths supported 

on a single fiber increases continuously. In WDM based optical 

network, configure physical path and allocate wavelengths to 

establish light paths is very significant for successful 

transmission of information.  The wavelength is assign for 

every new connection request [10] and it is critical to handle.  

 

Routing and wavelength assignment (RWA) problem compute 

the required routes and assign appropriate wavelengths from 

the set of available wavelengths to establish the light path. The 

wavelength converters have great ability in term of reducing 

the burst contention and it supports various types of traffic to 

be effectively transmitted in buffer less OBS network. This 

paper focuses on the wavelength assignment (WA) with 

wavelength converters. As far as routing is concern, the routes 

are selected from the set of shortest-paths and we are shortest 

path algorithm in our work [16]. The different types of 

wavelength assignment schemes [11] are presented below: 

 

1 First fit (FF) wavelength Scheme 

 

FF algorithm always selects the lowest indexed wavelength 

from the set of free wavelengths and allocates it for making 

light path connection. Upon completing data transmission 

process, the connection released and again the used wavelength 

is enter in the set of free wavelength.  

 

2 Random fit (RF) wavelength Scheme 

 

Random fit algorithm selects the number of available free 

wavelengths and then selects one of the wavelength on random 

basis from the set of free wavelengths.  

 

3 Most used (MU) and least used (LU) wavelength  

   Scheme  

 

In Most used wavelength scheme, upon receiving the light path 

request for setting the connection a free wavelength that is used 

for maximum number times different fiber link in network is 

allocated. When more than one wavelength has the same 

maximum usage, then the wavelength that has a specific index 

is selected.  

 

Least used wavelength assignment scheme is very much 

similar to the most used wavelength strategy, however the least 

used wavelength is allocated in this scheme. The first fit 

scheme result into improvement in network performance, the 

overhead process generate contention loss because it uses the 

lower indexed wavelengths first than the higher indexed 

wavelengths. The RF assignment severely affected due to lack 

of predefined approach for wavelength allocation and thus it 

gives very poor performance. 

 

4 Round robin (RR) wavelength Scheme  

 

The wavelengths are indexed in Round robin wavelength 

assignment scheme. When the first request for creating light-

path is made, the first indexed wavelength is assign or 

allocated to that particular request. Similarly, for every number 

of requests, the switch or node selects the next indexed 

numbered wavelength and so on.  

 

The first allocated wavelength is use again after all the 

wavelengths from the set of indexed wavelength have been 

allocated to light paths requests and this scheme is continues in 

round robin fashion. This approach drastically decreases the 

contention in OBS network as all the wavelengths are being 

utilized uniformly. In this paper, we are using RR scheme 

along burst retransmission to analyze the performance our 

hybrid scheme.  

 

In addition to proper wavelength assignment scheme, the   

wavelength converters further reduce the contention among 

bursts in buffer less the network. We are using the uniform 

placement of converters algorithm and it closely match with 

our vBSN topology. Based on work of [15], the analysis can be 

carried out for a node with wavelength conversion by adding 

change in the blocking probability.  A node with full 

wavelength conversion ability with B wavelengths, the 

blocking probability can be calculated by Erlang B equation 

[10], 
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𝐵

𝐵!

 
𝜌𝐶

𝑎

𝑎!
𝐵
𝑎=0

. . (1) 

 

Where the QC  is the blocking probability and ρC  is the actual 

load at node C. The load at particular node can be easily 

computed by taking the average value of arrived traffic to the 

service rate to arrived traffic. By using equation (1), we can 

compute the total load in network against the increase in extra 

load due to burst retransmission.  

 

 

IV.   SIMULATION & RESULT ANALYSIS 

 

    The vBSN topology is consider for the core OBS network 

with three source nodes and three destination nodes connected 

fig. 1. We have developed C++ code for simulation work. We 

are using 32 wavelengths for each link and extra 4 control 

wavelengths. The 10 Gbps of transmission rate selected on 

each wavelength. In our work, the MTTAS algorithm, JET 

protocol and LAUC-VF scheduling algorithm is used [17]. The 

packets are generated randomly between the all pair of ingress-

egress node with random start times. The network performance 

was carried out for main two parameters, the throughput and 

improvement in BSR. The BSR measures the ratio of total 

number of bursts successfully transmitted over number of data 

bursts send into OBS core network. We compare the results of 

proposed work with existing retransmission scheme [15] and 

network without retransmission option.  

 

    As the number of retransmission attempts N increases the 

extra load in the generated in network and it result into higher 

BLP with missing the very purpose of burst retransmission. 

We limit the optimum value of N in such way that it offer the 

best BLP and improved BSP. The results reveal that when N is 

beyond four the performance improvement in BSR and in BLP 

is nil. Therefore, we limit N = 4 as optimum value in our work. 

 

    For with wavelength conversion, the fig.2 shows the result 

of path blocking probability (PBP) against load. Compared to 

existing retransmission scheme, our scheme provides 

extremely improved results even at very high load with higher 

P1 and P2. However, in the existing scheme, the higher values 

of P1 and P2 results in rapid increase in PBP and it further 

increases with increase in network load. Obviously, when 

retransmission option is not used, the PBP drastically reduced 

as shown in figure 2. 

 

    For with wavelength conversion, the fig.3 shows the result 

of BLP against load. We set the value of P1 is 0.4 for single 

retransmission and value of P2 is 0.5 for next three 

retransmission attempts. Compared to existing scheme, our 

proposed model gives better results even at high load. The 

observation reveals that with higher P1 and P2 values we get 

very small BLP. Regardless of   retransmission values, the BLP 

increase with the higher value of load but intensity of rapid 

increase in BLP become steady with higher values of P1 and 

P2. With increases in P2, the reduction in BLP and rapid 

increases in path blocking is more prominent compared to 

result of increase in P1. The main reason is that P2 is the 

probability of three burst retransmission attempts where as P1 

is just one time retransmission and thus has higher effect on 

generated network traffic than P1. 

 

    Next, the effect of proposed hybrid scheme on the network 

performance is considered. We observed the improvement in 

Burst Success Ratio against varied value of N, P1 and P2. The 

network throughput is also measured. 

 

 
 

Fig - 1 The core OBS vBSN topology with connected three source nodes (S1, 

S2, S3) and three destination nodes (D1, D2, D3). 

 

   

 
 

Fig- 2 Path blocking probability against normalized load with wavelength 

conversion facility 
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Fig -3 BLP against normalized load with wavelength conversion  

 
The graph in fig.4 shows total improvement in BSR against 

varied values of retransmission attempts, P1 and P2. We have 

taken the N is four at P1=0.4, P2 = 0.5 for three consecutive 

attempts. We observed that our proposed scheme provides 

drastic improvement in BSR compared to existing scheme at 

high load. This is due to fact that our hybrid scheme performed 

effective wavelength assignment and converter during heavy 

contention period than simply retransmissions. The value of 

BSR is reduced at very high load (above 0.7) in existing 

scheme and there is constant increase in BSR in our proposed 

scheme.   When network load become very high, the benefits 

associated with our scheme is clearly visible than the constant 

increases in path blocking in case of existing scheme even at  

lower values of N.  Thus, by observing the results carefully the 

optimum combination of P1, P2  and N can be dynamically 

selected for achieving improved BSP and path blocking in 

buffer less OBS network. 

  

 
 

Fig. 4 The improvement in BSR for a network with wavelength conversion. 

 

The fig. 5 shows the variation in the throughput against 

increasing load for varied P1 and P2. At high value of load, the 

throughput gradually reduces due to extra load in network but 

it increases because improved BSR associated with higher 

retransmission probabilities. In our scheme the  

 

 
 

Fig. 5 Over all throughput in a network at N = 4. 
 

throughput slightly fall rather than rapidly with increased in 

load. Thus, concept of proposed adaptive hybrid proves to be 

very effective in term of effectively handling the contention 

loss in OBS network.  

 
 

                         CONCLUSION 

 

In general, the retransmission of the lost bursts improves the 

contention loss. But, the random burst retransmission generates 

extra load and BLP with missing the very aim of 

retransmission. To effectively handle burst contention, the 

adaptive hybrid burst retransmission and wavelength 

conversion scheme proposed and analyzed. It includes 

retransmission probabilities that can dynamically control the 

rate of burst retransmission and extra load in the network. The 

investigated results clearly show that the value of P1, P2 and N 

can be selected for reducing the network load associated with 

burst retransmission and thus BLP.  Also, the benefits 

associated with proposed scheme and their effect on overall 

network performance is observed. The outcome of our work 

suggest that even at high load, the scheme with higher values 

of P1 and P2 offers better perform for improved BSR and 

throughput.  

 

Our proposed scheme is validated against vBSN network 

topologies and its results compared with no retransmission 

scheme and existing retransmission scheme. Ours proposed 

hybrid model can be potentially utilized wherein the 

retransmission probabilities can be dynamically selected for 

achieving minimum BLP and improved path blocking against 

extra load generated due to retransmission. 
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Abstract—Increase in the development of computer technologies has 

lead to an increase in the number of cyber crimes. Attacking low-

security targets to access confidential data is the standard pattern of 

attackers. Most of the crimes take place when money is involved. The 

popularity of the Online Banking System and its increased use by 

customers worldwide has made this service a main target for cyber 

criminals. 

In this paper, we have proposed an architecture that acts as an 

interface between client and banking server, to investigate various 

kinds of attacks taking place while performing online transactions. It 

will perform various filtering operations to provide safe environment 

for transactions. It includes our newly developed concept of Double 

Verification to achieve our goal as a solution to improve security. 

Hence our proposed system will provide remedial measures and try 

to overcome some of the major issues related to cyber crimes 

occurring in the existing online banking facility. 

 

Keywords—cyber crime, investigation, online banking, double 

verification, phishing, watering hole, pharming, man in the browser. 

 

I. INTRODUCTION 

 

s the invention of new technologies is growing day by 

day, the cyber crime rate is also increasing rapidly. The 

use of “Online Banking” [1] has been preferred more, since the 

manual cheque payment process takes longer time. Large 

businesses that includes transactions of huge amount to be 

transferred from one account to another, primarily uses “Online 

Banking”. 

Online Banking System architecture differs depending on the 

configuration decided by the financial institutions. Thus, there is 

no specific architectural representation of this system. Basically, 

two options are available to the financial institutions for 

supporting their online banking services : in-house services and 

third-party provider hosted services. The financial institutions 

can choose their overall system configuration as per their need by 

combining these options. 
 

A. Third Party Provider Hosted Online Banking System 

The financial institution’s network components such as 

online banking service website, banking server, firewall and 

intrusion detection system is hosted by its service provider. The 

institution does not have to daily supervise these components. 

 

 
Figure-1 : Third Party Provider[2] 

 

In this case, the customer sends a transaction request via 

phone or wireless broadband, through the Internet Service 

Provider (ISP). The request is then forwarded to the online 

banking service provider's ISP, through the means of Internet. 

The online banking service provider’s ISP routes it to the 

provider. 

The request enters the provider’s network, which directs the 

request through the firewall to the application executing on the 

Internet banking server. The Internet banking server processes the 

request to carry out the transaction by verifying it through the 

core banking system containing databases. 

 

B. In-House Online Banking System 

The financial institution can internally host the online 

banking system. The provider does not act as an intermediate 

between the Internet access and the institution’s core processing 

system. The institution must supervise the network components 

every day. 

 

In this case, the customer sends a transaction request via 

phone or wireless broadband, through the Internet Service 

Provider (ISP). The request is then forwarded to the online 

banking service bank's ISP, through the means of Internet. The 

online banking service bank’s ISP routes it to the provider. The 

request enters the bank’s network, which directs the request 

A 
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through the firewall to the application executing on the Internet 

banking server. 

 

 
Figure-2 : In-House Provider[2] 

 

The bank has several application servers such as Internet 

banking application server, website server, e-mail server, proxy 

server, DNS. The router will send the transaction request around 

these application servers directly to the Internet banking server 

unless it is non-banking transaction. The Internet banking server 

processes the request to carry out the transaction by verifying it 

through the core banking system containing databases. 

 

C. Limitations of The Above Two Approaches 

Both the above architectures may include host-based 

Intrusion Detection System (IDS) in the website server or Internet 

banking server. Network IDS may reside within the network for 

checking any unauthorized activity taking place. The Internet 

banking server has basic filtering for managing network traffic. 

There is no surety of having IDS in the online banking 

system architecture. Thus, there is a need of having some 

remedial measures for improving the safety in online transaction 

processing. The environment should be made more secure by 

eliminating some major threats in online banking. 

 

D. Our Approach 

In this paper, we have analyzed various threats that can exist 

while executing online transactions and could be a menace for the 

users. We are proposing an architecture which will overcome 

some major issues of the existing system such as phishing, 

watering hole, pharming & man in the browser. The concept of 

“Double Verification” will also be implemented for better 

security in our architecture. 

 

II. PROBLEMS IN EXISTING SYSTEM 

 
The existing system includes various problems while 

performing online transactions, which supports the hackers to 

perform unauthorized and disastrous activity. The following are 

four major issues which are required to be taken care of, they are 

:- 

 

A. Phishing  

Phishing [3] is a technique of sending emails posing as a 

reputable company in order to lure individuals to reveal personal 

information, such as passwords and credit card numbers, online. 

It leads to identity theft[4]. It is the most common technique used 

by hackers to fool the users. One of the common reasons found 

during the literature survey about phishing is the lack of proper 

knowledge of computer and mobile technology. Due to this 

reason people may click randomly anywhere on the screen and 

becomes the victim of phishing attack [5]. 

 

 
Figure-3 : Phishing Attack 

 

In a phishing attack, a phisher sends fraud email to the 

internet consumer (user) pretending as a legitimate banking 

entity. The user gives his/her confidential details, considering the 

phisher as an official bank entity. Thus, the identity of the user is 

stolen and it is misused by the phisher to transfer money from the 

user’s account which belongs to the official banking entity. 

 

B. Watering Hole 

Watering hole[6] is a technique evolved from phishing 

technique. Instead of luring users to visit website, this technique 

injects malicious code into specific web pages that are being 

frequently visited by users. Users get infected when they visit 

these web pages. 

 

In a watering hole attack, the attacker collects the 

information about the sites on which he/she wants to insert the 

malicious code. Then, the malicious code is injected to the 

selected web pages. When the user visits these web pages, the 

injected malware gets transferred to the user’s vulnerable system. 

With the help of this malware, attacker is now able to retrieve 

personal information and can perform unauthorized activities i.e. 

transferring balance from user’s account to the attacker’s account, 

without the knowledge of the user. 



International Conference on Multidisciplinary Research & Practice                                                                   P a g e  | 244 

 

Volume I Issue VII                                                                    IJRSI                                                                         ISSN 2321-2705 

 

 

 
Figure-4 : Watering Hole Attack 

 

C. Pharming 

Pharming is a technique in which the attacker takes control of 

a website so that when users try to access that website, they get 

redirected to the attacker’s forged website. Pharming can be 

carried out by either changing the host files on victim’s computer 

or by exploiting the DNS server. 

 

 
Figure-5 : Pharming Attack [7] 

 

In a pharming attack, the attacker hijacks the host files of 

victim’s computer or DNS server. When user tries to access an 

official bank website, the malicious code on the DNS server 

redirects the user to the fake bank website which is created by the 

attacker. Thus, personal information is leaked to the attacker for 

using it in illegal activities i.e. Credit card redirection is a new 

technique that can be used to steal credit-debit card information 

of the user. 

 

D. Man In The Browser  

Man in the browser is a proxy Trojan horse that infects a web 

browser having low security. It is the greatest threat that exists in 

online banking. The malicious code resides in the browser as an 

Active-X control, browser extension, add-on plug-in or API-

hooking; and it’s able to modify the original content for attacker’s 

benefit. 

 

 
Figure-6 : Man In The Browser Attack[8] 

 

In Man in the browser, during online banking, user enters the 

transaction details in the given transaction form on the official 

bank website. The data which is entered by the user in the 

transaction form is changed by the attacker before the transaction 

is completed. The attacker modifies the destination and amount 

entered by the user and takes advantage during the transfer of 

funds. 

 

III. PROPOSED ARCHITECTURE 
 

Our proposed system architecture will try to overcome above 

specified major issues in Online Banking System, by integrating 

different components. It depicts a step by step process to 

eliminate such issues as follows :- 

 

A. Eliminating “Phishing” 

In phase-I, the proposed system will take the login details 

from the user and verifies it from the banking server. The system 

will receive response of the banking server and will send the same 

on user’s registered mobile number. This helps the user to 

identify whether it is authorized or unauthorized access. 
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Figure-7.a : Phase-I, Login Details 

 

 
Figure-7.b : Phase-II, Transaction Details 

In Phase-II, the user will be able to perform transactions. 

When the user request’s a transaction to be processed, banking 

server verifies the balance and gives response to our intermediate 

system. Our system will randomly generate the session password 

and sends it to the user’s registered mobile phone. For successful 

completion of transaction, user must utilize the session password. 

 

B. Eliminating “Watering Hole & Pharming” 

 
Figure-8 : Malware Detection Phase 

 

In order to eliminate the problem of watering hole and 

pharming, our system will act as a malware detector to identify 

that the request is free of any kind of malware that may be 

injected to banking system. The system may use various 

techniques to detect malware i.e. anti-virus software, hardware 

address verification mechanism. Thus, our intermediate system 

will contain malware detection softwares to act as a filter to user’s 

requests. 
 

C. Eliminating “Man In The Browser” & Foundation Of Our 

Proposed System Architecture 

 
Figure-9 : Transaction Processing In Online Banking 

(Model Flow of Our Proposed System) 

 

When the user will request a transaction, the proposed system 

will forward the request to the banking server for verification. 

Banking server will send a response to the intermediate system. If 

the response is positive, our system will send the transaction 

details to the user’s registered mobile number. The transaction 

details will include the account to which amount is to be 

transferred and the amount. 

 

The transaction will only takes place when user sends the 

confirmation message to our system after verifying the 

transaction details. This will eliminate the Man in the browser 

issue; even if the attacker has changed the account details or 

amount, the user will identify the modification and will be able to 

terminate the transaction by sending negative response to our 

system. 

 

Thus, this model architecture eliminates the four major issues 

of Online Banking namely Phishing, Watering Hole, Pharming & 

Man In The Browser. 
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IV. ADVANTAGES AND DISADVANTAGES 

 

The proposed intermediate system has the following advantages 

and disadvantages :- 

 

A. ADVANTAGES 

The proposed system will increase the safety for processing 

online transactions as all the information will be parsed through 

this system. It will perform various filtering functions and 

security procedures to provide secure setup for online 

transactions. 

 

Double Verification technique will check that the information 

has not been modified by external entity. Thus, it will ensure the 

users that the transactions are maintaining integrity. The system 

will try to eliminate the major issues that can lead to cyber crime 

by following various procedures to check information flowing 

from user to the banking server. 

 

B. DISADVANTAGES 

As a new intermediate system is introduced, the cost is going 

to rise for the complete setup. Since the information will pass 

through the proposed system, the online banking transactions will 

proceed slowly, thus reducing the speed of processing. 

The major disadvantage of this system is its crash. If this 

system will stop working unknowingly or any kind of anonymous 

attack takes place on it, no transaction will be processed as the 

bridge between users and banking server has broken. Thus, delay 

in the procedure of online transactions will take place until the 

problem in system is solved, which may be crucial to the 

businesses that deals with urgent money transfer. 

 

V. CONCLUSION 

 

The invention of new technologies is growing day by day which 

has led in the increase of cyber crime rate. Online Banking is the 

prime target for cyber criminals. This paper describes a way to 

reduce the cyber crimes on online banking transactions. The 

Model architecture has been proposed to eliminate the main 

issues such as phishing, watering hole, pharming, and man in the 

browser. The model architecture describes an intermediate system 

between the user and the banking server. The intermediate system 

will act as a bridge between the user and the banking server to 

process the online transaction. This system has its brighter side as 

well as darker side. It may not be the cure for the crimes taking 

place in online transactions, but the system can definitely help to 

reduce the occurrence of it. 
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Abstract—Activate TIG (Tungsten Inert Gas) welding is used to 

increase the weld penetration. In A-TIG welding fluxes are 

mixed with solvent and applied on the weld plate before 

welding. In this work, A-TIG welding was used on mild steel of 

10 mm thick plate for the experimental work. Experiments were 

performed to check the effect of various flux combination, 

welding speed and welding current on weld penetration and 

weld bead width during activated TIG welding. The response 

surface methodology was used to develop the second order 

mathematical model for the weld penetration and weld bead 

width. Box-Behnken experiment design was used for finding out 

the relationship between responses (weld penetration and weld 

bead width) and welding parameters (welding speed, welding 

current and fluxes). The analysis of variance (ANOVA) was 

used to test the significance of fit of the equation. Optimization 

of the process parameters for the maximum tensile strength and 

minimum weld bead width was performed using design expert 

statistical software. 
 
Keywords—Activate Tungsten Inert Gas welding,response surface 

methodology, analysis of variance, Box-Behnken experiment 

design, Optimization. 

 
I. INTRODUCTION 

 
-TIG welding is used to increase the penetration. A-TIG 

welding is carried out using the paste of flux is applied 

before welding. This flux constrict the welding arc and 

increase the penetration compared to normal TIG welding 

process.Various fluxes like MnO2, TiO2, MoO3, and SiO2are 

used for the A-TIG welding processes for the various 

materials. In A-TIG, the temperature coefficient of surface 

tension on the molten pool changed from a negative to a 

positive value. Therefore, the surface tension at the pool 

centre was higher than at the pool edge. This indicated that 

the surface tension gradient introduces centripetal Marangoni 

convection in the molten pool. In this condition, the fluid 

flow of the molten pool surface easily transfers from the pool 

edge to the centre, and then downward [1].In ATIG welding 

the flux is mixed with the solvent. Oxide based flux powder 

mixed with methanol and ethanol provided good 

spreadability and convertibility. Smooth and clean surface 

were achieved by using oxide base flux. The penetration 

depth and bead width were increased using different values 

of current. It was also found that there was reduction of the 

angular distortion using weld parameters [2]. In case of 

conventional TIG welding, angular distortion increases 

continuously with increase in current. It is clear that for any 

value of current maximum distortion in ATIG is quit lower 

than the all the value of TIG welding. So distortion is not the 

problem against increase in current density [4]. Vasudevan et 

al. [5] noted the characteristics of ATIG welding in the 

context of angular distortion. Angular distortion shows the 

quality of weld and also affects appearance, in maintaining 

tolerances, dimensional accuracy. In case of depth of 

penetration is same as plate thickness the angular distortion 

is very low only 1 degree with silicon dioxide as a flux. 

While in case of conventional TIG welding angular distortion 

is almost double of that in ATIG welding.Paulo et al. [7] 

concluded that without activating flux weld depth achieved is 

very less and bead width is unnecessarily high. Best result is 

achieved in case of silicon dioxide, and highest penetration. 

CaO and Al oxide is not advisable to use because they are 

giving same or near result as conventional TIG welding. Wu 

Pan [8] noted that with higher welding speed penetration 

achieved decreases. Welding speed below 180mm/min is 

safe, very minor change with speed. But more than 200 

mm/min arc fluctuates very much and this leads to lower 

penetration, bad quality weld. Quing et al. [9, 10] concluded 

that with increase in coating density penetration increases for 

initial specific small value, but after that point it doesn’t 

affect penetration. This shows that for desired penetration 

particular value of coating density is necessary. Very high 

value of coating density makes penetration very less because 

there are chances of arc extinguishes.In this study, an attempt 

has been made develop mathematical model for the 

penetration depth and weld bead width in the A-TIG welding 

process. Response surface methodology was used to 

developed mathematical model for the penetration depth and 

weld bead width in A-TIG welding processes. Design expert 

was used to find the various coefficient of the second order 

response equations and optimization is carried out using the 

design expert statistical software. 

 

II. EXPERIMENTAL WORK 

 

For the experimentation 10 mm thick Mild steel plate was 

used as a base metal, whose chemical compositions and 

mechanical properties are listed in Table I and Table II. The 

plate was machined into rectangular samples with dimension 

of 150mm x 50 mm. These specimens are cleaned and rust 

was removed and then employed for welding. Activated flux 

was prepared using five kinds of oxides (mixed in form of 

SiO2+CaO, SiO2+TiO2, MnO2+Al2O3) packed in 

A 
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powdered form of about 40 micron particle size. These 

powders were mixed with methanol to produce a paint-like 

mixture, so it can be easily applied on the work piece 

surface. Before welding, a thin layer of the flux was brushed 

on to the surface of the joint to be welded. Methanol 

evaporates, leaving a layer of flux adhering to the surface of 

specimen. The coating density of flux was about 5–6 

mg/cm
2
. Fig.1 shows a specimen with flux application. 

                                    TABLE I 
                                MILD STEEL CHEMICAL COMPOSITION 

 

Carbon 0.16-0.18 % 

Silicon 0.40 % max 

Manganese 0.70-0.90 % 

Sulfur 0.040 % max 

Phosphorus 0.040 % max 

 
TABLE II 

MILD STEEL MECHANICAL PROPERTIES 

 

Max Stress 400-560 MPa/mm2 

Yield Stress 300-440 MPa/mm2 

0.2% proof stress 250-420 MPa/mm2 

Elongation 10-14% min 

 
 

 
 

Fig. 1 Flux application in Activated TIG 

 

A direct-current, electrode-negative power supply device was 

used with a mechanized operation system in which the 

welding torch travelled at a constant speed. Single-pass, 

autogenously TIG welding was performed along the 

centerline of the test specimen to produce a bead-on-plate 

weld using developed an automatic welding machine. Table 

III lists the process parameters used in A-TIG welding.  A 

machine-mounted torch with a standard throated tungsten 

electrode was used. The gap between electrode and 

workpiecesurface was measured for each weld before 

welding to ensure that the weld deposit performed under the 

same conditions. During experiment, same arc length was 

kept for welding process. Controller was used to obtain the 

various welding speeds during the welding. 

 

TABLE III 
EXPERIMENTAL PARAMETERS 

 

Fluxes SiO2 + CaO,SiO2 + TiO2+Al2O3+ MnO2 

Particle size 40 micron meter  

Current 60A ,100 A ,140A  

Work piece size 150mm x 50mm x 10mm  

Travel speed 150 , 180 , 210 ( mm/min)  

Coating density 5-6 mg/cm2 

Tip angle 45 degree  

Gas supply 10 L/min  

Gas Argon  

 

In the present study, the three-level and three-factorial Box– 

Behnken experimental design was chosen for finding out the 

relationship between the response(weld penetration and  bead 

width) and the variables (welding currents, types of fluxes 

and welding speed). The model has the advantage that it 

permits the use of relatively few combinations of variables 

for determining the complex response function. The levels of 

the variables were coded as 1 (low), 0 (central point or 

middle) and 1 (high) as shown in the table Table IV. A total 

15 experiments were carried out with 3 centre point using the 

Box–Behnken experimental design. Based on the literature 

and trial experiment, parameters range was selected. The 

actual design of matrix is shown in Table V. 
 

TABLE IV 
 WELDING  PARAMETERS ATDIFFERENT LEVEL 

 

 
                                                    

 
 

 

 
 

 

 
 

 

                                                      TABLE V 
BOX-BEHNKEN DESIGN MATRIX AND EXPERIMENTAL RESULT 

 

Exp. 

No. 

Welding parameters Penetration 

(mm) 

Bead width 

(mm) V 

(mm/

min) 

Welding 

Current 

(Amp) 

Fluxes 

1 150 60 2 2.9 6.5 

2 210 60 2 2.7 6.3 

3 150 140 2 3.6 7.2 

4 210 140 2 3.2 6.8 

5 150 100 1 2.9 6.9 

6 210 100 1 2.8 7.3 

7 150 100 3 3.3 5.4 

8 210 100 3 2.0 5.5 

9 180 60 1 2.4 6.5 

10 180 140 1 3.1 7.1 

11 180 60 3 3.0 5.7 

12 180 140 3 3.3 5.9 

13 180 100 2 3.6 6.8 

14 180 100 2 3.6 6.8 

15 180 100 2 3.6 6.8 
 

The welded section was examining for the depth of 

penetration and width of weld bead. Subsequently these 

specimens were grind, polished and etched to know the 

Parameter Level 

 Low (-1) Medium(0) High (1) 

Welding 

Speed 

150 180 210 

Current 60 100 140 

Flux SiO2+CaO (1) SiO2+ TiO2(2) Al2O3+ MnO2 (3) 
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penetration depth and width of weld bead. Penetration and 

width of weld bead were measured using tool maker’s 

microscope. Experimental results are shown in table V.  

These data were utilized for analysis and evaluation of 

optimal parameter, combination required to achieve desired 

quality weld in terms of bead geometry within the 

experimental domain. 

 

III. RESULT AND DISCUSSION 

 

A. Mathematical modeling 

The mathematical model was developed using Design Expert 

software and subsequently statistical analysis was carried 

out. For three variables, the quadratic response ‘y’ is 

described in the form of the following equation 

𝑦 = 𝑏₀+  𝑏ᵢ𝑥ᵢ +  𝑏ᵢᴊ𝑥ᵢ𝑥ᴊ +   𝑏ᵢᵢ𝑥ᵢ² 
 
Where b0 is the intercept term, bi is the linear term, bii is the 

quadratic term and bij is the interaction term. In the present 

study, the response, i.e. penetration (p) and width of weld 

bead (B), are a function of welding speed (v), Current (A) 

and flux combination (F). By applying multiple regression 

analysis on the design matrix and the response values, the 

following equation is established: 

 

Penetration (P) = -16.07500 + 0.15583*(welding Speed) + 

0.038125 * (Welding Current) + 4.1 * (Fluxes) – 4.167*10
-5

 

*(welding Speed)*(Welding Current) – 0.01*(welding 

Speed)*(Fluxes) -2.5*10
-3

 *(welding Current)*(Fluxes) – 

3.889*10
-4

 *(welding Speed)
 2

 - 9.375*10
-4

 *(welding 

Current)
2
 – 0.5 *(Fluxes)

2
---------------------------------------(1) 

Bead Width (B) = 1.09063 + 0..03375*(welding Speed) + 

0.023437*(WeldingCurrent)+1.8875*(Fluxes)– 4.16667*10
-5

 

*(welding Speed)*(Welding Current) – 2.5*10
-3

 * (welding 

Speed)*(Fluxes) -2.5*10
-3

 *(welding Current)*(Fluxes) – 

6.9444*10
-5

 *(welding Speed)
2
 -2.344375*10

-5
 *(welding 

Current)
2
 – 0.4625 *(Fluxes)

2
  --(2) 

The variance was analyzed to test the significance of fit of 

the equation shown in Table VI and Table VII.The model 

gives a highly significant F-value, demonstrating that the 

model adequately represents the actual relationship between 

the response and the variables. Any model term with p < 0.05 

is significant. The determination coefficient reflects the 

goodness of fit for the model. The model presents a 

determination coefficient (R-Squared) of 0.9149 for 

penetration and 0.9273 for the bead width, implying a high 

correlation between the experimental and the predicted 

results. 

 

 

TABLE VI 
     ANOVA FOR SECOND ORDER POLYNOMIAL EQUATION FOR PENETRATION DEPTH  

 

Source Sum of 

square 

df Mean 

square 

F 

value 

P-value 

prob>F 

Remark 

Model 2.85 9 0.32 5.97 0.0317 significant 

A-(V) 0.50 1 0.50 9.43 0.0277  

B-(I) 0.60 1 0.60 11.42 0.0197  

C-Fluxes 0.020 1 0.020 0.38 0.5659  

AB 0.010 1 0.010 0.19 0.6821  

AC 0.36 1 0.36 6.79 0.0479  

BC 0.040 1 0.040 0.75 0.4247  

A^2 0.45 1 0.45 8.53 0.0330  

B^2 0.083 1 0.083 1.57 0.2659  

C^2 0.92 1 0.92 17.42 0.0087  

Residual 0.26 5 0.053    

Lack of fit 0.26 3 0.088    

Pure error 0.000 2 0.000    

Cor. total 3.11 14     

R-squared 0.915     

 

 
TABLE VII 

         ANOVA FOR SECOND ORDER POLYNOMIAL EQUATION FOR  BEAD WIDTH 

 

Source Sum of 

square 

df Mean 

square 

F 

value 

P-value 

prob>F 

Remark 

Model 4.88 9 0.54 7.08 0.0221 significant 

A-(V) 
1.250 

E-003 
1 

1.250E

-003 
0.016 0.9033 

 

B-(I) 0.50 1 0.50 6.54 0.0509  

C-Fluxes 3.51 1 3.51 45.90 0.0011  

AB 
1.000 

E-002 
1 

1.000E

-002 
0.13 0.7325 

 

AC 0.022 1 0.022 0.29 0.6109  

BC 0.040 1 0.040 0.52 0.5020  

A^2 0.014 1 0.014 0.19 0.6822  

B^2 
5.192 

E-003 
1 

5.192E

-003 
0.068 0.8048 

 

C^2 0.79 1 0.79 10.32 0.0236  

Residual 0.38 5 0.077    

Lack of fit 0.38 3 0.13    

Pure error 0.000 2 0.000    

Cor. total 5.26 14     

R-squared 0.9273     

 
B. Effect of Process parameters on penetration and 

weld bead   width 

Prior to optimization, it is necessary to illuminate the 

influence of welding parameters on penetration and weld 

bead width. For this purpose, experiments are carried out as 

per the box behnken experiment design. The 3D response 

surface graph for the weld penetration depth is shown in 

Fig.3. With increase in welding speed, the penetration depth 

is decreases due to less heat is input during welding same is 

visible in 3D response graph.  Similarly, with increase in 

current, penetration depth also increases because at higher 

current level, heat energy entering into the work piece 

increase and hence higher penetration depth is achieved. 

Compared with welding speed, current has predominant 
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effect on the weld penetration. Maximum penetration is 

achieved, 3D response surface graphs for the weld bead 

width are shown in Fig. 4. Effect of welding speed and 

welding current is similar like weld penetration. With 

increase in current, weld bead width is increase and weld 

bead width reduces with, increase in weld speed. Maximum 

weld bead is achieved for the fluxes with combination 

(SiO2+TiO2). In conventional TIG welding, weld penetration 

was in the range of 1 to 1.58 mm. The maximum penetration 

was obtained was 1.58 mm. The maximu penetration depth 

obtained using A-TIG welding processes is 3.6 mm.  With A-

TIG welding, penetration depth increase more than 200% 

compared with conventional TIG welding.These results are 

in quite agreement with the literature results. 

Temperature gradient always exists on the surface of the A-

TIG weldment. Higher temperature gradient gets at center 

and lowers at edge of weldment due to oxide fluxes used in 

A-TIG welding. Various driving forces acting in A-TIG 

includes bouncy force, Lorentz force, shear stress induced by 

the surface tension gradient at the surface of weldment due to 

the arc plasma as well as arc pressure.  Fluid flow modes are 

changed based on surface tension.The surface tension in the 

center is lower than the surface tension at the edge of 

weldment, produces wide and shallow penetration depth got 

in conventional TIG weld. In A-TIG welding process, the 

temperature coefficient of surface tension on the molten pool 

is changed from negative to positive value. Therefore the 

surface tension at the center is higher than the edge of metal, 

which produce shallow and high depth of penetration in the 

weldment. The arc constriction is also principle factor that 

increases the penetration of weldment. Because the 

conductivity of the flux is lower than the metal vapors and 

the melting point of the flux is higher than the weld metal. 

Metal evaporation can be only generated in the central 

regions of the welding arc where the temperature is higher 

than the dissociation temperature of the flux compounds. 

When in A-TIG welding the arc constricting the plasma 

column and increase the energy density of the heat source 

and electromagnetic force of the weldment. It is indicated 

that the narrow and deep weld morphology compared with 

the convectional TIG welding.  

 

 

 

 

 
 
Fig. 33D response surface graph for A-TIG welds in mild steel plate for 

penetration depth. 
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Fig. 43D response surface graph for A-TIG welds in mild steel plate for 

weld bead width. 

 

 
 

C. Optimization of welding parameters 

Design Expert statistical software was used for the 

optimization of the process parameter for maximum 

penetration and minimum weld bead width.  By analyzing 

the response surface model, the optimum welding parameters 

were obtained, as listed in Table VIII and Table IX. To 

demonstrate the validity of the procedure, A-TIG welding 

was conducted using the optimum welding parameters. The 

experimental result exhibits highly agreement with the 

predicted value.  

TABLE VIII  
OPTIMIZED PARAMETER FOR PENETRATION (MAXIMUM) 

 

Sr. 

No 

Current  

(A) 

Speed 

(mm/min) 

Flux Penetration 

(Predicted) 

mm  

Penetration 

(Actual) 

mm 

1 110 168 2 3.71 3.7 

 
 

 

TABLE IX 
OPTIMIZED PARAMETER FOR BEAD WIDTH (MINIMUM) 

 

Sr. 

No 

Current  

(A) 

Speed 

(mm/min) 

Flux Bead width 

(Predicted) 
mm  

Bead width 

(Actual) 
mm 

1 60 210 3 5.39 5.38 

 

 

CONCLUSIONS 

 

In this study, a novel activated flux that is easy to apply and 

provides good spreadability was developed; furthermore, it 

provides increased penetration capability in mild steel. ATIG 

welding process parameters were optimized for mild steel 

joints to obtain desirable penetration and bead width and the 

results were analyzed in detail. The results are summarized 

as follows: 

 

1) A Mathematical model was developed to predict the 

weld penetration and bead width in A-TIG welding 

of mild steel. Among the three investigated 

parameters, the welding speed has predominant 

effect on the penetration. The developed 

relationships can be used to predict the penetration 

and bead width in activated TIG welding of mild 

steel within the range of parameters. 

2)  Optimum welding parameters obtained for 

maximum penetration were 110 amp current, 168 

mm/min welding speed and flux(mixture of SiO2+ 

TiO2
)
. Also optimum parameters for minimum weld 

bead width were 60 amp current, 210 mm/min 

welding speed and flux(mixture of Al2O3+ MnO2). 

3) In A-TIG welding process, the temperature 

coefficient of surface tension on the molten pool is 

changed from negative to positive value. Therefore 

the surface tension at the center is higher than the 

edge of metal, which produce shallow and high 

depth of penetration in the weldment. 
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Abstract—This paper shows the literature survey on 

optimization of various turning process parameters such as 

speed, feed, doc, cutting condition etc to optimize the various 

output parameters such as surface roughness, MRRetc and 

suggest the multi-objective optimization technique for 

optimizing input parameters of AISI 1040 alloy steel by using 

taguchi based approach.  

 

Keywords— Taguchi Method, MRR, Cutting Condition, Nose 

radius. 

I. INTRODUCTION 

he challenge of modern machining industries is mainly 

focused on the achievement of high quality, in term of 

work dimensional accuracy, surface finish. surface texture is 

concerned with the geometric irregularities. the quality of a 

surface is significantly important factor in estimating the 

productivity of machine tool and machined parts. the surface 

roughness of machined parts is a significant effects on some 

functional attributes of parts, such as, contact causing surface 

friction, wearing, light reflection, ability of distributing and 

also holding a lubricant, load bearing capacity, coating and 

resisting fatigue. in manufacturing industries, manufacturers 

attentive on the quality and productivity of the product. there 

are many factors which affect the surface roughness and 

material removal rate (mrr) i.e. cutting conditions, tool 

variables and work piece variables. cutting conditions 

include speed, feed and depth of cut and also tool variables 

include tool material, nose radius, rake angle, cutting edge 

geometry, tool vibration, tool overhang, tool point angle etc. 

and work piece variable include hardness of material and 

mechanical properties. it is very difficult to take all the 

parameters that control the surface roughness and material 

removal rate for a particular process. In a turning operation, 

it is very difficult to select the cutting parameters to achieve 

the high surface finish and material 

removalrate.Thereforemulti-objective optimization is one of 

the technique which helps to optimize the various input 

parameters to achieve the desired output. 

II. LITERATURE SURVEY 

1.Quazi T Z, etal[1],In this paper an attempt is made to 

review the literature on optimizing machining parameters in 

turning processes by Taguchi method. The settings of turning 

parameters were determined by using Taguchi’s 

experimental design method. Orthogonal arrays of Taguchi, 

the signal-to-noise (S/N) ratio, the analysis of variance 

(ANOVA) are employed to find the optimal levels and to 

analyze the effect of the turning parameters.  

2.A.V.N.L Sharma, etal [2],This paper discusses an 

investigation into the use of Taguchi parameter Design and 

Regression analysis to predict and optimize the surface 

roughness and metal removal rate in turning operations using 

CVD cutting tool.  

3.KAdarsh Kumar etal [3],The purpose of this research 

paper is focused on the analysis of optimum cutting 

conditions to get lowest surface roughness in facing by 

regression analysis. This present paper presents an 

experimental study to investigate the effects of cutting 

parameters like spindle speed, feed and depth of cut on 

surface finish on EN-8. A multiple regression analysis (RA) 

using analysis of variance is conducted to determine the 

performance of experimental measurements and to it shows 

the effect of cutting parameters on the surface roughness. 

Multiple regression modeling was performed to predict the 

surface roughness by using machining parameters. The 

investigation of influence of cutting conditions in facing 

operation of EN-8 in this paper. Machining was done using 

cemented carbide insert. The objective was to establish 

correlation between cutting speed, feed rate and depth of cut 

and optimize the turning conditions based on surface 

roughness. These correlations are obtained by multiple 

regression analysis (RA). 

4.Mittal PBrahmbhatt etal [4],The present study illustrates 

the performance of MTCVD multicoated carbide insert in 

dry turning of EN9 steel. The effect of insert and cutting 

parameter on surface roughness and MRR is investigated. 

The experiments were conducted at three different spindle 

speed, feed and depth of cut. The cutting parameters are 

optimized using Taguchi method and the effect of cutting 

parameters and tool material on surface roughness was 

evaluated by the analysis of variance. The analysis indicated 

that the parameter that have the biggest effect on surface 

roughness and MRR is feed. 

T 
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5.AnandS.Shivade, etal [5],This paper presents the single 

response optimization of turning parameters for Turning on 

EN8 Steel. Experiments are designed and conducted based 

on Taguchi’s L9 Orthogonal array design. This paper 

discusses an investigation into the use of Taguchi parameter 

Design optimize the Surface Roughness and Tool tip 

temperature in turning operations using single point carbide 

Cutting Tool. The Analysis of Variance (ANOVA) is 

employed to analyze the influence of Process Parameters 

during Turning. The useful results have been obtained by this 

research for other similar type of studies and can be helpful 

for further research works on the Tool life. 

6.Neerajsharma etal [6],The present study applied extended 

Taguchi method through a case study in straight turning of 

mild steel bar using HSS tool for the optimization of process 

param. The study aimed at evaluating the best process 

environment which could simultaneously satisfy 

requirements of both quality as well as productivity with 

special emphasis on reduction of cutting tool flank wear, 

because reduction in flank wear ensures increase in tool life. 

The predicted optimal setting ensured minimization of 

surface roughness. From the present research of ANOVA it 

is found the Depth of cut is most significant, spindle speed is 

significant and feed rate is least significant factor effecting 

surface roughness. 

7.K Saravankumar etal [7],This paper is aimed at 

conducting experiments on Inconel 718 and investigation the 

influence of machining process parameters such as cutting 

speed (X1, m/min), feed rate(X2, mm/rev), and depth of cut 

(X3, mm) on the output parameters such as material removal 

rate and surface roughness. 

8.P.P.Shirpurkar etal [8],In this study, the effects of cutting 

speed, feed rate,depth of cut, nose radius and cutting 

condition on surface roughness and vibration chatter in the 

turning were experimentally investigated. EN 24 steel was 

machined using carbide tool on CNC lathe machine.The 

settings of turning parameters were determined by using 

Taguchi’s experimental design method. Orthogonal arrays of 

Taguchi, the signal-to-noise (S/N) ratio, the analysis of 

variance (ANOVA) are employed to find the optimal levels 

and to analyze the effect of the turning parameters. Results 

show that Nose Radius and the Cutting Speed and cutting 

condition are the three Parameters that influence the Surface 

Roughness more effectively. Finally, the ranges for best 

cutting conditions are proposed for serial industrial 

production. 

9.F Jafarian etal [9],The goal is to propose a useful and 

effective method to determine optimal machining parameters 

in order to minimize surface roughness, resultant cutting 

forces and maximize tool life in the turning process. At first, 

three separate neural networks were used to estimate outputs 

of the process by varying input machining parameters. Then, 

these networks were used as optimization objective functions. 

Moreover, the proposed algorithm, namely, GA and PSO 

were utilized to optimize each of the outputs, while the other 

outputs would also be kept in the suitable range. The 

obtained results showed that by using trained neural 

networks with genetic algorithms as optimization objective 

functions, a powerful model would be obtained with high 

accuracy to analyze the effect of each parameter on the 

output(s) and optimally estimate machining conditions to 

reach minimum machining outputs. 

10.P Venkata Ramaiah etal [10],In this paper an attempt is 

made to obtain optimum turning parameters for minimum 

cutting forces and cutting temperature by using Fuzzy Logic. 

In this work, turning is performed on Al 6061 work material 

under dry conditions with CNMG cutting tool according to 

Taguchi experimental design. The Experimental responses 

like cutting temperature and cutting force are measured for 

different influential parameter combinations. The 

Experimental data is analyzed using Fuzzy Logic and 

optimum parameters combination is determined. The 

optimum parameters combination is tested by confirmation 

experiment and the result is satisfactory. 

11.MAdinarayana etal [11],The paper envisages the study 

to optimize the effects of process variables on surface 

roughness, MRR and power consumption of En24 of work 

material using PVD coated tool. In the present investigation 

the influence of spindle speed, feed rate, and depth of cut 

were studied as process parameters. The experiments have 

been conducted using full factorial design in the design of 

experiments (DOE) on a conventional lathe. A Model has 

been developed using regression technique. The optimal 

cutting parameters for minimum surface roughness, 

maximum MRR and minimum power consumption were 

obtained using Taguchi technique. The contribution of 

various process parameters on response variables have been 

found by using ANOVA technique. 

12.Yacov sahijpaul etal [12],The purpose of this 

experimental investigation was to analyse the effect of 

controlled cutting parameters namely cutting speed, feed rate, 

depth of cut, cutting fluid concentration and two cutting 

fluids with different base oils on surface roughness (Ra) of 

EN8 or AISI 1040 steel during turning operation by applying 

design of experiments, custom design method, analysis of 

variance, leverage plots and desirability profiling using JMP 

software to optimize surface roughness during wet CNC 

turning operation. The analysis reveals that feed rate has the 

most significant effect on surface roughness (Ra) and value 

of surface roughness does not significantly differ for two 

different cutting fluids used. 

13.Vaibhav B. Pansare etal [13],In this paper, attempt is 

made to obtain optimum turning parameters for minimum 

surface roughness value by using Ant Colony Optimization 

(ACO) algorithm in multipass turning operation. The cutting 

process has roughing and finishing stage. Also the 

relationship between the parameters and the performance 

measures were determined using multiple linear regression, 

this mathematical model is used to determine optimal 

parameters. The experimental results shows that the proposed 

technique is both effective and efficient. 

14.Er Sandeep Kumar etal [14], Engineering materials are 

presently in use at a very vast range in today’s industries. As 

Mild steel 1018 has a wide variety of applications in 

construction of pipelines, products, construction as structural 

steel, car manufacturing industries and other major industries. 

The machining of these types of materials requires very 
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important consideration. There are a number of parameters 

like cutting speed, feed and depth of cut etc. which must be 

given consideration during the machining of this alloy. So it 

becomes necessary to find out the ways by which it can be 

machined easily and economically. For the present work the 

parameter to be optimised selected is material removal rate 

that is optimised by using selected combination of machining 

parameters by using taguchi orthogonal array.  

15.Girish Tilak Shet etal [15],This paper presents the 

optimization of surface roughness parameters in turning 

EN1A steel on a CNC lathe. In this work, the Taguchi 

methods, a powerful statistical tool to design of experiments 

for quality, is used to find the optimal cutting parameters for 

turning operations. Analysis of Variance has been used to 

determine the influencing parameters on the output responses. 

Using Taguchi technique, we have reduced number of 

experiments from 27 to 9 there by the total cost of the project 

is reduced by 66.66%. The results obtained are encouraging 

and the concluding remarks are helpful for the manufacturing 

industries. 

16.Krishankant etal [16],This paper reports on an 

optimization of turning process by the effects of machining 

parameters applying Taguchi methods to improve the quality 

of manufactured goods, and engineering development of 

designs for studying variation. EN24 steel is used as the 

work piece material for carrying out the experimentation to 

optimize the Material removal rate. 

III. AIMS & OBJECTIVES 

1.To Optimize Multiple Objectives Such As 

a.Surface Roughness (SR) 

b.Material Removal Rate(MRR) 

c.Cutting Forces 

d.Tool life 

e.Tool Wear 

f.Vibration 

2.To Make The Process Standardize. 

3.To Find The Optimal Setting For Process Parameters Such 

As 

       a. Cutting Speed 

       b. Feed rate 

       c. Depth of Cut 

       d. Cutting Condition 

       e. Nose Radius 

 

IV. METHODOLOGY 

For optimization of various process parameters of turning 

process for AISI 1040 alloy steel, Following are the required 

steps which we are going to follow. 

 Literature Survey, 

 Data collection from relevant industries and reputed 

journals,  

 Study of data collection, 

 Planning of Experimental for turning AISI 1040 

material, 

 Experimental Set up, 

 Measurement of multi- outputs, 

 Application of Taguchi Method, 

 Application of various Multi-objective optimization 

techniques, 

 ANOVA, 

 Finding optimal setting of cutting process 

parameters for each technique, 

 Comparison of various Multi-objective optimization 

techniques, 

 Conducting Confirmatory test. 

 

V. TAGUCHI BASED DESIGN OF EXPERIMENTS 

 

Among the available methods, Taguchi design is one ofthe 

most powerful DOE methods for analyzing ofexperiments. It 

is widely recognized in many fieldsparticularly in the 

development of new products andprocesses in quality 

control. The salient features of themethod are as follows: 

a. A simple, efficient and systematic method tooptimize 

product/process to improve the performanceor reduce the 

cost. 

b. Help arrive at the best parameters for the 

optimalconditions with the least number of 

analyticalinvestigations. 

c. It is a scientifically disciplined mechanism forevaluating 

and implementing improvements inproducts, processes, 

materials, equipments andfacilities. 

d. Can include the noise factor and make the designrobust. 

e. Therefore, the Taguchi method has great potential inthe 

area of low cost experimentation. Thus it becomesan 

attractive and widely accepted tool to engineers andscientists. 

Taguchi defines three quality characteristics in terms ofsignal 

to noise (S/N) ratio which can be formulated fordifferent 

categories which are as follows: 

 

a. Nominal and small are best characteristics 

Data sequence for surface finish and tool wear, whichare 

lower-the-better performance characteristics, arepre 

processed as per equations. 

S/N = -10 log (ŷ/s2y)………………….1, 

S/N = -10 log ((l/n) (Σy2))……….……2 

 

b. Larger is best characteristics 

Data sequence for material removal rate, which is higher-the 

better performance characteristics, is preprocessed as per 

equation 3. 

S/N = -10 log ((1/n) (Σ (1/y2))……..…3, 

Where, y is value of response variables and n is thenumber of 

observations in the experiments. Taguchimethod- based 

design of experiments involvedfollowing steps, 

a. Definition of the problem 

b. Identification of noise factors 

c. Selection of response variables 

d. Selection of control parameters and their levels 

e. Identification of control factor interactions 
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f. Selection of the orthogonal array 

g. Conducting the matrix experiments (experimental 

procedure and set-ups) 

h. Analysis of the data and prediction of optimum level 

a. Definition of the problem 

A brief statement of the problem under investigation is―To 

optimize the turning process parameters tominimize surface 

roughness, increase tool life,minimize tool 

wear,reducedvibration,cuttingtemerature andmaximize the 

material removal rate.‖ 

 

c. Identification of noise factors 

The environment in which experiments are performedis the 

main external source of variation of performanceof turning 

process. Some examples of theenvironmental noise factors 

are temperature, vibrationsand human error in operating the 

process. 

 

d. Selection of response variables 

In any process, the response variables need tobe chosen so 

that they provide useful information aboutthe performance of 

the process under study. Variousparameters used while 

designing the experiments. Byconsidering all parameters 

given below and by takingliterature review as technical base 

Surface finish (Ra),MRR,Temperature, Toollife, Toolwear, 

Vibrations,Cutting forces are chosen as response variables. 

 

VI. SELECTION OF WORK AND TOOL MATERIAL 

 

A. Test Specimen 

 

The work material used for the present study is EN8. EN8 is 

high tensile alloy steel well-known for its wearresistance 

properties and also where high strengthproperties are 

required. 

 

C Si Mn S P 

0.4% 0.25% 0.8% 0.015% 0..015% 

 

 

Fig: Chemical Composition of EN8 

 

B. Cutting Tool 

 

The recently developed tool materials like coatedcarbides 

have improved the productivity levels ofdifficult to machine 

materials. Table gives thespecification of different tool 

material. The coatedcarbide tool reduces wear and tear 

between tool insertand workpiece. Thus coated carbide tool 

was selectedfor turning of cast iron. Cutting Tool used is 

carbideinsert tool CNMG120408 & CNMG120412 

(ISOcatalog Number). 

 

 

 
 

Fig: Cutting tool insert 
 

 
 

Fig: Specification of cutting tool inserts 

 

VII.SELECTION OF ORTHOGONAL ARRAY 

 

Selection of particular orthogonal array from thestandard 

O.A depends on the number of factors, levels of each factor 

and the total degrees of freedom. 

i) Number of control factors = 5 

ii) Number of levels for first four controlfactors = 4 

iii) Number of levels for fifth control factor = 2 

iv) Degree of freedom of each factor= number oflevel-1 

v) Degree of freedom of first four controlfactors = 4-1=3 

vi) Degree of freedom of fifth controlfactors = 2-1=1 

vii) Total degrees of freedom of factors = sum ofDegree of 

freedom of allfactors= (3+3+3+3+3+1) =13 

viii) Minimum number of experiments to beconducted 

=13+1=14. 

Based on these values and the required minimum number 

of experiments to be conducted (14), the nearest O.A. 

fulfilling this condition is L16 . 

 

DOE( FOR NOISE FACTOR V1) 

 

Run 

FEED 

RATE                 

(mm/rev

) 

DEPT

H                     

OF 

CUT                    

(mm) 

NOSE 

RADI

US                      

(mm) 

CUTTIN

G               

CONDI

TION 

TOOL TYPE 

1 0.15 0.5 0.4 DRY  UNCOATED 

2 0.15 1 0.8 WET UNCOATED 

3 0.15 1.5 1.2 MQL-I CAOTED(PVD) 

4 0.15 2 1.6 MQL-II CAOTED(PVD) 

5 0.2 0.5 0.8 MQL-I CAOTED(PVD) 

6 0.2 1 0.4 MQL-II CAOTED(PVD) 

7 0.2 1.5 1.6 DRY  UNCOATED 

8 0.2 2 1.2 WET UNCOATED 

Carbide Tool 

inserts  

(ISO Catalog 

Number) 

D 

(mm) 

L10(m

m) 

S 

(mm) 

Rє 

(mm) 

D1 

(mm) 

CNMG120404CT 12.7 12.9 4.76 0.4 5.16 

CNMG120408CT 12.7 12.9 4.76 0.8 5.16 

CNMG120412CT 12.7 12.9 4.76 1.2 5.16 

CNMG120416CT 12.7 12.9 4.76 1.6 5.16 
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9 0.25 0.5 1.2 MQL-II UNCOATED 

10 0.25 1 1.6 MQL-I UNCOATED 

11 0.25 1.5 0.4 WET CAOTED(PVD) 

12 0.25 2 0.8 DRY  CAOTED(PVD) 

13 0.3 0.5 1.6 WET CAOTED(PVD) 

14 0.3 1 1.2 DRY  CAOTED(PVD) 

15 0.3 1.5 0.8 MQL-II UNCOATED 

16 0.3 2 0.4 MQL-I UNCOATED 

DOE( FOR NOISE FACTOR V2) 

  

 DOE( FOR NOISE FACTOR V3) 

  

 

VIII. CONCLUSION 

From above literature review, it is seen that a very few 

researchers have used a multi-objective optimization 

technique for AISI 1040 considering cutting speed, feed rate, 

depth of cut, nose radius, cutting condition and tool type to 

optimize surface roughness, MRR,  cutting force, tool life 

and vibration. So, it becomes necessary to work in this field. 
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CONDITIO

N 

TOOL TYPE 

1 0.15 0.5 0.4 DRY  UNCOATED 

2 0.15 1 0.8 WET UNCOATED 

3 0.15 1.5 1.2 MQL-I CAOTED(PVD) 

4 0.15 2 1.6 MQL-II CAOTED(PVD) 

5 0.2 0.5 0.8 MQL-I CAOTED(PVD) 

6 0.2 1 0.4 MQL-II CAOTED(PVD) 

7 0.2 1.5 1.6 DRY  UNCOATED 

8 0.2 2 1.2 WET UNCOATED 

9 0.25 0.5 1.2 MQL-II UNCOATED 

10 0.25 1 1.6 MQL-I UNCOATED 

11 0.25 1.5 0.4 WET CAOTED(PVD) 

12 0.25 2 0.8 DRY  CAOTED(PVD) 

13 0.3 0.5 1.6 WET CAOTED(PVD) 

14 0.3 1 1.2 DRY  CAOTED(PVD) 

15 0.3 1.5 0.8 MQL-II UNCOATED 

16 0.3 2 0.4 MQL-I UNCOATED 

Ru

n 

FEED 

RATE                 

(mm/re

v) 

DEPT

H                     

OF 

CUT                    

(mm) 

NOSE 

RADIU

S                      

(mm) 

CUTTIN

G               

CONDIT

ION 

TOOL TYPE 

      

1 0.15 0.5 0.4 DRY  UNCOATED 

2 0.15 1 0.8 WET UNCOATED 

3 0.15 1.5 1.2 MQL-I CAOTED(PVD) 

4 0.15 2 1.6 MQL-II CAOTED(PVD) 

5 0.2 0.5 0.8 MQL-I CAOTED(PVD) 

6 0.2 1 0.4 MQL-II CAOTED(PVD) 

7 0.2 1.5 1.6 DRY  UNCOATED 

8 0.2 2 1.2 WET UNCOATED 

9 0.25 0.5 1.2 MQL-II UNCOATED 

10 0.25 1 1.6 MQL-I UNCOATED 

11 0.25 1.5 0.4 WET CAOTED(PVD) 

12 0.25 2 0.8 DRY  CAOTED(PVD) 

13 0.3 0.5 1.6 WET CAOTED(PVD) 

14 0.3 1 1.2 DRY  CAOTED(PVD) 

15 0.3 1.5 0.8 MQL-II UNCOATED 

16 0.3 2 0.4 MQL-I UNCOATED 
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Abstract— The groundwater contaminated with arsenic is often 

associated with unwanted natural organic matters and 

microorganisms. It is therefore important to develop multi 

functional technologies for the treatment of groundwater. The 

toxicology and health hazard also has been reported for many 

years. Because of the recognition that arsenic at low 

concentrations in drinking water causes severe health effects, the 

technologies of arsenic removal that have become increasing 

important. High arsenic concentrations have been reported 

recently from the USA, China, Chile, Bangladesh, Taiwan, 

Mexico, Argentina, Poland, Canada, Hungary, Japan and India. 

The health hazard of arsenic is an important issue therefore this 

paper aims to review briefly arsenic toxicology and hazards and 

also the previous and current available technologies that have 

been reported in arsenic removal. 

 

Key words: Arsenic removal, Health hazard, , Technology, 

Toxicology 

 

I. INTRODUCTION 

he word arsenic is derived from Latin, arsenicum, and 

Greek, arsenikon, meaning ―yellow orpiment‖, identified 

with arsenikos, meaning ―male‖, from the Greek belief that 

metals were of different sexes. The Arabic derivation was 

from Az-zernikh, meaning ―the orpiment‖, which came from 

Persian, Zeni-zar, meaning ―gold‖. It is believed that Albertus 

Magnus obtained the element in 1250 AD. In 1649 Schroeder 

published two methods of preparing the element. In 1733 

Brandt showed that white arsenic is the oxide of the metal. 

Records showed that arsenic was extensively used by the 

poison brewers of the middle ages. In the Renaissance it was 

Paracelsus who pioneered the use of arsenic compounds in 

medicine. Arsenic acid and arsine, the hydride, were 

discovered by Scheele in 1775. Arsenic trioxide has been 

produced in China for some 500 years.  

Arsenic (atomic number 33) is ubiquitous and ranks 20th in 

natural abundance, comprising about 0.00005% of the earth’s 

crust, 14th in the seawater, and 12th in the human body [1]. It 

is mobilized through a combination of natural processes such 

as weathering reactions, biological activity and volcanic 

emissions [2,3] as well as through a range of anthropogenic 

activities such as gold mining, non-ferrous smelting, 

petroleum-refining, combustion of fossil fuel in power plants 

and the use of arsenical pesticides and herbicides [2-6] 

Arsenic found in soil either naturally occurring or from 

anthropogenic releases forms insoluble complexes with iron, 

aluminum, andmagnesium oxides found in soil surfaces, and 

in this form, arsenic is relatively immobile. Arsenic can  

 

liberate from these complexes under some circumstances. 

Since arsenic in soils is highly mobile, once it is liberated, it 

results in possible groundwater contamination [7–11]. 

II. USES OF ARSENIC AND ITS EFFECT 

(1)In Agriculture: Lead arsenate, copperacetoatoarsenite, 

sodium arsenite, calcium arsenate and organic arsenic 

compounds are used as pesticides.  Methyl arsonic acid and 

dimethyl arsinic acid are used as selective herbicides. 

Problem with As in Agriculture: 

Rice grown in the United States contains an average of 1.4 to 

5 times more arsenic than rice from Europe, India and 

Bangladesh, according to a survey of grains from around the 

world. Rice is the agricultural product most likely to contain 

high levels of arsenic because it's grown in flooded paddies. 

The watery, oxygen-free environment causes naturally 

occurring arsenic in the soil to be freed and thus more readily 

taken up by the plant. 

(2)In Forestry:  Chromated copper arsenite (CCA) used as 

fungicide, sodium arsenate and zinc arsenate are used as wood 

preservatives. 

When CCA is used the copper in the treatment acts as a 

fungicide while the arsenic acts as an insecticide.  The arsenic 

in this treatment makes this potentially hazardous to humans 

and the environment. 

Problems with arsenic in forestry: 

Issues arising from CCA treated timber are as follows:  

(i)Accumulation of arsenic on the treated timber’s surface, 

directly exposing humans to arsenic.  

(ii)Accumulation of arsenic in surrounding soils, thus 

contaminating soils and increasing the risk of arsenic — 

uptake by plants. 

(iii)Arsenic leaching into ground water and downstream 

waterways, which can lead to plants and animal-uptake of 

arsenic. 
 

(3)In Industry:  Arsenic is used in the preparation of dyes, 

poisonous gas, transistor, as a component of semiconductor, 

as a preservative in tanning and in the industry of textile, 

paper etc. 
 

(4)In Pharmaceutical:  Small amount of arsenic continue to 

be used as drugs in some countries.  Medicine arsenic has 

been used since the 5
th

 century BC when Hippocrates 

recommended the use of an arsenic sulfide for the treatment of 

abscess. Arsenic preparations have been used for the treatment 
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of skin disorder, tuberculosis, leukemia, asthma, leprosy, 

syphilis, amoebic dysentery etc.. Homeopaths are  also using 

arsenic as drug. 

 

III. HEALTH EFFECT DUE TO ARSENIC 

Health effects caused by arsenic depend on a variety of things. 

These include the type and amount of arsenic that has entered 

the body, how long you have been exposed to arsenic, and 

how the body responds to arsenic. Unborn babies, young 

children, people with long-term illnesses and elderly people 

are at greatest risk due to arsenic exposure. 

The toxicity of arsenic to humans is well known, and the 

ingestion of as little as 100 milligrams (mg) can result in 

severe poisoning. The effects of the poison, when ingested in 

small amounts, appear very slowly; in fact it may take several 

years for the poisoning to become apparent. Chronic arsenosis 

can, in its most extreme form, cause death. Inorganic arsenic 

is absorbed readily from the gastrointestinal tract and becomes 

distributed throughout the body tissues and fluids. Studies link 

inorganic arsenic ingestion to a number of health effects. 

These health effects include: 

Cancerous Effects: skin, bladder, lung, kidney, nasal passages, 

liver and prostate cancer; and 

Non-cancerous effects: cardiovascular, pulmonary, 

immunological, neurological and 

endocrine (e.g., diabetes) effects. 

In general, there are four recognized stages of arsenicosis, or 

chronic arsenic poisoning:  

(a)Preclinical: the patient shows no symptoms, 

but arsenic can be detected in urine or body tissue samples. 

(b)Clinical: various effects can be seen on the skin at this 

stage. Darkening of the skin (melanosis) is the most common 

symptom, often observed on the palms. Dark spots on 

thechest, back, limbs or gums have also been reported. 

Oedema (swelling of hands and feet) is often seen. A more 

serious symptom is keratosis, or hardening of skin into 

nodules, often on palms and soles. WHO estimates that this 

stage requires 5–10 years of exposure to arsenic. 

(c)Complications: clinical symptoms become more 

pronounced and internal organ are 

affected. Enlargement of liver, kidneys and spleen have been 

reported. Some research 

indicates that conjunctivitis (pinkeye), bronchitis and diabetes 

may be linked to arsenic exposure at this stage. 

(d)Malignancy: tumors or cancers (carcinoma) affect skin or 

other organs. The affected person may develop gangrene or 

skin, lung or bladder cancer. 

IV. TOXIC LIMITS OF ARSENIC 

The elevated concentrations of arsenic in the environment 

occur from both natural and anthropogenic sources [6]. Many 

industries such as mining, petroleum refining, wood 

preservation, and the production of pesticide, herbicide, and 

ceramic also contribute to arsenic contamination in water 

sources. Arsenic high contents in groundwater destined to 

human consume constitute one of the most important 

problems related to population health in many countries in the 

world. Among affected countries, are Argentina, Bangladesh, 

Canada, Chile, China, Hungary, India (West Bengal), Mexico, 

Pakistan, Romania, Taiwan, Vietnam and USA. 

World Health Organization (WHO) and the Environment 

Protection Association (EPA) have classified arsenic as 

cancerous, and established a maximum guide value [12- 21].  

 

V. EPA LIMITS FOR 

(a)Water: EPA has set a limit of 0.001 ppm (10 ppb) of 

arsenic in drinking water. 

(b)Soil: It has been reported that EPA has set a limits of 10 

ppm (10 mg per kg) of arsenic in soil. Arsenic levels over this 

limit empower EPA to order an owner-funded cleanup of a 

commercial site.   

(c)Air: The Occupational Safety and Health Administration, 

OSHA, established a maximum permissible exposure limit for 

workplace airborne inorganic arsenic of 10 micrograms per 

cubic meter averaged over an eight-hour day.  

VI. DETECTION - DOSAGE MECHANISM 

Warning Signs: Both inorganic and organic Arsenic give no 

warning of its presence. arsenic compounds are white or 

colorless powders that have no specific taste or odor. Given 

the minute amount required to produce a lethal effect, the lack 

of a warning sign makes these very deadly substances.  

Presence: Inorganic arsenic is found in many kinds of rock, 

especially in ores that contain copper or lead. When these ores 

are smelted to extract the copper or lead, most of the arsenic is 

collected for pesticide. Like radiation, everyone is exposed to 

low levels of arsenic (especially inorganic arsenic) because 

very low levels of it are always present in soil, water, food and 

air. The average person ingests about 8 micrograms (about 

8/1000 of a gram) in food every day. Arsenic is also present in 

cigarette smoke where it originates from insecticides on 

tobacco.  

Uptake Mechanisms: Arsenic can be taken in by ingestion, 

aspiration by breathing dust, and, to a much lesser degree, by 

absorption through the skin. Accidental poisoning has been 

reported to occur from wearing inadequate clothing when 

applying arsenic-based products.  

A lethal dose of Arsenic can also be achieved by a cumulative 

process over two months. Multiple sub-lethal doses received 

over a period of several weeks can accumulate in the body to 

achieve a lethal dose. And at very small doses, arsenic is 

carcinogenic. 

VII. CHEMISTRY OF ANTIMONY 

Arsenic has a unique chemistry which allows it to exist as an 

oxo-anion in natural waters regardless of whether it exists in 
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arsenite (+3) or arsenate (+5) form, the two most dominant 

forms of arsenic in water.[46]  

In general, the trivalent form, arsenic (III) species 

[As (III)], is the dominant species under reducing conditions 

and the pentavalent form, arsenic (V) species [As (V)], is the 

dominant species under oxidizing conditions.  

Depending on the redox condition, pH range, 

presence of complexing ions and the microbial activity of the 

environment, As (V) species may exist as arsenic acid 

(HaASO4) and arsenate ions (H2AsO4
-1

, HAsO4
2-

, AsO4
3-

). 

Similarly, As (III) species may be present as arsenious acid 

(H3AsO3) and arsenite ions (H2AsO3
-1

, HAsO3
2-

, and AsO3
3-

).  

The pH of community water supplies is found to be 

between 6 and 9. In this pH range, deep ground waters contain 

As (Ill) in the form of HaASO3. As (III) species oxidizes to As 

(V) species in the presence of oxygen (pumping ground water 

to surface), chlorine (disinfections of water), hydrogen 

peroxide or potassium permanganate. In shallow groundwater 

and surface water sources, As (V) in the form of H2AsO
-1

 and 

HAsO
-2

 are the dominant species. Because of its ionic charge, 

As (V) is easier to remove from source waters than As (III). 

At pH 8 (the pH of interest for this study), As (V) species 

exist in water as di-anionic form (HAsO
-2

) and the Eh values 

of water are between -150 mV and 758 mV 

The oxo-anion configuration allows arsenic to 

interact with metal (hydr)oxide surfaces by forming 

monodentate and bidentate inner-sphere complexes. This 

interaction makes many of the metal (hydr)oxide materials 

suitable media for removal of arsenic from water by 

adsorption 

Efficiency of treatment methods depends on the 

aqueous chemistry of arsenic. Arsenic exists in a variety of 

inorganic forms and oxidation states in water. The speciations 

of arsenic are dependent on the type and amounts of sorbents, 

pH, redox potential, and microbial activity. The predominant 

As(III) compound is neutral in charge, while the As(V) 

species are negatively charged in the pH range of 4–10. 

Therefore As(III) is less efficiently removed than As(V) from 

aqueous solutions by almost all of the arsenic removal 

technologies and preoxidation of As(III) to As(V) using some 

oxidizing chemical agents are necessary for better removal 

[22-45]. 

VIII. TECHNIQUES FOR REMOVAL OF ARSENIC FROM WATER 

SAMPLE 

The stricter regulation on arsenic in drinking water leads to a 

great challenge to conventional water treatment technologies. 

The conventional technologies for arsenic removal from 

aqueous solution include coagulation, electrocoagulation, 

coprecipitation, ion-exchange, adsorption, and membrane 

filtration through nanofiltration (NF) membrane. Most of them 

however have one or more drawbacks and limitations. 

Membrane filtration can be used for arsenic decontamination 

when it is operated with the NF mode [1]. It normally requires 

high working pressure and costly membrane. Microfiltration 

(MF) and ultrafiltration (UF) need much lower pressure in the 

operation; however, they normally cannot remove the 

dissolved arsenic with an acceptable efficiency. Few UF 

membranes can achieve slightly better performance for 

removal of arsenic. However, the operation is often sensitive 

to the water chemistry [2,3]. Recently, affinity membranes are 

thus developed with an inclusion of adsorptive materials 

during their fabrication. The membrane filtration operated 

under MF and UF modes may be effective in removal of 

dissolved inorganic contaminants [4]. Adsorption is an 

efficient method for removal of trace toxic pollutants present 

in water. Various adsorbents have been developed and used 

for the decontamination of arsenic containing water. Iron 

oxide based sorbents are commonly studied and reported in 

the literatures for treatment of arsenic contaminated water 

[5,6]. Zirconium based sorbents have recently been reported 

for their high efficiency in removing arsenic. Balaji et al. 

studied the removal ofAs(V) and As(III) by Zr-loaded lysine 

diacetic acid chelating resin [7]. The maximum sorption 

capacities were 0.656 and 1.184 mmol/g for As(V) and 

As(III), respectively. Zirconium was loaded on a phosphoric 

chelate adsorbent through the polymerization technology [8]. 
Removal efficiencies for As(III) are poor compared to 

removal As(V) by any of the technologies evaluated due to the 

negative charge.  

Coagulation/Filtration (C/F), is an effective treatment process 

for removal of As(V) according to laboratory and pilot-plant 

tests. The type of coagulant and dosage used affects the 

efficiency of the process. Within either high or low pH ranges, 

the efficiency of C/F is significantly reduced. Alum 

performance is slightly lower than ferric sulfate. Other 

coagulants were also less effective than ferric sulfate. Disposal 

of the arsenic-contaminated coagulation sludge may be a 

concern especially if nearby landfills are unwilling to accept 

such a sludge.   

Lime Softening (LS) operated within the optimum pH range of 

greater than 10.5 is likely to provide a high percentage of As 

removal for influent concentrations of 50 µg/L. However, it 

may be difficult to reduce consistently to 1 µg/L by LS alone. 

Systems using LS may require secondary treatment to meet 

that goal.   

Activated Alumina(AA) is effective in treating water with high 

total dissolved solids (TDS). However, selenium, fluoride, 

chloride, and sulfate, if present at high levels, may compete 

for adsorption sites. AA is highly selective towards As(V); 

and this strong attraction results in regeneration problems, 

possibly resulting in 5 to 10 percent loss of adsorptive 

capacity for each run. Application of point-of-use treatment 

devices would need to consider regeneration and 

replacement.   

Ion Exchange (IE) can effectively remove arsenic. However, 

sulfate, TDS, selenium, fluoride, and nitrate compete with 

arsenic and can affect run length. Passage through a series of 

columns could improve removal and decrease regeneration 
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frequency. Suspended solids and precipitated iron can cause 

clogging of the IE bed. Systems containing high levels of 

these constituents may require pretreatment.   

Reverse Osmosis (RO) provided removal efficiencies of 

greater than 95 percent when operating pressure is at ideal psi. 

If RO is used by small systems in the western U. S., 60% 

water recovery will lead to an increased need for raw water. 

The water recovery is the volume of water produced by the 

process divided by the influent stream (product water/influent 

stream). Discharge of reject water or brine may also be a 

concern. If RO is used by small systems in the western U. S., 

water recovery will likely need to be optimized due to the 

scarcity of water resources. The increased water recovery can 

lead to increased costs for arsenic removal.   

Electrodialysis Reversal (EDR) is expected to achieve 

removal efficiencies of 80 percent. One study demonstrated 

arsenic removal to 3 µg/L from an influent concentration of 21 

µg/L.   

Nanofiltration (NF) was capable of arsenic removals of over 

90%. The recoveries ranged between 15 to 20%. A recent 

study showed that the removal efficiency dropped 

significantly during pilot-scale tests where the process was 

operated at more realistic recoveries. If nanofiltration is used 

by small systems in the western U. S., water recovery will 

likely need to be optimized due to the scarcity of water 

resources. The increased water recovery can lead to increased 

costs for arsenic removal.   

Point of Use/Point of Entry (POU/POE)The 1996 SDWA 

amendments specifically identify Point-of-Use (POU) and 

Point-of-Entry (POE) devices as options that can be used for 

compliance with NPDWRs. POU and POE devices can be 

effective and affordable compliance options for small systems 

in meeting a new arsenic MCL. A Federal Register notice is 

being prepared by EPA to delete the prohibition {§141.101} 

on the use of POU devices as compliance technologies. 

Because of this prohibition, few field studies exist on the 

application of POU and POE devices. One such case study 

was performed by EPA, in conjunction with the Village of San 

Ysidro, in New Mexico (Rogers 1990). The study was 

performed to determine if POU Reverse Osmosis (RO) units 

could satisfactorily function in lieu of central treatment to 

remove arsenic and fluoride from the drinking water supply of 

a small rural community of approximately 200 people. A RO 

unit, a common type of POU device, is a membrane system 

that rejects compounds based on their molecular properties 

and characteristics of the reverse osmosis membrane. The RO 

units removed 86% of the total arsenic.   

Prospective Technologies 

Ion Exchange with Brine Recycle. Research recently 

completed by the University of Houston (Clifford) at 

McFarland, CA and Albuquerque, NM has shown that ion 

exchange treatment can reduce arsenic (V) levels to below 2 

µg/L even with sulfate levels as high as 200 mg/L. Sulfate 

does impact run length, however; the higher the sulfate 

concentration, the shorter the run length to arsenic 

breakthrough. The research also showed the brine 

regeneration solution could be reused as many as 20 times 

with no impact on arsenic removal provided that some salt 

was added to the solution to provide adequate chloride levels 

for regeneration. Brine recycle reduces the amount of waste 

for disposal and the cost of operation.   

Iron (Addition) Coagulation with Direct Filtration. The 

University of Houston (Clifford) recently completed pilot 

studies at Albuquerque, NM on iron addition (coagulation) 

followed by direct filtration (microfiltration system) resulting 

in arsenic (V) being consistently removed to below 2 µg/L. 

Critical operating parameters are iron dose, mixing energy, 

detention time, and pH.   

Conventional Iron/Manganese (Fe/Mn) Removal Processes. 

Iron coagulation/filtration and iron addition with direct 

filtration methods are effective for arsenic (V) removal. 

Source waters containing naturally occurring iron and/or 

manganese and arsenic can be treated for arsenic removal by 

using conventional Fe/Mn removal processes. These processes 

can significantly reduce the arsenic by removing the iron and 

manganese from the source water based upon the same 

mechanisms that occur with the iron addition methods. The 

addition of iron may be required if the concentration of 

naturally occurring iron/manganese is not sufficient to 

achieved the required arsenic removal level.   

"Arsenic Removal Using Bottom Ash" or ARUBA is based on 

coating the surfaces of particles of bottom ash (a finely 

powdered and sterile waste material from coal-fired power 

plants) with ferric (hydr)oxide .   The manufacturing process 

is conducted at room-temperature and atmospheric pressure. 

Thus, the material can be produced with relatively simple 

equipment at low cost.  

Removing arsenic from contaminated drinking water is 

simple.   ARUBA is mixed into the water, where it reacts with 

and immobilizes arsenic by adsorption and/or co-precipitation. 

  The resulting complex can be filtered or settled out of the 

water, and is safe enough for disposal in municipal landfills, 

per EPA standards.  

Bottom ash is much less expensive than solid ferric oxide 

particles, which are often used as a filter media to bond 

arsenic species.   Moreover, it has a high surface to volume 

ratio meaning that less material is required for water 

treatment, and hence less waste is produced.  

The cost of raw materials needed for ARUBA production is 

expected to be low- less than 0.5 cents ($0.005) per kg 

ARUBA.   Based on field results over three trips to 

Bangladesh in 2007 and 2008, treating 1 liter of Bangladesh 



International Conference on Multidisciplinary Research & Practice                                                              P a g e  | 263 
 

Volume I Issue VII                                                                    IJRSI                                                                    ISSN 2321-2705 
 

groundwater at an initial arsenic concentration of 400 ppb 

requires approximately 4-5 grams of ARUBA.  

Besides the methods mentioned above, several new methods 

have been studied recently. Some interesting methods are 

shortly described below [49-56]: 

(a)Fe-Mn-Oxidation 

(b)Green sand filtration 

(c)Coagulation assisted Microfiltration 

(d)In situ (sub-surface) arsenic immobilization 

(e)Enhanced coagulation (aka electrocoagulation, 

electroflotation) 

(f)Biological arsenic removal 

(g)Phytoremediation 

(h)Electrokinetic treatment 

(i)IOCS (iron oxide coated sand (see also chapter 3.1) 

(j)Memstill® 

(k)Water Pyramid 

(l)Solar Dew Collector 

(m)Conventional iron and manganese removal can 

IX. ANALYTICAL TOOLS FOR MONITORING ARSENIC IN THE 

ENVIRONMENT 

Various analytical techniques are available for the 

determination of arsenic species. Lab-based instrumentation 

such as ICP-MS, atomic fluorescence spectrometry, 

inductively coupled plasma (ICP), ICP/massspectrometry 

(MS), and LC/MS/MS. and graphite furnace AAS applications 

provide accurate and reproducible results. The development of 

newer technology such as AFM and SERS is still in its infancy 

and they might suffer from high throughput potential and cost 

issues. X-ray fluorescence can be used for measuring arsenic 

in biological materials and environmental samples. This 

method has the advantage that no sample digestion or 

separation steps are required. However, the sample must be 

pre-concentrated on a suitable solid substrate such as resin to 

give a detection limit of 20-50 ppb. Hydride generation 

combined with atomic fluorescence spectroscopy is a 

relatively new technique that provides sensitivity better than 

20 parts per trillion and linearity up to 10 ppm. 

 
ICP: The plasma atomizes and ionizes all forms of arsenic so 

that the response does not vary with species as in the more 

traditional AAS methods. ICP is often used together with MS 

or AES (Atomic Emission Spectroscopy). The ICPMS 

technique provides higher precession and lower detection 

limits. Sample introduction via electrothermal vaporization 

should be used to overcome plausible interference from high 

levels of chloride due to the formation of argon chloride in the 

plasma (the same mass as arsenic, 75As). However, it is still 

problematical for the determination of low concentrations of 

arsenic in ―real-world‖ samples due to the poor ionization 

efficiency in ICP. [48] 

 
Surface Enhanced Raman Spectroscopy (SERS): Raman 

spectroscopy identifies and quantitates the concentration of 

molecules by measuring the wavelength and intensity of the 

laser light scattering. A molecule is adsorbed onto a metal 

surface (usually silver), and laser light is reflected off the 

adsorbed molecule. The change in wavelength of the scattered 

light is dependent on the vibrational spectrum of a target 

molecule. Raman spectra of arsenite and arsenate in solution 

are known, although minimum detection limits have not been 

determined. However, a sensor that uses cationic coated silver 

particles as substrates to detect perchlorate, chromate, 

dichromate, and cyanide anions has been developed. The 

coating attracts the anions to the SERS substrate where they 

are identified and quantified by their characteristic Raman 

scattering. The technique is able to detect chromate anions to 

levels of 60 ppb [30]. This technology can be miniaturized 

with recent advances in laser and microfabrication, therefore, 

SERS technology can be a serious contender 

 

Atomic Force Microscopy (AFM): AFM uses a 

microcantilever, coated with a ―detector film‖ that interacts 

with the desired species. The adsorption of a target analyte 

onto the film causes one of several changes: surface stress, a 

temperature change, or increased mass. These surface changes 

all result in the microcantilever deforming (bending). This 

technology has been applied for the detection of chromate and 

cesium. These sensors all demonstrated excellent sensitivity, 

capable of ppb detection limits, and high selectivity. It may be 

possible to design a coating capable of selectively binding 

arsenic. Microcantilevers have been fabricated in array for 

multiple sensing applications. 
 

 

TABLE I 

 

Arsenic 

Method 

Comments Limit of 

Detection 

 (LOD)  /gL-

1 (ppb)                                  

 

ICP-AES                                 High sensitivity, however 

equipment is expensive and 

requiring trained personnel 

0.7   

ICP-MS                                  Higher precision and lower 

detection limits compared to ICP-

AES 

0.002-0.06 

N AA High sensitivity, possible spectral 

interferences 

0.001-0.02 

Capillary  

Electrophore

sis 

Good sensitivity but requires 

indirect measurement methods 

 

2-5 

Surface  

Enhanced 

Raman(SER

S) 

Selectivity and sensitivity have 

been shown for chromate could be 

promosing for arsenic  

- 

Colorimetric 

Assays 

Simple, but generates arsine gas 

and is prone to false positive and 

1-30 
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falsenegative readings 

Polarography 

(LSP, DPP,  

SQP) 

Poor detection limits, use of toxic 

mercury and better 

electrochemistry techniques now 

available 

10 

Cathodic 

Stripping 

Voltammetry 

(CSV) 

Sensitive, however copper 

interference a problem and use of 

mercury a concern 

0.5 

Anodic 

 Stripping 

Voltammetry 

(ASV) 

Highly sensitive, however 

interference from other metals 

(copper) a majorconcern, analysis 

time can be lengthy. Reusability 

of electrodes and reproducibility 

of signal a concern 

0.05-0.5 

Modified 

boron 

dopeddiamon

d (BDD) 

withPt 

nanoparticles 

Sensitive and elimination of 

interferences by copper and 

chloride. Reproducible signal and 

reusable  

0.5 

Electrode 

Arsenite 

Oxidase 

basedBiosens

or 

Sensitive and very selective to 

As(III). No interference from 

copper and fastanalysis time (10 s) 

1.0 

Biosensor(Ac

P and PPO) 

Sensitive and selective to As(V), 

however enzymes can be inhibited 

by other metals and chemicals 

1.5 

 

Neutron Activation Analysis (NAA): The decay of target 

nuclides in the sample with a definite half-life, upon activation 

with formation of radioactive nuclides, emits beta particles 

and gamma rays which can be detected by a NAA high-

resolution gamma-ray spectrometer. As one of the most 

sensitive analytical techniques, NAA is often used as a 

reference method. However, spectral interferences are 

encountered, possibly owing to a high salt level in sea water 

[47]. This problem might be overcome by using Pb(NO)3 and 

TiCl3 as the carrier and reducing agent.  

 

Capillary Electrophoresis (CE): In combination with a 

sensitive detection technique, CE using a 50-75 �m diameter 

fused silica capillary has potential as an analytical technique. 

Under an applied separation potential, charged analytes are 

provided good sensitivity and selectivity for arsenic 

compounds can be attained 

 

Biosensor and Bioassay: 

Many micro-organisms such as algae, fungi, yeast and bacteria 

have been used for biosorption of toxic elements. As an 

example, Chlorella vulgaris can transform inorganic arsenic 

compounds and oxidize As(III) to As(V). The 

arseniteoxidizing bacteria so far isolated either can gain 

energy from arsenite oxidation or have been proposed to do so 

as part of a detoxification process. Aerobic growth with 

arsenite as the electron donor is exergonic, generating a 

substantial amount of free energy. Other microorganisms can 

reduce arsenate to arsenite or even arsine (AsH3) whereas 

marine algae transform arsenate into non-volatile methylated 

As compounds such as methylarsionic acid and 

dimethylarsinic acid in seawater. However, this fact has not 

yet been exploited as a practical way toward the development 

of a biosensor for As(III) or an analytical system for arsenic 

speciation. 
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Abstract-An important and necessary task prior to knowledge 

mining from a set of association rules (ARs) is the 

determination of their interest.  Since interesting rules only can 

lead to extract implicit knowledge. Interesting association rules 

may mined directly by data mining tools on applying 

interestingness measures while mining,  or their interestingness 

determined by Interestingness measures after mining. However 

the consistent of the knowledge extracted from this rules with 

the actual knowledge present is a challenging question to data 

mining community. In this work, we developed a method to 

determine the level of knowledge present in a set of association 

rules by the value of homogeneity coefficient (HC).  HC close to 

1 leads to a homogeneous set of association rules, that is 

maximizing the interest, which will improve the consistency of 

mined knowledge with the actual knowledge present. 

Conversely HC close to zero indicates the set of rules may 

further divided into two or more homogeneous set of association 

rules. 

Keywords-Data mining,Association rule, Interestingness 

measures, Coefficient of variability, Homogeneity Coefficient.  

I.    INTRODUCTION 

n approximate measure of the right thing is better than 

the exact measure of the wrong thing. Hence we may 

assume approximate measure on interesting rule will lead to 

better knowledge in the process knowledge discovery in data 

(KDD). Cluster analysis is a class of techniques used to 

classify objects or cases into relatively homogenous groups 

called clusters [2], [7], [8]. Objects in each cluster tend to be 

similar to each other and dissimilar to objects in other 

clusters. This is an approach to „let the rules speak for 

themselves‟ by means of transactions. Application of 

clustering techniques might improve the understand ability of 

mined rules by bringing together „similar‟ rules into the same 

cluster. It may be easier to infer item behaviour from rule 

clusters than from a rule list. This is because consecutive 

rules in a rule list may not have any relationship to each 

other. This can confound the user thus making the 

interpretation difficult. Clustering differs from grouping, in 

that there is no preconceived notion of the structure or the 

number of groups that may exist in the data [2]. The idea 

here is to look for a „natural‟ structure in the data on the basis 

of which clusters are evolved. Researchers have used 

clustering and grouping as strategies to improve the 

understand ability of rules. 

An association rule is an implication of the form A→B 

where A I, B I, A∩B =∅ and I is the item set. In this paper, 

we represent given Data set, in terms of association rule, that 

is the association rule A→B represented as a 2x2 

contingency table as shown in the Table. 1. For the ease of 

use we will use the following notation thought in this paper 

such as number of transactions supporting A and B, by the 

alphabet „a‟, number of transactions supporting A but not B,   

by the alphabet „b‟, number of transactions not supporting A 

but supporting B by the alphabet „c‟, and number of 

transactions not supporting both A and B by the alphabet„d‟. 

Let N be the total number of transactions on the given data 

set, sum of a, b, c, and d always equals to N 

 
Table 1.2x2 Contingency Table. 

 

 

 

 

 

 

 

Statistically, variability is defined as the deviation from base 

point. Variability may calculate by range, mean, variance, 

deviations and coefficient of variation (CV).   In our previous 

work [12] we ranked ARs by the value of CV. It is the fact 

that lower the CV leads, less deviation among the variables 

and higher the CV leads there will be more deviation among 

the variables. The CV predicts wrong deviation, when the 

variables having negative values or the mean of the variables 

become zero. And we know that if we measure temperature 

by Celsius and Fahrenheit units, the variation between 

Celsius and Fahrenheit units remains the same. While the 

Coefficient of Variation [3], defined as s/M, is often used to 

compare two standard deviations when their means differ 

substantially, it, too, is inadequate for present purposes: 

because s is not always smaller than the mean, it is possible 

for CV to be greater than 1-lack of a natural ceiling which, as 

in the case of s^2 and s, makes a definitive interpretation of 

the size of CV impossible. Because of this drawback of CV, 

we proposed a clustering technique using variability 

coefficient (VC) and homogeneity coefficient [11]. We 

assume that quality remains the same as interest in this study. 

II.  RELATED WORKS 

Goktas and Isci [4] reviewed some common measures used 

to measure the association between two rules; the degree of 

association will determine the interestingness of ARs. Most 

of the measures used to determine the quality of association 

rules are build with mean and variance.  Lent et al [10] have 

introduced the notion of a „clustered‟ AR. A clustered AR is 

a rule that is formed by combining similar, „adjacent‟ 

association rules to form a few general rules. Wang et al [14] 

maximizes certain interestingness criteria during the merging 

process. Toivonen et al [13] proposed another approach; 

Distance between two rules is defined as the number of 

transactions in which the two rules with the same 

consequents differ. Gupta et al [5] have proposed a 

normalized distance function called Conditional market-

basket probability (CMPB) distance. This distance function 

tends to group all those rules that „cover‟ the same set of 

transactions. Gupta et al [5] state “rules involving different 

items but serving equal purposes were found to be close 

good neighbors.” [5] Thus, their approach is able to capture 

A 

A→B B 𝐵  

A a b a+b 

𝐴 c d c+d 

 a+c b+d N 
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some amount of customer purchasing behavior. One of the 

limitations of both the schemes is the arbitrariness of the 

distance measures used for rule clustering [1]. Moreover, 

they do not develop any framework to concisely describe the 

generated rule clusters.  

When it comes to quality of an association rule, how the 

quality of a rule is measured, to determine if it is useful, 

interesting, important etc. But there is no formal definition of 

quality and/or interestingness [7]. Currently there is a 

collection of different measures available which is partly due 

to the traditional methods of support and confidence being 

considered insufficient [10]. Most of the quality measures 

defined in terms of mean and variance are not able find the 

actual degree of association due to the impossibility of CV 

[12], when variance is greater than mean. The degree of 

homogeneity is a group exhibits on some measure and the 

difference in homogeneity is the group exhibits across two or 

more measures. These issues assume particular relevance 

when the interest lies in deciding whether to subdivide the 

set of ARs on the basis of the information at hand. 

III.  INTERESTINGNESS MEASURES 

Hiep (2010) stated that patterns are transformed into value 

by the interestingness measures. Jeyachidra and Punithavalli 

(2014) developed their feature selection algorithm DWFS-

CK by using the interesting measure Gini Index. The 

interestingness of a measure depends on both data structure 

and on the decision maker‟s goal. Mcgarry (2005) classified 

these measures as objective and subjective in nature. 

Coverage, support, accuracy are criterias of objective and 

unexpectedness, actionable, novel are criteria under 

subjective nature. Liquing and Hamilton (2006) added 

semantic as additional nature. Also they extended criteria 

with conciseness, reliability, peculiarity, diversity and utility. 

Defining the Interestingness of a measure is complex, but we 

may define the interestingness of measure by the above 

stated criteria. Some measures may be relevant with some 

context but not with others. Hence the ranking may be 

different on different data sets. 

 

A. Support 

The rule A→B has support S in a transaction set S% of 

transaction contains  𝐴 ∪ 𝐵  . That is fraction between 

number of transactions supporting A and B (a) and to the 

total number of transactions (N) will be the support and 

calculated by the Eq. 1. This is a basic measure used in the 

data mining literature to express the generality of an 

association rule 

 

𝑆𝑢𝑝𝑝𝑜𝑟𝑡 𝑆 = 𝑃 𝐴 ∪ 𝐵 =
𝑎

𝑁
 1  

 

B. Confidence 

The rule A→B has confidence C if C% transactions   

Contain A also contain B. That is, confidence value given by 

the conditional probability. 

 

𝑃 𝐵 𝐴  =  
𝑃(𝐴 ∪ 𝐵)

𝑃(𝐴)
 =

𝑎

𝑎 + 𝑏
                                       (2) 

 

 

C. Lift 

Lift is also a basic measure in the data mining literature 

used to express the reliability of an association rule, which is 

defined by the Eq. 3. If there is no association between the 

variables A and B then the value of life become one. 

 

𝐿𝑖𝑓𝑡 =  
𝑃(𝐴 ∪ 𝐵)

𝑃 𝐴 𝑃(𝐵)
 =

𝑁𝑎

 𝑎 + 𝑏 (𝑎 + 𝑐)
                (3) 

D. U Cost, S Cost and R Cost 

 

Pecina and Schlesinger (2006) listed U Cost, S Cost and 

R Cost are heuristic association measures, which is used to 

find the association between bigrams (between two 

variables). These measures are defined by the following 

equations: 

 

min(b,c) a
U Cost log 1

max(b,c) a

 
  

 
 (4) 

 
1

2min(b,c)
S Cost log 1

a 1



 
  

 
 (5) 

 
a a

R Cost log 1 xlog 1
a b a c

   
     

    
  (6) 

E. T Combined Cost  

 
This measure also a heuristic association measures used in 

many researches, listed by Pecina and Schlesinger [13], 

defined by Eq. 7. 

 

𝑇 𝐶𝑜𝑚𝑏𝑖𝑛𝑒𝑑 𝐶𝑜𝑠𝑡 =  𝑈𝑥𝑆𝑥𝑅                                    (7) 

 
Table 2. List of IS Measures 

IV.  MATERIALS AND METHODS 

Interestingness of set association rules will be calculated 

in this work by variability coefficient (VC) or by coefficient 

of homogeneity (HC).  By fixing the threshold on VC or HC, 

S.No Measure Formula 

1 Support 
𝑎

𝑁
 

2 Confidence 
𝑎

𝑎 + 𝑏
 

3 Lift 
𝑁𝑎

 𝑎 + 𝑏 (𝑎 + 𝑐)
 

4 U Cost 𝑙𝑜𝑔  1 +
𝑚𝑖𝑛(𝑏, 𝑐) + 𝑎

𝑚𝑎𝑥(𝑏, 𝑐) + 𝑎
  

5 S Cost 𝑙𝑜𝑔  1 +
𝑚𝑖𝑛(𝑏, 𝑐)

𝑎 + 1
 
−1

2 

 

6 R Cost 
𝑙𝑜𝑔  1 +

𝑎

𝑎 + 𝑏
 𝑥𝑙𝑜𝑔  1

+
𝑎

𝑎 + 𝑐
  

7 T Combined Cost  𝑈𝑥𝑆𝑥𝑅 
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we will cluster the association rule and make decision on the 

necessity of further division. 

A. Variability coefficient  

Variability consists of the differences in magnitude that 

exist in a set of occurrences of some measure. If at least one 

occurrence differs in magnitude from the others, the set of 

rules exhibits variability; if no difference occurs, then the set 

of rule does not exhibit variability. When only one 

occurrence differs in size from the others, the set exhibits 

minimum variability; and the greater the total difference in 

magnitude among the occurrences, the greater the variability 

exhibited by the set of rules. If variability is seen in this light, 

then its measure can be formulated as the sum of the 

observed differences among occurrences of a measure 

divided by the maximum possible sum of the differences. 

This is known as variability coefficient and express by the 

equation 8. 

 

𝑉𝑎𝑟𝑖𝑎𝑏𝑖𝑙𝑖𝑡𝑦 𝐶𝑜𝑒𝑓𝑓𝑖𝑐𝑖𝑒𝑛𝑡 𝑉𝐶 =  
𝑂𝑉

𝑀𝑃𝑉
                          (8) 

 

Where: OV = Observed variation, MPV = Maximum 

possible variation  

The value of VC always lies between 0 and 1. Since there 

is no variation in set of rule scores the OV become zero 

hence it is clear that VC become zero(by equation 8) In case 

of maximum variation among the rules scores, OV is equal to 

MPV hence VC become 1 in this case. 

The observed variability (OV) is the sum of the absolute 

differences among occurrences of the measure at hand. A 

matrix arrangement of the differences among a group of 

scores is helpful in visualizing the calculations used to derive 

OV. Statistically it is the fact that, the maximum sum of 

differences in a set of scores will occur if half the scores 

have the lowest value contained in the set and the other half 

carry the highest value. For a comparison matrix of a data set 

half of which consists of one uniform value and half of 

which consists of a different uniform value, only 

comparisons of the two different values will yield nonzero 

remainders. 

The derivation of MPV in (8) is based on the following 

reasoning: the maximum sum of differences in a set of scores 

will occur if half the scores have the lowest value contained 

in the set and the other half carry the highest value. For an 

even number of cases, the number of such comparisons is the 

number of scores in the group‟s lower half multiplied by the 

number of scores in the group‟s upper half, that is  
𝑁

2
  

𝑁

2
   

and thus, the number of non-zero comparisons will equal the 

square of half the cases in the data set that is, 
𝑁

2
 

2

.  The 

highest possible variability will consist of the product of this 

square and the sum of the comparisons of the two values. 

Thus, for a group of scores consisting of an even number of 

cases, MPV can be calculated as follows equation 9: 

𝑀𝑃𝑉 =   
𝑁

2
 

2

𝑅                                                                   9  

Where, N = group size and R = the range, that is, the 

difference between the highest and lowest scores. 

For a group of scores consisting of an odd number of 

cases, MPV can be calculated by equation 10: 

 

𝑀𝑃𝑉 =   
𝑁 − 1

2
  

𝑁 + 1

2
 𝑅                                                (10)  

B. Homogeneity  coefficient 

A coefficient of homogeneity (HC) can be defined as the 

complement of VC; hence it is calculated by equation11: 

𝐻𝐶 = 1 − 𝑉𝐶                                                                       (11)  
 

Since the VC value lies between 0 and 1, the HC value 

also lies between 0 and 1. 

C. Calculation of HC and VC 

Let us consider a relational data base R, and a  set of 

association rules R1, R2, R3,…, Rn  on R with rule score  

𝑥1 ,  𝑥2 , 𝑥3,… , 𝑥𝑛     𝑟espectively.  OV in equation 1 is the 

sum of absolute differences among the occurrence of the 

rules which is calculated by the equation 5. A matrix 

arrangement of the differences among a group of scores is 

helpful in visualizing the calculations used to derive OV. For 

the set of rules, the matrix is displayed in Table 3.   The 

scores in Table 1appear vertically along the table‟s left as 

well as horizontally along its top. For each row, the cells 

represent the difference between the score on the left column 

and the other scores in the set. Each score on the horizontal 

list is subtracted from each of the scores on the vertical list 

and the remainder for each subtraction is recorded as an 

absolute value in the intersecting cell. If no difference 

emerges, a 0 is recorded. 

 

𝑂𝑉 =    𝑥𝑖 − 𝑥𝑗   𝑓𝑜𝑟 𝑎𝑙𝑙 𝑖, 𝑗      12  

 

The derivation of MPV in (8) is based on the following 

reasoning: the maximum sum of differences in a set of scores 

will occur if half the scores have the lowest value contained 

in the set and the other half carry the highest value. Let the 

least and highest score in table.3 be named 𝑦𝑖  𝑎𝑛𝑑  𝑦𝑗  

respectively. The MPV calculation is represented in table.4. 

D. Example calculation  

Let us consider a relational data base R, and a  set of 

association rules R1, R2, R3, …, R10 on R with scores  30, 35, 

40, 45, 50, 55, 60, 65, 70, 75, respectively. A matrix 

arrangement of the differences among rule scores is helpful 

in visualizing the calculations used to derive OV. For the 

above set of rules, the matrix is displayed in Table 5.   The 

OV value is calculated by equation 12 and its value for the 

above set of rules is 820.  The derivation of MPV for the 

above set of rules is displayed in table 5. The highest 

variation will occur if the data take the following values: 35, 

35, 35, 35, 35, 75, 75, 75, 75, 75 and the MPV = 1000 (by 

equation. 2) by applying OV and MPV value in equation 8. 

 

𝑉𝐶 =
820

1000
= 0.82 

And the HC value is given by equation 11. 

 

𝐻𝐶 = 1 − 𝑉𝐶 = 1 − 0.82 = 0.28 
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Table 3. Matrix arrangement of differences in rule scores 

 

 

 
Table 4. Matrix arrangement for MPV calculation 

 

 

 

According to the user knowledge expectation the set of rules 

generated from the relational data base R using data mining 

tools. For this set of rules VC and HC value calculated as 

above, based on the values of VC and HC we may 

concludethe interesting set of rules. 

 
Table 5. Matrix arrangement of differences in a group scores 

 

 

V.  IMPLEMENTAION 

We generated a random set of association rule (shown in 

table .5) using IBM Quest data set generator. Coefficient 

variation (CV) [12] of the measures listed in table.6 is 

calculated for the set of association rules in table .5 and 

presented in Table.7. 

 

 

 

 

 

 

 

 

 

 

 
Table 6. Matrix arrangement for MPV calculation 

 

 

The VC and HC values of the measures for the set of 

association measures in table .7  is calculated as shown in 

the example above and presented in table .8. The graph 

presented in figure.1 shows the deviation of the CV and VC 

values, and it is clear that VC and HC are complement to 

each other. 

VI.  CONCLUSION AND FUTURE WORK 

In this work, we have presented a method by determining 

the variability coefficient, the value of VC is not depending 

on mean and variance, and hence the drawback on 

coefficient of variation will be eliminated. VC close to 1 

Score 𝒙𝟏 𝒙𝟐 𝒙𝟑 … 𝒙𝒊. … 𝒙𝒏 

𝒙𝟏 0  𝑥1 − 𝑥2   𝑥1 − 𝑥3    𝑥1 − 𝑥𝑖    𝑥1 − 𝑥𝑛   
𝒙𝟐  0  𝑥2 − 𝑥3    𝑥2 − 𝑥𝑖     𝑥2 − 𝑥𝑛   
𝒙𝟑   0   𝑥3 − 𝑥𝑖     𝑥3 − 𝑥𝑛   

.    .   . 

𝒙𝒊     0   𝑥𝑖 − 𝑥𝑛   
.      . . 

𝒙𝒏       0 

Scores 𝒚𝒊 𝒚𝒊 𝒚𝒊 … 𝒚𝒋. … 𝒚𝒋 

𝒚𝒊 0 0 0   𝑦𝑖 − 𝑦𝑗     𝑦𝑖 − 𝑦𝑗   

𝒚𝒊  0 0   𝑦𝑖 − 𝑦𝑗     𝑦𝑖 − 𝑦𝑗   

𝒚𝒊   0   𝑦𝑖 − 𝑦𝑗     𝑦𝑖 − 𝑦𝑗   

.    .   . 

𝒚𝒋     0   𝑦𝑖 − 𝑦𝑗   

.      . . 

𝒚𝒋       0 

 

 

30 35 40 45 50 55 60 65 70 75 

30 0 5 10 15 20 25 30 35 40 45 

35  0 5 10 15 20 25 30 35 40 

40   0 5 10 15 20 25 30 35 

45    0 5 10 15 20 25 30 

50     0 5 10 15 20 25 

55      0 5 10 15 20 

60       0 5 10 15 

65        0 5 10 

70         0 5 

75          0 

 30 30 30 30 30 75 75 75 75 75 

30 0 0 0 0 0 45 45 45 45 45 

30  0 0 0 0 45 45 45 45 45 

30   0 0 0 45 45 45 45 45 

30    0 0 45 45 45 45 45 

30     0 45 45 45 45 45 

75      0 0 0 0 0 

75       0 0 0 0 

75        0 0 0 

75         0 0 

75          0 
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means the set of rules exhibit more variations, and the rules 

produces more knowledge and they do not consistent with 

actual knowledge due to the over whelming. This supports 

the Geng and Hamilton [9] conclusion presented on their 

survey. Less homogeneity set of rules may divide further to 

make homogeneous set of rules. This work directs, when 

interest lies further subdividing of data in hand possibilities. 

Implementing on big data sets by the way of algorithm may 

be the extension of this work. 

 
Table 7. Set of association rules 

 

 

 

 

 

 

 

 

 

 

Table 8.VC and HC values of association rules 

 

 

Figure 1. VC & HC values of IS Measure  
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IS Measures 

VC & HC values of Measures

VC

HC

Rule  a b c d 

R1 9624  86  64  226  

R2 8432  186  146  1236  

R3 7218  823  674  1285  

R4 6854  326  258  2562  

R5 543  318  9015  124  

R6 486  1281  7842  391  

R7 1343  2861  5236  560  

R8 883  3786  4631  700  

R9 3285  137  232  6346  

R10 3015  400  643  5942  

  1 2 3 4 5 6 7 

VC 81.39 84.75 69.9 66.97 78.6 91.74 88.58 

HC 18.61 15.25 30.1 33.03 21.4 8.26 11.42 
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Abstract- Teaching and learning in digital age is a kind of 

adventurous task with innovation, enthusiasm and curiosity. 

Because internet is the key component in this scientific era that 

has brought drastic changes in each and every sphere of the 

life. Numerous advancement and degradation happen, too due 

to this advancement. We all witnessed of this advancement 

where numbers of people have enjoyed the journey from page 

to pager, from pager to wiber with the use of language skills 

(LSRW). 

Keywords- technology, e-resources, screenagers, integration, 

and well instruction based teaching 

 
I. INTRODUCTION 

 

his paper is mainly going to present classroom teaching 

experiences and conscious observation while teaching 

language/soft skills and communication skills to 

engineering students and the researcher has found that at 

UG level it is very obvious to have some idea about the use 

of language but when it comes to use it at the advance 

level(Revised Blooms Taxonomy), it becomes the perilous  

situation in the real sense and failure result will occur 

either in the form of mark sheet/placement process or at 

the  workplace and at personal level, too. Though 

advancement at scientific and technological level happen 

but something is lacking and that has to be empowered, 

specially here focus will be on language skills that still will 

confine up to reading and writing skills. These are the two 

crucial skills that have to be empowered, because both help 

to generate idea and to develop creative and critical 

thinking, too.  

Of course at some what level the technology has brought 

changes in the classroom teaching 

 Learning method but the use of language is slightly 

updated and more hampered by technology. That doesn‟t 

mean the diversify only worst situation that‟s focusing, 

there are benefits, too, likewise variety of live 

examples/situations/videos are available on internet, 

whatsapp, so that one can approach and learn the language. 

 

This is the time of screen-agers, netizens and app-

agers.Buying, reading-writing, selling, presenting, attending 

classes, all these work a person can do by sitting at his 

convenient place. One of the best examples of use of 

technology at the grand level is our respected PM, 

Mr.Narendra Modi. 

 

Various kinds of e-sources, blog, and websites are available 

that a person can use and learn numbers of things, where 

websites and web links play the crucial role as an E-

resource person and prepare the students/candidates/learners 

for the desired/planned lesson/tutorial/workshop, etc. 

 

Looking at these numerous benefits of technology here my 

paper will confine up to teaching and learning reading-

writing skills, especially for UG students in this digital age. 

Now the paper will present some review of related literature 

followed by the use of technology in teaching language. 

 

Reading- reading is a mental interaction of a reader to the 

text. Reading as an interactive Process - The reader 

reconstructs the text information based in part on the 

knowledge drawn from the text and in part from the prior 

knowledge of the reader. Thus reading is viewed a kind of 

dialogue between the reader and the text (Barnett 

1989;Carell &Elsterhold,1983). The term interaction refers 

to many component skills potentially in simultaneous 

operation. The interaction of cognitive skills leads to fluent 

reading comprehension. Here in this process it assumes that 

skills at all levels are interactively available to process and 

interpret the text. 

 

Why it’s important? 

Reading, being the input skill helps to produce fruitful 

language, if proper reading has been taken place. As I have 

stated earlier that it is a mental interaction of a reader with 

the text, While reading it‟s provide the way to the reader 

how to read text, to understand, to get the meaning, to 

analyse, to judge, to reconstruct or to rewrite/summarise, to 

evaluate and recreate, etc. How the reader is reading the text 

is also significant, does the reader known to the reading 

techniques and if knowing, using them while reading and 

able to come out with desired or extra ordinary output.     

In daily communication, listening plays an important role. 

Research has demonstrated that adults spend 40-50% of 

communication with listening, 25-30% speaking, 11-16% 

reading, and about 9% writing (Vandergrift, 1999). 

 

Researchers reported that 39% of children and teens read 

daily using electronic devices, but only 28% read printed 

materials every day. Those who read only onscreen were 

three times less likely to say they enjoy reading very much 

and a third less likely to have a favorite book. The study 

also found that young people who read daily only onscreen 

were nearly two times less likely to be above-average 

readers than those who read daily in print or both in print 

and onscreen. 

 

As Kamil (2004) notes, effective comprehension instruction 

is far from simple. The problem may stem, at least in part,  

from a lack of training and a dearth of instructional 

resources. Making Connections…was developed to respond 

to this need. 

 

Research indicates that good readers of all ages engage in 

conscious, active comprehension strategies before, during, 

T 
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and after reading (Pressley & Wharton-McDonald, 1997). 

Much of the research on reading comprehension has 

centered on the question of whether it is possible to improve 

children‟s understanding and recall of texts by explicitly 

teaching them to implement the strategies that good readers 

use. The answer is a resounding “yes.” With respect to types 

of reading, there are two types of reading, extensive and 

intensive reading (Hedge, 2003, cited in Suleiman, 2005). 

Extensive reading refers to skimming and scanning 

activities or quantity of material.  

Hedge (2003) states that since extensive reading helps in 

developing reading ability, it should be built into an 

EFL/ESL programme provided the selected texts are 

“authentic”, i.e. “not written for language learners and 

published in the original language” (p. 218)- and “graded”.  

In intensive reading, students usually read a page to explore 

the meaning and to be acquainted with writing mechanisms. 

Hedge argues that it is “only through more extensive 

reading that learners can gain substantial practice in 

operating these strategies more independently on a range of 

materials.” (p. 202). These strategies can be either text-

related or learner-related: the former includes an awareness 

of text organization, while the latter includes strategies like 

linguistic, schematic, and metacognitive strategies. 

  Characteristics of an Effective Reader 

 Chooses a variety of topics 

 Reads for different purposes 

 Responds to text 

 Reads different genre 

 Pre-reads and rereads to increase understanding 

 Shares reading 

 Reads to: Predict, Connect, Question, Clarify, 

Evaluate 

 

 

II. SELECTION OF THE TEXT 

 

While selecting the text, what Francoise Grellet (1981), 

David Nunan (1989) and Christine Nuttall (1982) said- 

These skills which include word-attack and text attack skills 

seem to be the most relevant to our situation. Effective 

reading depends upon difficult level of the text, the 

unknown words in the text and background knowledge of 

the reader. It all contributes to the reading successfully 

getting the message of the writer.  

Factors which make reading uneasy /or difficult for the 

learners. A list of such factors is given as under: 

Vocabulary. Structure of sentences.  Background 

knowledge of the students. 

 

III. DEVELOPING INTEGRATED SKILLS 

 

As, Francoise Grellet (1981) suggests that reading 

comprehension should not be separated from the other skills 

(p-8). The integration of skills seems to occur naturally. 

1. Reading and listening, for example, listening to several 

summaries of the same text prepared by the learners with a 

purpose to enable them to focus on the main points in the 

text and listen to their classmates. For more authentic 

listening task they could be asked to summaries a text. 

2. Reading and writing, for example, summarizing a text to 

one third of its original. 

3 Reading and speaking, for example, discussion, 

appreciation after reading a text. The purpose is to enable 

the learners to react to different types of texts and to express 

their own ideas and opinion in English. 

 

Writing  

It enables the transmission of ideas over vast distances of 

time and space and is a prerequisite of complex civilization. 

Writing is of fundamental importance to learning, to 

development of the person in each learner, and to success in 

the educational system. As teachers, we need to work 

continually to aid our students in their search for fulfilment 

as writers (Graham & Harris, 1993).  

 

Lannon (1989) views writing as “the process of 

transforming the material discovered by research 

inspiration, accident, trial or error, or whatever into a 

message with a definite meaning- writing is a process of 

deliberate decision” (p.9). It means that writing must 

convey a message with a meaning.  

 

Moreover, writing is directly linked to people‟s roles in 

society. According to Tribble (1996: 12) to be deprived of 

the opportunity to learn how to write is “to be excluded 

from a wide range of social roles, including those which the 

majority of people in industrialized societies associate with 

power and prestige.” In the same direction goes Kress 

(1989; in Tribble, 1996), emphasizing that learning to write 

in not just a question of developing a set of mechanical 

„orthographic‟ skills but it also involves learning a new set 

of cognitive and social relations. 

 

Writing and ESP- is concerned with the linguistic 

delineation of registers and vocabulary  and 

structure,specific to certain contextual boundries. If the text 

is for scientific purpose then the topics, the languge, the 

structure and discourse will change automatically. 

 

Barriers to effective writing  

1. Lack of confidence in writing and in the styles of 

presentation are major deterrents (Hemings et.al.2005& 

Hicks 1995). 

2.Fear of rejection and open criticism. 

Not knowing where, when and how to start. 

3.Unable to put thoughts into words. 

4.Lack of organization skills of ideas,accuracy and 

appropriacy. 

5.Lack of command over language in written 

communication. 

6.Unable to adjust ideas in apt format and style. 

7.Don‟t know academic writing. 

 

Harmer (1998: 79) illustrates the reasons for teaching 

writing as follows: 

Reinforcement: Some learners acquire languages in a purely 

oral/aural way, but most of them benefit greatly from seeing 

the language written down. 
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Language development: The mental activity learners go 

through in order to construct proper written texts is all part 

of the ongoing learning experience. 

Learning style: For many learners, producing language in a 

slower way is something they appreciate. Writing provides 

time and ease for learners more than face-to-face 

communication does. 

Writing as a skill: Learners need to know how to write 

essays, how to put written reports together and how the 

writing system operates  just as they need to know how to 

pronounce language appropriately. 

 

Characteristics of an Effective Writer 

 Chooses a variety of topics 

 Writes in various modes 

 Generates many drafts 

 Tries new writing techniques and strategies 

 Revises to improve how the piece sounds 

 Shares writing 

 Takes pride in finished piece by making sure it is 

correct: 

o Grammar, spelling, punctuation, 

legibility. 

 

Integrating Reading and Writing  

Reading and writing are considered as the 

productive skills in terms of language acquisition. 

Classrooms in which reading and writing are 

integrated are described as using “whole language” 

(Newman, 1985) or “literature-based” (De Ford, 

1986) approaches. Such approaches stress 

immersion of students in a language-based 

program that de-emphasizes skill instruction and 

stress supportive environment in which students 

are encouraged through different opportunities to 

develop personally relevant reasons for selecting 

books or topics about which to write.  

 

Promoting reading comprehension and focusing on 

writing are considered highly important in Content 

and Language Integrated Learning methodology 

(Wolff, 2005, p.16, cited in Loranc-Paszylk, 2009). 

Integrated reading and writing activities brings 

benefits to the learner with respect to both content 

learning and language learning processes.  

          

How to make them efficient- Well instructional based 

material will definitely play the pivotal role and make any 

reading/writing programme efficient and effective and 

interactive. It is depending upon the strategy used by the 

researcher, how s/he executes the programme in the 

classroom. Using Blooms taxonomy will make one‟s 

reading/writing programme interesting and lead learners 

towards the level of developing learner autonomy in a 

multi directional way. On the other hand various kinds of 

mobile apps can help to develop reading and writing 

skills. For e.g 

 Describe the following incident in your words. 

 Rewrite this passage in your words and find out 

different conclusion of this story. 

 Analyse this theorem as per your understanding. 

 Critically analyse the theory of ..... 

Such kind of exercise will definitely indulge learners to 

use language and use their own idea, so that use of critical 

thinking skills (from LOT to HOT), writing skills and 

other integrated skills will develop automatically. 

 

Furthermore, Use of technology is also help the researcher 

to make it much more interesting and lively. Numbers of 

mobile applications related to developing reading and 

writing are available, so that the researcher can use them 

and teach reading and writing. Likewise, prepare a lesson, 

upload it on either blog/virtual classroom/android 

reading/writing application, as and when you post it, your 

selected learners get and they will read the given task at 

their own time, perform task and reply, even if they can 

share with their peers and share their feedback, too. 

Internally evaluation and discussion on the given task is also 

possible. The researcher will afterwards get the data and 

evaluate it and send the remarks. In this way it can be done 

effectively. 

Moreover, use of language lab software during laboratory 

session will also help the researcher and the students to 

update their language skills. 

 

CONCLUSION 

 

As it is stated earlier numerous advancements has been 

taken place due to scientific and technological 

advancement, where internet and mobile applications have 

emphasized a lot as far as developing language skills are 

concerned. Online teaching/learning programmes for 

developing reading and writing will definitely enhance 

their skills but care has to be taken personally, where well 

instructional programme will help to develop their 

employability skills, too.  
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Abstract--Steel buildings are made up of structural steel sections. 

In codal method of design, the buildings are designed through 

prescriptive suggestions of the design code. In such design 

procedure, it is not possible to regulate the performance of the 

buildings. However, by choosing suitable sections, it is possible to 

achieve target performance in steel buildings.  In the present 

study three sample buildings have been considered for IO, LS 

and CP performance levels. The performance of the designed 

building have been found out by carrying out pushover analysis 

and nonlinear time history analysis. It has been found that three 

buildings satisfied the target performance criteria.  

I.    INTRODUCTION 

erformance Level: It indicates the state of damage of the 

structure .in other words, the plastic rotation is an 

indicator of amount of damage level. 

The performance level are three types:Immediate occupancy 

level (IO), Life Safety (LS)& Collapse prevention (CP)These 

levels are discrete points on a continuous scale describing the 

building„s expected performance, or alternatively, how much 

damage, economic loss, and disruption may occur. Each 

Building Performance Level is made up of a Structural 

Performance Level that describes the limiting damage state of 

the structural systems . 

Immediate occupancy level (IO):The post earthquake damage 

state in which only very limited structural damage has 

occurred.The basic and vertical and lateral force resisting 

systems of the buildingretain nearly all of their pre –

earthquake strength and stiffness. The risk of threatening 

injury as a result of structural damage is very low. 

Life Safety (LS)Structural Performance Leve;, Life Safety, 

means the post-earthquake damage state in which significant 

damage to the structure has occurred, but some margin against 

either partial or total structural collapse remains. Some 

structural elements and components are severely damaged, but 

this has not resulted in large falling debris hazards, either 

within or outside the building. Injuries may occur during the 

earthquake; however, it is expected that the overall risk of life-

threatening injury as a result of structural damage is low. It 

should be possible to repair the structure; however, for 

economic reasons this may not be practical.  

Collapse Prevention Performance Level(CP):  Structural 

Performance Level S-5, Collapse Prevention, means the 

building is on the verge of experiencing partial or total  

collapse. Substantial damage to the structure has occurred, 

potentially including significant degradation in the stiffness 

and strength of the lateral force resisting system, large 

permanent lateral deformation of the structure and to more 

limited extent degradation in vertical-load-carrying capacity. 

However, all significant components of the gravity load 

resisting system must continue to carry  their gravity load 

demands. Significant risk of injury due to falling hazards from 

structural debris  may exist. The structure may not be 

technically practical to repair and is not safe for reoccupancy, 

as aftershock activity could induce collapse. 

Performance point (PP): Indicates the damage state for which 

building is to be desigined. The displacementat (pp) is the 

target displacement (Δt) also called design displacement(Δd). 

To know the performance of the building we need to know the 

performance point. 

If𝛥𝑝𝑝 <𝛥𝐼𝑂 , it implies IO building. 

 𝛥𝑝𝑝 >𝛥𝐼𝑂&< 𝛥𝐿𝑆 , LS building. 

 𝛥𝑝𝑝 >𝛥𝐿𝑆&< 𝛥𝐶𝑃 , CP building. 

For example , the performance point (pp) of (IO) buildingAI5 

is 178.261 (mm)acc to FEMA 440 displacement 

modification. 

Drift:It is the displacement of one level relative to each other 

level above or below.  

 

P 
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𝜟𝒊 = amount of sway in the floor,𝜟𝒊+𝟏 − 𝜟𝒊=difference in 

sway (storey drift) 

𝛥𝑖+1−𝛥𝑖

ℎ
= storey drift ratio 

Plastic Hinge: Is a zone of yielding due to flexure in a 

structural member although hinges do not actually form .it can 

be seen that large changes of slope occur over all small length 

of members at position of maximum moments.A strain 

hardening action occurs at these hinges so that large deflection 

are accompined by slight increase in load.therefore the plastic 

hinge can be defined as ayeilded zone due to flexural in a 

structure in which infinite rotation can take place at aconstant 

restraining moments Mp of section. 

Push over analysis: Is a static nonlinear analysis 

underpermanenet vertical loads and gradually increasing 

lateral loads.A plot of total base shear verses top displacement 

in structure is obtained by this analysis that would indicate any 

premature failure or weakness.The analysis is carried out upto 

failure ,thus it enabels determination of collapse load and 

ductility capacity.On abuilding frame ,load/displacement is 

applied incrementally,the formation of plastic 

hinges,stiffnessdegradation,and plastic rotation is monitored  

and lateral inelastic force verses displacement response for the 

complete structure . 

Non Linear Time History Analsis:Is the method describe the 

actual behaviour of the structure during an earthquake .this 

method is based on direct numerical integration of the motion 

differential eqs by considering the plastic deformation of 

structure element.this method capture the effect of 

amplification due to resonance, the vibration of displacements 

at diverse levels of a frame , an increase of motion duration 

and a tendancy of regularization of movements result as far s 

the level increase from  bottom to top.this method when 

used,shall be based on an appropriate ground motion and shall 

be performed using accepted principels .the value of damping 

for a building may be taken and  2% . 

Fema Model: Gives the generalised load deformation curve 

parameters a,b,& c are plastic rotations.  As shown in below 

fig. 

Where Q=generalised component load . 

   Ө=total elastic & plastic rotation of beam or coloum. 

  Δ=total elastic and plastic deformation. 

 

 

 

 

 

 

 

II.PRESENT WORK 

Building Plans considered: 

 

 

 

 

 

 

 

 

 

Building Name Target Performance 

objectives 

Achieved performance 

PL Drift PL Drift 

AI5 IO 1% IO 0.95% 

BII6 IO 1% IO 0.85% 

CIII2 LS 2% LS 1.87% 

 

TABEL 1- Member sizes considered: 

 
BUILDINGTYPE  BEAM  COLOUM 

      

 
AI5  ISMB 500  ISHB 400 

 
BII6  ISMB 400  ISHB 450 

 
CIII2  ISMB 300  ISWB 500 

   

   

G+5 G+6 

g+2 
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Roof displacement history: 

 

 

 

 

  

 

 

 

   

AI5:drift in TY dir:257.3mm@6.580sec,joint 121BII6: drift in TX dir:19.41mm@2.46sec,joint 211. 

 

CIII2:drift in TY dir:183.7mm@4.52s@joint 73                                

 

 

 

 

 

CIII2:drift in TY dir:183.7mm@4.52s@joint 73                                
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POC in short and long directionsHinge diagram at PP 
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CIII2 
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CONCLUSION 

 

The steel buildings can be designedfor given target objectives 

by using suitable size of members.Such buildings are found to 

achieve the desired performance levels and target drift. 

Hinge diagram at PP 
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Abstract— With the tremendous rate of increase in Internet 

Information, the data processing requirements are evolving at a 

drastic rate, demanding more intelligence. This paper gives a 

brief overview on some tools which are currently contributing 

to this evolution. The Semantic Web is based on description 

logic. It provides a common framework that allows data to be 

shared and reused across application, enterprise, and 

community boundaries. Real-time Data Processing is processing 

that takes, or appears to take, place instantaneously upon data 

entry or receipt of command. The paper also discusses two 

applications of the given technologies, and the scope of these 

tools in Web Development. 

 

Keywords— Semantic Web, Real-Time, Web Technologies, 

Sparql, OWL, Apache Jenna,  Apache Storm. 

I. INTRODUCTION 

he World Wide Web Consortium (W3C) has been 

campaigning to promote common data formats on the 

World Wide Web since its foundation. The introduction of 

Semantic Web was one huge step in the process. This is a 

vision of information that can be readily interpreted by 

machines. This was further aided by HTML5, which brought 

along semantic tags, and revolutionized the Internet, and 

introduced the concept of ―Web of Data‖ or ―Web 3.0‖.  

While many developments have happened in the past 4-5 

years, W3C stated that the simple idea of Semantic Web 

remains largely unrealized yet. 

The need for real-time processing emerged with the advent 

of Big Data. This need was met by frameworks like Apache 

Hadoop, and client side languages like Ajax. Real Time 

technologies further brought the wave of social networking 

sites and real time communication applications.  

This paper explores some of the common tools in the afore-

mentioned fields and also introduces some applications that 

use the two models in collaboration.   

 

II. .SPARQL 

SPARQL is a query language designed specifically to 

query RDF databases. 

RDF is a standard model for data interchange on the Web. 

It has features that facilitate data merging even if the 

underlying schemas differ, and it specifically supports the 

evolution of schemas over time without requiring all the data 

consumers to be changed[3]. Originally designed as a 

metadata data model, it now uses a variety of syntax 

notations and data serialization methods and is now also used 

in knowledge management applications [4]. 

SPARQL queries are sent from a client to a service known 

as a SPARQL end point using the HTTP protocol. The client 

- endpoint interaction is defined in a machine-friendly 

protocol that is not intended to be interpreted by humans, so 

use of SPARQL require s an interface that allows the user 

to enter the queries and to display the results in a meaningful 

way. As with traditional database languages such as SQL, 

those interfaces are commonly constructed so that the queries 

are constructed and launched through forms that do not 

require the human user to have any knowledge of RDF and 

SPARQL. 

A. Public SPARQL interfaces: 

1. DBpedia 

2. URIBurner 

 

SPARQL allows users to write queries against data that 

can loosely be called "key-value" data; more specifically, it 

is data that follows the RDF specification of the W3C. The 

entire database is thus a set of "subject-predicate-object" 

triples. The SPARQL specification is in the state of working 

draft (state at the end of 2006), but it is already implemented 

in some software packages and it seems that it will become 

the main RDF querying language for the semantic web[15]. 

The specification of protocol for a SPARQL web service is 

available as well - SPARQL then serves as a RDF data 

access protocol. 

III. OWL 

Web Ontology Language (OWL) is a declarative language 

for expressing ontologies. This means that it is used to 

describe a state of affairs in a domain of interest in a logical 

way. It is a knowledge representation language. Applications 

called "reasoners" can infer information about the state of 

affairs by assessing statements made using the language of 

an OWL ontology[5]. An OWL ontology can be considered 

an abstract model about knowledge in some domain, and is 

sometimes expressed in other modeling languages such as 

UML, a modeling language familiar to many programmers 

which shares with OWL notions of classes and relations 

between them. However, OWL was designed so that 

ontologies could be expressed as RDF graphs, with a default 

exchange serialization of RDF/XML. As an RDF 

serialization, OWL is a more expressive extension of RDF 

than of its precursor RDFS or generic RDF and uses classes 

and properties, and includes terms from RDFS and RDF. 

However, this increased expressivity comes at the expense of 

increased complexity. 

A. OWL Languages: 

 

1.  OWL DL 

 

2.  OWL Full 

T 
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3.  OWL Lite 

 

B. OWL Profiles: 

 

1.  OWL EL 

 

2. OWL QL 

 

3.  OWL RL 

 
 

IV. APACHE JENA FRAMEWORK 

It is the era of open source softwares. Jena is one such 

open source semantic web framework for Java. It provides an 

API to extract data from and write to RDF graphs. It is 

written for the programmer who is with RDF and who learns 

best by prototyping.  

Jena has object classes to represent graphs, resources, 

properties and literals. In Jena, a graph is called a Model 

interface. It has methods for reading and writing RDF files as 

XML. While RDF uses only the full URL’s, and not this 

shortened form, Jena provides ways of controlling the 

namespaces used on output with its prefix languages.  

Jena provides three operations for manipulating Models as 

a whole. These are union, intersection and difference. The 

union operation is one of the key operations, enabling data 

from disparate data sources to be merged. Thus this 

framework simplifies a highly complicated RDF schema, and 

handles it with its own functions, with much ease [9].  

With a rule-based inference engine to perform reasoning  

based on OWL and RDFS ontologies, and a variety of 

storage strategies to store RDF triples in memory or on disk, 

Jena entered incubation with the Apache in November 2010, 

and graduated as a top-level project in April, 2012.  

. 

V. REAL TIME PROCESSING : APACHE STORM 

Apache Storm is a free and open source distributed real-

time computation system [10]. Storm is the real-time 

processing counterpart of Hadoop (which is for batch 

processing). It is simple, can be used with any programming 

language, and reliably processes unbounded streams of data. 

It consumes streams of data and processes those streams in 

arbitrarily complex ways, partitioning the streams between 

each stage of the computation however needed.  

Storm integrates with any queuing system and any 

database system. Its spout abstraction makes it easy to 

integrate new queuing systems like Amazon Kinesis, Kestrel 

et al. 

Similarly, integrating Storm with any database system is 

easy. It handles the parallelization, partitioning, and retrying 

on failures when necessary.  

When programming on Storm, one manipulates and 

transforms streams of tuples which can contain objects of 

any type. Storm has three abstractions: spouts, bolts and 

topologies [2]. 

     A Spout reads from a queuing broker such as 

Kestrel, or generate its own stream or read from 

somewhere like Twitter streaming API. Spout 

implementations exist for most queuing systems. 

     A Bolt processes any number of input streams 

and produces any number of new output steams. 

This involves most of the logic operations such 

as functions, filters, talking to databases etc.  

      A topology is a network of spouts and bolts, with 

each edge in the network representing a bolt 

subscribing to the output stream of some other 

spout or bolt. They run indefinitely when 

deployed. 

 

Storm topologies are inherently parallel and run across a 

cluster of machines, thus enabling it to process very high 

throughputs of messages with very low latency. The key 

properties of Storm are [10]: 

1. Extremely Broad Set of Use Cases. 

2. Scalable to massive number of messages per 

second. 

3. Guarantees no data loss. 

4. Extremely robust. 

5. Fault-tolerant. 

6. Programming language agnostic. 

 

VI. APPLICATIONS 

 

A. Real Time Search Engine for Web of Things 

 

A Web of Things is a software infrastructure that allows 

the construction of applications involving sensor-

equipped real-world entities living in the Internet of 

Things. A key service for such an infrastructure is a 

search engine that exhibits a certain current state as 

perceived by sensors. Unlike web search engines, a real-

time search engine has to support searching for rapidly 

changing state information generated by the sensors [12]. 

There are two approaches to construct such a search 

engine:  

1. A push approach where the sensor output is 

proactively pushed to a search engine, such that it 

can resolve queries based on that data. 

2. A pull approach where only upon entering of query 

by the user, the search engine sends it to the sensors 

to pull the relevant data. 

Given the large number of sensors, the pull approach can 

be expected to generate a substantially smaller 

communication volume between sensors and search 

engine than the push approach. However, pulling all 

sensors upon each query would not scale.  

Thus a sensor-ranking approach was proposed which 

would compute the probability that a sensor produces the 

sought output at the time of the query by using indexed 

prediction models. Sensors are then pulled in decreasing 

order of probability until enough matches have been 

found, thus spending effort first where it counts. 

 

B. Real-Time Fire Monitoring Using Semantic Web 

 

The fire monitoring service implements a processing chain 

where raw satellite images are analyzed and hotspots (pixels 
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corresponding to regions possibly on fire) are detected. On a 

regular basis (5 or 15 minutes), satellite images arrive at the 

acquisition station and are stored as arrays. The arrays are 

processed with a series of SQL queries (using SPARQL or 

an extension) for cropping, georeferencing, and shapefiles 

describing the detected hotspots are generated for each 

acquisition. The products of this analysis are encoded in 

RDF, so they can be combined with auxiliary linked 

geospatial data. By comparing detected hotspots with 

auxiliary data, their accuracy can be determined [8].  

 

Thus, we have described two of the various possible 

applications of semantic web and real-time data processing. 

Other popular examples include social networking sites like 

Twitter and Facebook, traffic analytics, web streaming, etc.  

 

CONCLUSION 

In this paper, we have discussed, introduced and given an 

overview on different technologies that have already started 

taking over the internet. The Semantic Web or Web of 

Things is an expected and long-awaited evolution which is 

yet to happen completely. That, along with real-time 

processing is the future of Internet that the world will see in 

the coming years, especially in the field of social networking 

and media.  
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Abstract— The ideologies developed over the years by the Indian 

Globalised Corporate are corporate culture with enhanced 

emphasis of corporate social responsibility and governance. Since 

times immemorial Crime has become the hidden face of Indian 

corporate. Crime like financial frauds, child labour to crime 

against women. The Constitution of India laid down a few 

principles and rights engraved for the protection, upliftment and 

overall social development of community. Corporate, an 

important component of society has left no stone unturned to 

commit possibly all the crimes, as a reward to the society. 

Governance and social responsibility the two strong pillars on 

which the Indian corporate flaunts its image, brand and 

popularity for survival, growth and competition. The broader 

scope that corporate has depicted in the Indian and global 

context, the concept of CSR and governance is on the outer 

surface. The broad coverage of CSR is as shown below.  

 

The work highlights lack of corporate in discharging 

responsibility towards the various interested groups of society 

and the impact of new CSR and Governance norms under the 

Companies Act 2013. 

Keywords: 

I. INTRODUCTION 

ompanies Act, 2013, the long awaited act, expected to 

answer the need of globalised, developing and growing 

economies in the midst of increasing number of crimes, 

exploitation, corruption, scams and crisis. The narrow 

understanding of corporate governance with the Indian 

Corporate and the stakeholders has been given an eye opening 

understanding with the broad contents Companies Act 2013 

encompasses. The chart below gives an idea about various 

aspects covered in Corporate Governance.  

Figure 1: 

 

The six component structure above encompasses broad 

disclosure of ingredients falling within the domain of each 

component. 

a. Increased reporting Framework, has given new 

definition of Holding and subsidiary company, 

uniformity of financial year with rules for mandatory 

consolidated statement, regulating the financial 

statement, use of concept of useful life for 

depreciation and mandate for compulsory internal 

audit and reporting on internal financial control. 

b. Second component encompasses regulations for audit 

and auditors responsibility. 

c. Easier restructuring has brought the long drawn need 

for simplicity to rationalize multilayer structure, 

simplifying procedure for merger and cross merger, 

buy – out deals, governance for share capital 

reduction. 

d. Investors the only status enjoying  groups have been 

extended the protection through better 

Regulations  for insider trading, oppression and 

mismanagement, fraud risk mitigation and related 

party transaction. 

e. Wider director and  management responsibility, have 

been the area that has undergone a new  

understanding  for the position of independent 

Increased 
reporting 

framework 

inclusive CSR 
agenda

Wider director 
and 

managemnt 
responsibility

emphsis on 
investors 

protection

easier 
restructuring

Higher auditor 
accountability
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director, women director, rotation of director and 

director‟s reporting 

f. The creamy concept of corporate, CSR, the rewards to 

the society, the joy of giving back to the society, the 

concept more promised to be practiced with ethics, 

fairness and devotion has been given a pool of 

regulations with aspects of inclusion as discharge of 

social responsibility, measuring and quantifying the 

same. 

g. As per the survey conducted by Cone 

Communications echo, Consumers have expressed 

their view of expected CSR activity.  

 

h. CSR is a dynamic and activity oriented performance 

playground that has remained untouched on 

i. the corporate domain for long. The narrow idea of 

CSR performance by the corporate is a myth which 

has been utilised as a large platform of branding, 

image personification and popularity. The following 

are some of the expected areas of CSR to be 

considered by the corporate. Figure 2 

 

The idea of survival adopted by the corporate i.e. the „Triple 

Bottom Concept‟ emphasizing on Economy, Environment and 

Society, promotes themselves to be the best to return to the 

society by carrying out various events and activities under the  

 

domain of CSR have been only clouding their expected image 

personified. However no longer is this possible, because of 

inclusion of CSR measuring yardstick in the new Companies 

Act 2013. The most untapped area of CSR, Human Rights, a 

fight for living with dignity, pride and respect has been 

violated in various spheres of corporate activities and events 

with crimes like child labour, forced labour, crime against 

women and others.  

Human Rights are those minimum rights which are 

compulsorily obtainable by every individual as he/she is a 

member of human family. 

 

Defining child labour is restricting the coverage or limiting the 

crime that can find a place under the umbrella term, “Violation 

of constitutional Rights” or “Violation of Human Rights”. 

Article 32 of the UN Convention on the Rights of the Child 

recognizes the right of children to be protected from economic 

exploitation, from performing any work that is hazardous, 

interferes with their education, or is harmful to their health or 

physical, mental, spiritual, moral or social development. 

 As per ILO, child labour is engagement of children below the 

age of 14 for full time or part time basis. The traditional Indian 

belief, that more people in the family means more hands and 

resources to earn for the family is a misconception progressing 

towards the path of poverty. The prime reason for forced child 

labour is birth of a child to an illiterate family taking ahead the 

legacy of the family and creating a vicious circle of crime 

engulfed with a series of constitutional and human rights 

violated but none of them being reported of resolved. 

Although India has the largest number of child labourers under 

the age 14 in the world, child labour problem is not unique to 

India; worldwide, in many countries children are forced to 

work with disastrous consequences. Children, under age 14 are 

often forced to work for as many as 18 hours a day. They are 

subject to malnutrition, impaired vision, deformities from 

sitting long hours in cramped over crowded work places, they 

become easy preys to deadly diseases like serious respiratory 

diseases, T.B., and Cancer. Biologically, childhood is the span 

of life from birth to adolescence. According to Article 1 of 

UNCRC1 (United Nation‟s Convention on the Rights of the 

Child), “A child means every human being below the age of 18 

years unless, under the law applicable to the child, majority is 

attained earlier.”   

During NSS 66th 

Round (2009-10) 

 

Major State all 

India  

Rural 

Age Group 5-14  

Urban 

 Sr. No.                                      

Male       

                     

Female           

Male           

           

Female  

 

1.  

 

Andhra 

Pradesh  

88156  110191  20767  15548  

Factors % of 

consumer in 

2013 

% of 

consumer in 

2011 

Economic development  38 34 

Environment  19 32 

Poverty and Hunger 11 11 

Human rights 11 12 

Education 9 9 

Health & Disease 8 8 

Water 4 6 
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2.  

 

Assam  144655  31909  11833  757  

 

3.  

 

Bihar  224292  38665  11017  2548  

 

4.  

 

Chhatti

sgarh  

3669  7321  636  0  

 

5.  

 

Delhi  -  -  18576  0  

 

6.  

 

Gujarat  150487  207973  15945  16282  

 

7.  

 

Haryan

a  

22664  17471  28073  3988  

 

8.  

 

Himach

al 

Pradesh  

2300  2942  2156  0  

 

9.  

 

Jammu 

& 

Kashmi

r  

11274  16872  1139  0  

 

10.  

 

Jharkha

nd  

63684  14661  4123  0  

 

11.  

 

Karnata

ka  

89796  113429  20793  2479  

 

12.  

 

Kerala  1182  0  0  1583  

 

13.  

 

Madhy

a 

Pradesh  

91454  32812  57688  9063  

 

14.  

 

Mahara

shtra  

66370  127996  54230  12077  

 

15.  

 

Orissa  54390  38288  36522  5363  

 

16.  

 

Punjab  16802  6433  15664  9937  

 

17.  

 

Rajasth

an  

93055  261871  43184  7826  

 

18.  

 

Tamil 

Nadu  

0  13880  3471  0  

 

19.  

 

Uttarak

hand  

14810  7239  3219  2103  
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20.  

 

Uttar 

Pradesh  

101229

4  

546320  147820  68899  

 

21.  

 

West 

Bengal  

357265  134657  31946  27716  

All India                                             

251110

1  

172727

1  

546897  198602  

 

Data on Child Labour based on Employment 

Unemployment Survey  

Source: CHILDREN IN INDIA 2012 

- A Statistical Appraisal Social Statistics Division, 

Central Statistics Office, Ministry of        statistics 

and Programme Implementation, Government of 

India. 

 

Source: CHILDREN IN INDIA 2012 

- A Statistical Appraisal Social Statistics Division, 

Central Statistics Office, Ministry of        statistics 

and Programme Implementation, Government of 

India. 

Number of child labourers rescued, rehabilitated and 

mainstreamed through National Child Labour Project 

scheme during the last three years and current year, 

State-wise No. of children  during the last three years 

and current year, State-wise No. of children 

Mainstreamed  

 

Sl. No.  State  2009-

10  

2010-

11  

2011-

12  

2012-

13 Up 

to Dec. 

2012  

1  Assam  3685  274  227  10848  

2  Andhra 

Pradesh  

13689  1858  13202  7840  

3  Bihar  7998  8552  19673  1162  

4  Chhattis

garh  

1063  5164  4914  2004  

5  Gujarat  1437  2129  609  569  

6  Haryana  1354  1293  1895  1722  

7  Jammu 

& 

Kashmi

r  

Nil  43  184  132  

8  Jharkha

nd  

1816  1015  2216  4003  

9  Karnata

ka  

3217  135  3761  742  

10  Mahara

shta  

5,150  5113  4532  4328  

11  Madhya 

Pradesh  

9,692  13344  17589  5044  

12  Orissa  10,585  14416  13196  10309  

13  Punjab  1,023  123  168  0  

14  Rajasth

an  

12,326  4415  1020  4155  

15  Tamil 

Nadu  

6,321  6325  5127  3537  

16  Uttar 

Pradesh  

40,297  28243  29947  10617  

17  West 

Bengal  

13,187  2215  7456               

3117 

 

Source: CHILDREN IN INDIA 2012 
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The table displays the number of children engaged in child 

labour and the success of rescue and rehabilitation 

programmes in the previous years. The details are the facts in 

spite of having various laws prohibiting child labour. 

 

The efforts to curb child labour are implemented through 

various laws depicted below:  

 

- A Statistical Appraisal Social Statistics Division, 

Central Statistics Office, Ministry of        statistics 

and Programme Implementation, Government of 

India. 
 

Figure 3: 

 

Enforcement Figures on Child Labour 

As per the data received from various States, the details of 

inspections carried out, prosecutions launched, convictions 

made under the Child Labour Act during the last five years and 

current year are given as under  

Year   No. of  

Inspectio

ns  

 

 

No. of  

Prosecuti

ons  

 

 

No. of  

Convictio

ns  

2007   363927   12705    617  

2008   355629   11318   763  

2009   317083   11418   1312  

2010   239612   8998   1308  

2011   84935   4590   774  

2012

**  

 25040   589   167  

** The information yet to be received from many States 

Goverment has made undertaken various projects, drafted 

various policies and plans and implemented various benefits in 

order to curb child labour. In association with Indian Labour 

Organisation (ILO), government of India has signed a MOU in 

the year 1992. A project was organised and undertaken by the 

Ministry of Labour, Government of India and the Department 

of Labour, United States of America (USDOL), Indus child 

labour programme worked at developing a comprehensive 

multipronged communication strategy. Through this project, 

an estimated 103,152 children and adolescent workers were 

withdrawn and rehabilitated. The Project was concluded in 

March 2009 {Government of India, Planning 

Commission,Working Group for Social inclusion of 

Vulnerable Group like Child Labour and Bonded and Migrant 

Labour in the 12th Five Year Plan (2012-17)}.  

As per the National Sample Survey 2012, the total number of 

children engaged in child labour is, 
 

 Age Group 5- 14 (Total of all states) 

 

 

 

 

Rural 

 

 

Male 

 

 

2511101  

  

 

Female   1727271 

  

Urban  

Male      546897 

Female 198602  

 

 

Source of Data: Rajya Sabha Unstarred Question No. 2128, 

dated 12.12.2012 

However the list of industries engaging child labour and are 

prohibited under the Act are, 

List of Occupations Processes prohibited under the Act  

1) Transport of passengers, goods or mails by railways; 2) 

Cinder picking, clearing of an ash pit or building operation in 

the railway premises; 3) Work in a catering establishment at a 

railway station, involving the movement of a vendor or any 

other employee of the establishment from the one platform to 

another or in to or out of a moving train; 4) Work relating to 

the construction of a railway station or with any other work 

where such work is done in close proximity to or between the 

railway lines; 5) A port authority within the limits of any port; 

the 
childre

n 
(pledgi
ng of 

labour 
act) 

1933

The 
Emplo
yment 

of 
Childr
en Act, 
1938 

The 
Shops 
and 

Establi
shmen
t Act 

in 
Variou

s 
States

The 
Motor 
Transp

ort 
Worke
rs’ Act, 
1961 

The 
Factori
es Act, 
1948 

Child 
Labour 
(Prohi
bition 
and 

Regula
tion) 
Act, 
1986

The 
Planta
tions  

Labour 
Act, 
1951 

The 
Minim

um 
Wages

, Act 
1948

The 
Mines 
Act,19
52  &

The 
Merch

ant 
Shippi
ng Act, 
1958 

The 
Appre
ntices 
Act, 
1961 
& The 
Atomi

c 
Energy 

Act, 
1962 

The 
Beedi 
and 

Cigar 
Worke

rs 
(Condi
tions 

of 
Emplo
yment
) Act, 
1966 
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6) Work relating to selling of crackers and fireworks in shops 

with temporary licenses;  

7) Abattoirs/Slaughter House; 8) Automobile workshops and 

garages; 9) Foundries; 10) Handling of toxic or inflammable 

substances or explosives; 11) Handloom and power loom 

industry; 12) Mines (underground and under water) and 

collieries; 13) Plastic units and fibreglass workshops; 14) 

Domestic workers or servants; 15) Dhabas (roadside eateries), 

restaurants, hotels, motels, tea shops, resorts, spas or other 

recreational centers; and  

16) Diving. 17) Caring of elephant. 18) Working in the circus.  

Source: (Lok Sabha Unstarred Question No. 2669 dated 

10.12.2012)   

PART B 

Processes (Industrial Activity)  

1) Beedi-making. 2) Carpet-weaving including preparatory 

and incidental process thereof; 3) Cement manufacture, 

including bagging of cement.4) Cloth printing, dyeing and 

weaving including processes preparatory and incidental 

thereto;5) Manufacture of matches, explosives and fire-

works. 6) Mica-cutting and splitting. 7) Shellac manufacture. 

8) Soap manufacture. 9) Tanning. 10) Wool-cleaning. 11) 

Building and construction industry including processing and 

polishing of granite stones` 12) Manufacture of slate pencils 

(including packing). 13) Manufacture of products from 

agate.14) Manufacturing processes using toxic metals and 

substances such as lead, mercury, manganese, chromium, 

cadmium, benzene, pesticides and asbestos. 15) `Hazardous 

processes` as defined in Sec. 2 (cb) and `dangerous 

operation` as notice in rules made under section 87 of the 

Factories Act, 1948 (63 of 1948)  (16) Printing as defined in 

Section 2(k) (iv) of the Factories Act, 1948 (63 of 1948) 17) 

Cashew and cashewnut descaling and processing. 18) 

Soldering processes in electronic industries.19) Aggarbatti` 

manufacturing. 20) Automobile repairs and maintenance 

including processes incidental thereto namely, welding, lathe 

work, dent beating and painting.21) Brick kilns and Roof 

tiles units.  

22) Cotton ginning and processing and production of hosiery 

goods. 23) Detergent manufacturing. 24) Fabrication 

workshops (ferrous and non ferrous) 25) Gem cutting and 

polishing. 26) Handling of chromites and manganese ores. 

27) Jute textile manufacture and coir making.28) Lime Kilns 

and Manufacture of Lime.  

29) Lock Making. 30) Manufacturing processes having 

exposure to lead such as primary and secondary smelting, 

welding and cutting of lead-painted metal constructions, 

welding of galvanized or zinc silicate, polyvinyl chloride, 

mixing (by hand) of crystal glass mass, sanding or scraping 

of lead paint, burning of lead in enamelling workshops, lead 

mining, plumbing, cable making, wiring patenting, lead 

casting, type founding in printing shops. Store typesetting, 

assembling of cars, shot making and lead glass blowing. 31) 

Manufacture of cement pipes, cement products and other 

related work. 32) Manufacture of glass, glass ware including 

bangles, florescent tubes, bulbs and other similar glass 

products. 33) Manufacture of dyes and dye stuff. 34) 

Manufacturing or handling of pesticides and insecticides. 35) 

Manufacturing or processing and handling of corrosive and 

toxic substances, metal cleaning and photo engraving and 

soldering processes in electronic industry. 36) Manufacturing 

of burning coal and coal briquettes. 37) Manufacturing of 

sports goods involving exposure to synthetic materials, 

chemicals and leather. 38) Moulding and processing of fibre 

glass and plastic. 39) Oil expelling and refinery. 40) Paper 

making. 41) Potteries and ceramic industry. 42) Polishing, 

moulding, cutting, welding and manufacturing of brass goods 

in all forms. 43) Processes in agriculture where tractors, 

threshing and harvesting machines are used and chaff 

cutting. 44) Saw mill - all processes. 45) Sericulture 

processing. 46) Skinning, dyeing and processes for 

manufacturing of leather and leather products. 47) Stone 

breaking and stone crushing. 48) Tobacco processing 

including manufacturing of tobacco, tobacco paste and 

handling of tobacco in any form. 49) Tyre making, repairing, 

re-treading and graphite beneficiation. 50) Utensils making, 

polishing and metal buffing. 51) `Zari` making (all 

processes)`. 52) Electroplating;  

53) Graphite powdering and incidental processing; 54) 

Grinding or glazing of metals; 55) Diamond cutting and 

polishing; 56) Extraction of slate from mines; 57) Rag 

picking and scavenging; 58) Processes involving exposure to 

excessive heat (e.g. working near furnace) and cold; 59) 

Mechanised fishing; 60) Food Processing;  

61) Beverage Industry; 62) Timber handling and loading; 

63) Mechanical Lumbering; 64) Warehousing;  

 

The statistics prove how informed and aware are our 

industries, the processing/ manufacturing units of Indian 

corporate are about child labour; A crime, Child Labour, 

leading to restricting the right to live, play, learn and bloom 

happily. The CSR in Indian corporate promotes the idea of 

education and establishment of schools for a bright future, 

country and the citizen, however forgot to fight for those 

who are even deprived of their right to childhood.  

 

Amongst the most talked about domain of corporate social 

responsibility, the most rarely practiced is the protection of 

Women Human Rights. Women employees have been 

awarded a bunch of human rights since ancient times. 

However before we proceed to the broad area of human 

rights, its coverage and violation, we focus on the ancient 

Indian history depicting human rights violation of women in 

India. The status of women in ancient India and some 

prominent practices are, 

 

The Sati Practice, a practice where in the widow of the 

deceased would immolate herself on her husband‟s pyre. A 

practice that was voluntary but made a mandate because of 

social acceptance. 
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Jauhar refers to self immolation practice by both wives and 

daughters of defeated warriors, in order to avoid capture and 

consequent molestation by the enemy. 

 

Purdah a still prevalent practice among some communities 

requires women to cover themselves as to conceal their skin 

and form from males.   

 

The most heinous crime against women in the Indian society 

is rape, an attempt to kill their right to live with dignity.  This 

form of crime or an ill deceit act has been a part of the Indian 

soil since ancient times where in the most remembered one 

is, act of Duryodhan on „Draupadi‟ in the ancient times is a 

remarked event. The journey of indecent act against women 

is still in practice. To quote, an example of sexual harassment 

in the workplace and suicide of an advocate.  A suicide 

committed was an extreme result of sexual harassment by a 

fellow lawyer and some senior advocates. Having regard to 

the sensitive nature of the complaint, the commission issued 

a notice to the chief secretary and DGP, Andhra Pradesh for 

an indication  of the current status of the criminal 

investigation. After the investigation and case registered u/s 

306 IPC.  After the proceedings the charge sheet was filled. 

In a parallel action, the Commission also took up the wider 

question of the sexual harassment of women in legal 

profession and called for and considered reports/comments 

from the Secretary, Andhra Pradesh Bar Association, the 

Secretary, State Bar Council of Andhra Pradesh, the 

Chairman, Bar Council of India, New Delhi as well as the 

President, Bar Association of India. 

During a meeting with the members and officers of the 

Commission on 4 May 2001, which was attended amongst 

others by Shri Soli J. Sorabjee, Attorney General of India, 

Shri D.V. Subba Rao, Chairman Bar Council of India and 

Shri R.K. Jain, Senior Advocate, Supreme Court, a decision 

was taken to constitute a High Power Committee to examine 

this matter further. 

Accordingly, such a Committee was constituted on 21 

December 2001, under the Chairmanship of Shri Soli J. 

Sorabjee in his ex-officio capacity to consider all aspects of 

the problem of sexual harassment of women in the legal 

profession and to make suitable recommendations for the 

penalisation/punishment for those who may be involved. The 

Committee would also consider whether amendments were 

needed to the Advocates Act, 1961 and the Bar Council 

Rules. The other members of this Committee are Shri Raju 

Ramachandran, Advocate, Supreme Court of India; Shri 

A.K. Ganguly, Advocate, Supreme Court of India; Ms. 

Meenakashi Arora, Advocate, Supreme Court of India; Smt. 

M. Daruwala, Director, Commonwealth Human Rights 

Initiative, New Delhi and Ms. Naina Kapoor, Director, 

SAKSHI, New Delhi. (Sexual harassment in the work place 

and suicide of Sangeeta Sharma, Advocate: Andhra Pradesh 

(Case No.203/1/2000-2001). 

 A former law intern, who accused a former judge Swatenter 

Kumar of sexually harassing her while in office in 2011, 

moved Supreme Court on Monday seeking an inquiry against 

the retired judge. A bench headed by Chief Justice of India, P 

Sathasivam, has agreed to take up the case on Wednesday. 

 

In her plea, the young law intern said she also wants the 

Supreme Court to set up a mechanism to deal with cases of 

sexual harassment. Her plea follows an affidavit she had 

given to the Chief Justice of India in November which 

reportedly was not acted upon. 

 

"There is a larger prayer: establish a permanent mechanism 

across the country in all judicial bodies so that any complaint 

against a judicial officer can find redress," the woman's 

lawyer Vrinda Grover said. 

 

Justice Kumar has denied the charges and has sued 

newspapers who published the former intern's allegations 

against him. However, several senior advocates and activists 

have come out in support of the young woman. They say it's 

time the top court walked the talk. 

 

"The Supreme Court is undermining itself and forcing 

women to go to the media. It is inflicting indignity on itself. 

Action is being taken only when there's public outrage and 

pressure. That must change and an internal mechanism must 

be set up," lawyer Madhu Mehra said.  

 

Justice AK Ganguly, another former Supreme Court judge 

indicted of sexual harassment, stepped down as Chairman of 

the West Bengal Human Rights Commission. He had resisted 

giving up his post despite being indicted by a panel of 

serving top court judges. 

After a decade or so, the times have changed, it is a globally 

growing economy, we are in the technological era, India 

2020, the Super Power, and so on, and there is something 

still constant. Rape, gang rape, sexual assault, 

Molestation and so on. Women and crime go hand in hand 

across the country and the globe. Women right to equality 

and satisfactory working condition as well as right to sexual 

freedom is jeopardized by sexual harassment at workplace, 

further curbing their right to equality of opportunities at work 

place. Some of the most common factors leading to sexual 

harassment at work place are job position, power, threat to 

job stability, performance etc. However an exact reason and 

extent of victims is not known, due to lack of data. Sexual 

harassment not only arises out of objective differences in the 

amount of power held in the workplace but also out of the 

"cultural power" which men exercise over women, in 

accordance with the predominant gender system which 

discriminates against women through the control, disposition 

and use of their sexuality and bodies.  

 

The need for changing the status of CSR from a voluntary 

activity to a mandate with a wider scope and coverage has 
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given life to one of the most manipulated concept practiced 

by the corporate. The concept of CSR in absence of 

measurement yardstick and specified domain have practiced 

all the activities in their area of choice, but on practical 

grounds exploiting and violating human rights i.e. 

exploitation of women and children in their organisation. 

Since inception the domain of CSR was to reward back the 

society in all possible ways in return for use of resources, be 

it economic, social and environment. On the other hand the 

companies have only portrayed a fraudulent act of benefitting 

the society through CSR on various front and on other hand a 

constant protection to the ever since existing and breathing 

crime of violating the human rights. Thus the need to revise 

the norms for CSR or making it a requirement under the 

body or corporate governance or law, all the steps area in 

vain until and unless self implementation and morale of good 

conduct and practice, no mandate can be considered to be the 

best to make the organisation promote themselves to be the 

best in practicing CSR as a reward to society, since it the 

involved in heinous crime of violating “Human Rights”.          
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Abstract — Optimal generation scheduling problem has been 

tackled by researchers in a very broad perspective, ranging 

from the problem dimension issue with respect to the large 

number of design variables in a practical scenario, its spatial 

temporal constraints, robustness of the optimization algorithm 

etc. Accordingly, efforts have been directed towards coming up 

with a holistic solution that caters to the needs of an online fast 

accurate optimized economic dispatch solution. This paper has 

applied the Quasi Newton approach to the optimal generation 

scheduling problem owing to its robustness and low computer 

time to termination. Optimal solutions are presented for the 

IEEE 30 bus, 6 generator system and its solutions are 

compared with four other optimization methods namely 

sequential quadratic programming, interior point method, 

pattern search and genetic algorithm. Comparative results 

demonstrate the efficiency of the method when applied to the 

optimal generation scheduling problem. 

Index Terms — Optimal generation scheduling, Quasi Newton 

method, hessian matrix updation. 

NOMENCLATURE 

 

Pi Real power generated by generator i 

N Total number of generators 

ai, bi, ci Cost coefficients of generator i 

Pi, min Minimum generation output of generator i 

Pi, max Maximum generation output of generator i 

Li, min Lower transmission flow limit 

Li, max Upper transmission flow limit 

Gk,i Generation distribution shift factor of unit i to 

transmission interface k 

Ri, min Minimum ramping rate limit of generator i 

Ri, max Maximum ramping rate limit of generator i 

λ Lagrangian multiplier of power balance constraint  

Ak Approximate hessian matrix formed in the Quasi 

Newton method at the k
th 

iteration. 

Δgk Difference in the gradient matrix from (k-1)
th 

to the 

k
th

 iteration in the Quasi Newton method. 

 

I. INTRODUCTION 

 

he optimal generation scheduling problem, also known 

as the economic load dispatch problem, has been an area 

of interest for both researchers and power engineers from the 

advent of large power systems consisting of several 

alternators of different fuel sources. Different countries have 

adopted different optimization methods for generation 

scheduling of its respective power systems - right from the 

brute force techniques such as priority list methods, to the 

more advanced methods such as artificial intelligence (AI) 

techniques. Researchers have worked their way through from 

conventional methods too, based on calculus and search 

gradients techniques towards hybrid techniques involving a 

blend of conventional methods and AI based methods. 

Before this issue of optimization is addressed, the work done 

so far for the optimal generation scheduling/ economic load 

dispatch (ELD) problem is discussed below.  

A typical ELD problem consists of minimizing the fuel 

cost function subject to equality constraint, also known as the 

power balance constraint, and inequality constraints such as 

generation limit constraint, transmission line flow constraint, 

ramp rate limits, etc. 
[1]

 This optimization problem has been 

solved by researchers by conventional methods in the past 

such as Newton Raphson method 
[2]

, Quadratic programming 
[3]

 and other gradient search based methods. But each of 

these has their own drawbacks such as the limitation of the 

Newton Raphson method being in acquiring a positive 

definite hessian matrix in every iteration. This is not practical 

in every case for two reasons. First of all, getting a positive 

definite hessian matrix may not be possible due to the system 

parameters involved in the case and secondly, even if a 

positive definite hessian matrix is achieved, it is 

computationally cumbersome to calculate the inverse of the 

hessian matrix in every iteration, especially when the system 

considered is large. Linear programming 
[4]

 and Dynamic 

programming
 [5]

 have also been adopted for solving this 

optimization problem. The limitation of linear programming 

is its requirement for a linear objective function which results 

in compromising with the accuracy of the fuel cost function 

whereas dynamic programming suffers from the curse of 

dimensionality. In recent times, artificial intelligence 

techniques have also been used such as genetic algorithm
[6]

, 

simulated annealing
[7]

 and particle swarm optimization. Such 

techniques have an advantage of being able to work with 

discontinuous objective functions and give global solutions 

but they suffer from the disadvantage of being prone to the 

kind of parameters used in the procedure. Since the choice of 

T 
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parameters is empirical, a major part of the technique is 

involved in determining good parameters. Hence the 

convergence of the problem becomes slower and requiring 

large number of iterations. This paper has used Quasi 

Newton algorithm for optimization and it is discussed in 

further detail in the forthcoming sections. 

The paper is organized as follows. In Section II, the basic 

formulation of the ELD problem is presented, followed by a 

brief explanation of the Quasi Newton algorithm in Section 

III and the proposed algorithm in section IV. Thereafter, the 

proposed method is compared with other conventional and 

modern optimization techniques in section V and finally, 

conclusions drawn from the analysis are summarized in 

Section VI. 

 

II. PROBLEM FORMULATION 

 

Classical optimal generation scheduling/economic load 

dispatch problem takes the following form 
[8]

 - Minimization 

of the objective function given by  

                                   (1) 

subject to the constraints given by 

(1) Power balance constraint: 

                                                          (2) 

(2) Generation output limit constraint: 

                                        (3) 

(3) Transmission flow constraint: 

                                  (4) 

(4) Dynamic ramp rate constraint: 

                        (5) 

This paper has considered two constraints for their work, 

namely power balance constraint and the generation output 

limits given by equations (2) and (3). But the Lagrangian 

function, shown in equation (6), is formed using equality 

constraint alone whereas the inequality constraint is applied 

separately as explained in Section III.  

                                     (6) 

III. QUASI NEWTON METHOD 

 

Quasi Newton method
 

is based primarily upon the 

properties of quadratic functions 
[9]

. It tries to imitate the 

inverse hessian matrix of the Newton method merely using 

the first order information. This is an advantage of Quasi 

Newton method over Newton method.  

Quasi Newton method majorly involves computation of 

the objective function and its gradient. It stands apart from 

other algorithms in the way the search direction is chosen. At 

every iteration of the algorithm (except the first iteration), a 

certain matrix Ak is to be calculated. This matrix is supposed 

to be the approximation of the inverse of the actual hessian 

matrix of the objective function at that particular iterate. 

Hence many a times, the initialization of the hessian matrix 

Ak is also done by the actual inverse of the first hessian of the 

objective function. But this method works fine even if the 

initialized matrix of Ak is an identity matrix. In fact, this 

paper has started with an identity matrix for its initialization. 

But, if the number of iterations is more, then the algorithm 

can be fine tuned by using the final hessian matrix obtained 

after running the algorithm with the identity matrix as 

initialized value. 

But the key step is the updation of the approximate 

inverse Hessian matrix Ak to Ak+1 and this updation needs to 

be done at every iteration. This updation needs to be done 

such that it contains the essential features of the inverse 

hessian matrix without having to actually compute it. The 

essential features required include symmetry and positive 

definiteness and it must satisfy the condition of quasi 

Newton (whereby the algorithm gets its name). This 

algorithm works well for a quadratic function and hence it 

can be safely assumed that with smooth convex non 

quadratic functions as well, this algorithm would perform 

well. Although, the fuel cost function is generally 

approximated by a quadratic equation, this algorithm would 

work well even if the objective function were a more 

accurate cubic interpolation of the fuel cost data. This is yet 

another advantage of this method. 

As explained above, the key to the algorithm is the 

approximate hessian matrix updation. This can be done in 

two ways. The first method is namely Davidon-Fletcher-

Powell (DFP) method, also known as rank one correction 

formula whereas the second one is Broyden-Fletcher-

Glodfarb-Shanno (BFGS) method, better known as rank two 

correction formula. The major advantage of the BFGS 

method is that the method seems to be significantly less 

dependent upon exact line searching.  But DFP method is 

more popular and well suited for the constant hessian matrix 

i.e. the quadratic case. Since the objective function 

considered here, is a smooth quadratic, the DFP method is 

implemented, whose updating formula is given by,  

 

                         (7) 

This method is robust and works well in the problem 

described in this paper, and this will be clear from the 

simulation results explained in section V. The major 

drawback of this method is the need to store the (N X N) 

matrix Ak. 

IV. PROPOSED ALGORITHM 

 

As discussed in section II, the Lagrangian function 

formed in equation (6) consists of the equality constraint 
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alone. But provisions have been made for the inequality 

constraints as well in the proposed algorithm. The steps of 

this algorithm are as described below. 

Step 1: Initialize the generator output values for all design 

variables  Pi where i ranges from 1 to N. Initializing vector, 

Φ, is inclusive of both, the entire set of output generator 

values and the lagrangian multiplier. Thus,  

 

Φ = [P1, P2, … ... Pi, …… PN, λ]
T
. 

 

Step 2: Initialize the hessian matrix Ak, where k represents 

iteration count, by an equivalent identity matrix wherein the 

number of rows and columns of the identity matrix is equal 

to the number of elements in the initializing vector, Φ. Since 

we are initializing, the value of k is obviously, 1. 

 

Step 3: Find the gradient vector gk of the Lagrangian 

function. Calculate the value of the gradient vector by 

substituting the initializing vector, Φ, into gk which will give 

us the descent direction. In fact, for the first iteration, i.e. k = 

1, we are following the pattern of steepest direction method, 

and one can visualize this in the forthcoming steps. 

 

Step 4: Use the Newton method, for calculating the unit step 

length α, by first substituting initializing vector Φ into xk  

xk+1 = xk  –  αkAkgk                                                                                   

(8) 

and then find improvised function of the design variable in 

terms of αk. Thereafter, replace the design variables in the 

lagrangian function with xk+1. Differentiate this function with 

respect to α and equate it with zero. Solving this equation 

would give the value of αk, the unit step length for the kth 

iteration. 

 

Step 6: Thereafter, the same value of α is substituted into 

equation (8) to find the value of the new design variable 

vector, xk+1, for the iteration (k+1). Similarly new values of 

gradient vector gk+1 are found using the new design variable 

vector, xk+1. 

 

Step 7: Update the Hessian matrix Ak using the formula as 

shown in (7). In case of non quadratic smooth functions, 

BFGS updation technique is better equipped to deal with 

more accurate updation of the hessian matrix as opposed to 

DFP. 

 

Step 8: Check the fuel cost function value with the new 

updated generator output value and compare with previous 

values. If the decrease in cost is not within tolerance value 

then go back to step 3. 

 

Step 9: Check the final generator output values with the 

maximum and minimum generator output limit constraints. If 

these constraints are violated by any of the design variables, 

then equate them to the limiting value and repeat the above 

mentioned problem from step 1 but this time, excluding the 

design variable which violated the rule. 

 

V. SIMULATION RESULTS 

In this section, the computational results of the proposed 

algorithm on IEEE 30 bus system with 6 generators have 

been presented. The minimum and maximum output limits of 

the generating units and their individual cost coefficients are 

listed in Table 1. The proposed algorithm was implemented 

in MATLAB environment for a load demand of 270 MW. 

Results generated by this MATLAB code were compared 

with the results of the in-built optimization algorithms in 

MATLAB‟s „optimtool‟ toolbox.  

TABLE I.  GENERATOR DATA FOR 6 UNIT TEST SYSTEM 

Gen. 

no. 
Pi, min Pi, max 

ai 

($/MWh2) 

bi 

($/MWh) 

ci 

($) 

1. 50 200 0.00375 2.00 0 

2. 20 80 0.01750 1.75 0 

3. 15 50 0.06250 1.00 0 

4. 10 35 0.00834 3.25 0 

5. 10 30 0.02500 3.00 0 

6. 12 40 0.02500 3.00 0 

TABLE II. COMPARISON OF TERMINATION COUNT OF EACH ALGORITHM 

Optimization 

Technique 
P1 P2 P3 P4 P5 P6 Iterations 

Genetic 
algorithm 

150.4 45.7 27.7 15.1 11.5 19.6 51 

Pattern 

search 
182.3 37.7 18.0 10.0 10.0 12.0 112 

Interior point 

method 
174.9 44.6 18.5 10.0 10.0 12.0 21 

Sequential 

Quadratic 

Programming 

174.9 44.6 18.5 10.0 10.0 12.0 18 

Quasi 

Newton 
method 

174.9 44.6 18.5 10.0 10.0 12.0 14 

 

        Table II summarizes the comparative results of the 

proposed algorithm with other conventional and AI based 

methods. It can be seen that the number of iterations 

required is high in case of genetic algorithm and pattern 

search method. Sequential quadratic programming (SQP) 

and interior point method takes much less number of 

iterations but the proposed algorithm gives the desired 

results in the smallest number of iterations. 

    Table III compares the final optimized cost achieved by 

all the four different algorithms. One can observe that the 

conventional techniques give the most accurate result 

whereas genetic algorithm gives a result which is close to 

the accurate result but not the true value itself.  

    These observations may be referred in the following 

context. AI based techniques have its advantages over 

conventional gradient based techniques such as its ability to 

deal with discontinuous and non convex functions whereas 

conventional methods fail in this area. But conventional 

methods are faster and give much more accurate results as 

compared to AI based techniques as seen in Table II and III. 

Thus a hybrid approach of conventional and AI based 

technique can solve a much broader range of problems. For 
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this, among conventional techniques, Quasi Newton 

algorithm can be hailed as the most robust technique. 

Results make it clear that it is the most suitable method for 

the optimal generation scheduling problem 

TABLE III.  COMPARISON OF OPTIMIZED COST ACHIEVED THROUGH 

EACH ALGORITHM 

Optimization Technique 
Minimum cost 

achieved 

Genetic algorithm 735 

Pattern search 723 

Sequential quadratic programming 722 

Interior point method 722 

Quasi Newton method 722 

 

VI.  CONCLUSION 

 

Optimal generation scheduling problem relies heavily on 

both speed of the optimization algorithm as well as the 

proximity of the solution to the true optimized point in order 

to carry out an economic operation of the power system. The 

comparative results in this paper indicate that although 

artificial intelligence (AI) based technique give global 

optimized solutions, they lag in speed and accuracy. On the 

other hand, conventional techniques give an accurate solution 

but it can tend to be slow at convergence in our problem. 

Quasi Newton stands out for its robustness, accuracy and 

most of all for its low level of iterations required for the 

outcome/solution. This also further supports the case that in 

future, work can be done in the direction of hybrid 

techniques involving Quasi Newton method and AI based 

technique. This would bring out the best of both worlds for 

the economic dispatch problem. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

REFERENCES 

  
[1] B. H. Chowdhary and Saifur Rahman, “A Review of recent advances 

in economic dispatch,” IEEE Transactions on Power systems, vol.5,  

no.4,  November 1990 

[2] C. E. Lin, S.T. Chen and C. L. Huang “A direct Newton Raphson 
economic dispatch,” IEEE Transactions on Power systems, vol. 7, 

August 2002. 

[3] G. P. Grannelli and M. Montgna, “Security constrained economic 

dispatch using dual quadratic programming,” Electric Power Systems 

Research, vol. 56, October 2000. 

[4] A. Farag, S. Bayat and T. C. Cheng, “Economic load dispatch 

multiobjective optimization procedures using linear programming 
techniques,” IEEE Transactions on Power systems, vol. 10, May 

1995. 

[5] C. Wang and S. M. Shahidehpour, “Optimal generation scheduling 
with ramping costs,” IEEE Transactions on Power systems, vol. 10, 

Feb 1995. 

[6] C. Chao-Lung, “Improved genetic algorithm for power economic 

dispatch of units with valve point effects and multiple fuels,” IEEE 

Transactions on Power systems, vol. 20, Nov, 2005. 

[7] D. N. Simopoulos, S. D. Kavatza and C. D. Vournas, “Unit 

commitment by an enhanced simulated annealing algorithm”, IEEE 

Transactions on Power systems, vol. 21, February 2006. 

[8] A. J. Wood and B. F. Wollenberg, “Power - Generation, Operation 

and Control”, John Wiley & sons, 2003. 

[9] A. Ravindran, K. m. Ragsdell and G. V. Reklaitis, “Engineering 

Optimization”, John Wiley & sons, 2006. 

 

 



International Conference on Multidisciplinary Research & Practice                           P a g e  | 295 
 

Volume I Issue VII                                                                    IJRSI                                                                  ISSN 2321-2705 
 

Investigation and Solution of Repetitive Failure of 

Connecting Rod 
HirenPrajapati

1
, Rudresh Makwana

 2
, Punit Patel

3 

1,2
Assistant Professor, Mechanical Engineering Department, 

Institute of Technology, Nirma University, India 

 

Abstract ―The connecting rod is a link which connect the 

piston and crankshaft in reciprocating engines and transfer 

the push and pull from piston to crankshaft or vice versa. 

This paper discusses the case of connecting rod of 5 HP 

reciprocating air compressor. Repetitive failure of connecting 

rod was observed and it was diagnosed. Strength base 

analysis and modal analysis were done. It was found that 

failure occurred due to resonance. Analysis were carried out 

with change in material and solution was achieved. 

Keywords―Reciprocating air compressor, connecting rod, 

structural analysis, Modal analysis, Natural frequency, 

Operating/Excitation frequency, resonance, Design for rigidity 

 

I. INTRODUCTION 

n reciprocating compressor connecting rod transfers the 

push and pull from crankshaft to piston and compression 

of air takes place. Connecting rod may fail during working 

due to lack of strength (strength required during working is 

higher than design strength), lack of maintenance 

(Lubrication)or lack of rigidity. 

A connecting rod of 5 HP compressor was failing with 

two to three months of working repetitively at the industry. 

To diagnose the problem static analysis was carried out 

using ANSYS 13. Results obtained were showing that from 

strength point of view the design of connecting rod was 

safe. It was decided to check the dynamic behaviour like 

natural frequency, mode shapes and damping co-efficient 

of the connecting rod. For dynamic characterization the 

modal analysis (Free vibration characterization) was 

performed in the ANSYS 13. From the results of modal 

analysis it was noted that the first fundamental frequency 

was within the range of operating frequency which was the 

reason of resonance and continuous vibration caused the 

failure of the connecting rod. The possible solution was 

either to redesign the connecting rod or to keep the 

dimensions as it was and change the material of it. With 

change in dimensions of connecting rod dimensions of 

other parts would be needed to change. For example if 

diameter of connecting rod eyes would be changed then 

diameter of crankpin and piston pin would be needed to 

change. Second choice was to change the material of 

connecting rod without changing the dimensions. In this 

work criteria of material change is used to reduce the 

vibration of connecting rod by avoiding the resonance and 

hence the failure of connecting rod due to the vibration is 

avoided. Initially the connecting rod was made from SG 

iron and then it was changed to Aluminium alloy LM13. 

 

TABLE I 

Descrition of Reciprocating Air Compressor 

 

Plant  Dintechpvt.Ltd (Naroda-GIDC, Ahmedabad, Gujarat, 

India) 

Equipment Reciprocating air compressor 

Motor HP 5 

Compressor 

RPM 

725 (12.1 Hz) 

In this investigation, modal analysis of connecting rod 

of the reciprocating air compressor (description in table I) 

with SG iron as material and Aluminium LM13 as material 

is done using ANSYS 13. Material properties are shown in 

table II. 

TABLE II 

Material Properties 

 

Material 
Density 

Kg/mm3 

Poisson's 

ratio 

Elasticity 

Mpa 

Ultimate 

strangthMpa 

SG Iron 7.17E-6 0.275 67.9E3 450 

Aluminum 
Alloy 

LM13 

2.7E-6 0.32 67500 250 

 

II. ANALYSIS OF CONNECTING ROD MADE BYSG 

IRON 

Solid modeling of the connecting rod is done in Pro-E 

wildfire-5. The model is imported to ANSYS 13 in IGES 

format. During the meshing of geometry 10 nodes 

tetrahedral element is used. Structural (considering thermal 

loads) and modal analysis is performed. 

A. Static thermal analysis 

During analysis the linear motions (XYZ) in both piston 

pin eye and crankpin eye are restricted.[4],[5] Connecting 

rod transfers the air pressure which is exerted at piston 

head to crankpin. It also transfers the thermal loads which 

are exerted due to temperature of compressed air. Air 

pressure of 10 bar on head is given and for thermal loading 

path of thermal file (.rth) which was already performed 

before is given. It is noted that Maximum stress generated 

is118.622 MPa, which is less than ultimate tensile strength 

for SG Iron material. It is to be noted that design is safe 

from the strength point of view. 

B. Modal analysis 

Modal analysis is the free vibration analysis, in which 

loading conditions are not require only constrains are 

I 
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important. This analysis provides the dynamic 

characteristics of the components like frequency, mode 

shapes and damping co-efficient. Modal analysis is 

performed with same constraints as applied in static 

analysis. Five mode shapes are extracted which are shown 

in table III. 

 

Fig.1 Von mises stresses 

 

Fig.2 First mode shape 

TABLE III 

Results of Modal Analysis- SG Iron Connecting Rod 

 

Mode shape Natural frequency 

1 10.573 

2 17.513 

3 40.566 

4 65.985 

5 87.341 

Excitation frequency is 12.1 Hz (motor frequency of 

compressor). The fundamental natural frequency of 

connecting rod-SG Iron is 10.573 which is in range of 0.7 

to 1.3 times of excitation frequency. 

C. Solution of problem  

It is noted that excessive vibration is reason of failure. 

It is decided to change the material of connecting rod 

without changing the dimension. The material should have 

required strength with less weight. Aluminum alloy LM13 

has been selected. 

 

III. ANALYSIS FOR ALUMINUM ALLOY LM13 

A. Static thermal analysis 

Static thermal analysis is performed with same constraints 

and loading conditions. It is noted that stress generated is 

143 MPa which is less than allowable tensile strength of 

250 MPa. 

B. Modal analysis 

Modal analysis is performed with same constraints. Table 

IV shows the results. 

 

TABLE IV 

Results of Modal Analysis– Aluminium Alloy LM13 

Connecting Rod 

 

Mode shape Natural frequency 

1 237.12 

2 324.31 

3 423.43 

4 522.05 

5 639.87 

 

 

Fig.3 Von Mises Stress 

 

Fig.4 First mode shape 
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It is clear from the results that resonance is avoided. 

Implementation of solution is in process. 

 

IV. CONCLUSION 

Design of component should be checked for rigidity. 

Natural frequency of component should be 0.7 to 1.3 times 

excitation frequency of system. Resonance can be avoided 

by changing material having equivalent strength. 

Redesign of connecting rod is avoided by changing the 

material. Following things are noted from the investigation. 

 Failure of connecting rod occurred due to resonance 

although design was safe from the strength point of 

view. Maximum von mises stress obtained is 118.622 

MPa for connecting rod having SG iron material. 

 Using LM13 as material, resonance is avoided. It is also 

safe from strength point of view. Maximum von mises 

stress obtained is 143 MPa. 
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The economy of India is the tenth-largest in the world 

by nominal GDP and the third-largest by purchasing power 

parity (PPP). The country is one of the G-20 major 

economies and a member of BRICS. On a per-capita-

income basis, India ranked 141st by nominal 

GDP and 130th by GDP (PPP) in 2012, according to 

the IMF. India is the 19th-largest exporter and the 10th-

largest importer in the world. The economy slowed to 

around 5.0% for the 2012–13 fiscal year compared with 

6.2% in the previous fiscal. According to Moody's, the 

Economic Growth Rate of India would be 5.5% in 2014-

15. On 28 August 2013, the Indian rupee hit an all time low 

of 68.80 against the US dollar. In order to control the fall in 

rupee, the government introduced capital controls on 

outward investment by both corporates and 

individuals. India's GDP grew by 9.3% in 2010–11; thus, 

the growth rate has nearly halved in just three years. GDP 

growth rose marginally to 4.8% during the quarter through 

March 2013, from about 4.7% in the previous quarter. The 

government has forecast a growth rate of 6.1%–6.7% for the 

year 2013–14, whilst the RBI expects the same to be at 

5.7%. Besides this, India suffered a very high fiscal deficit 

of US$ 88 billion (4.8% of GDP) in the year 2012–13. The 

Indian Government aims to cut the fiscal deficit to US$ 70 

billion or 3.7% of GDP by 2013–14. 

Indian economy has recently faced a lot of threats from the 

world, but it has successfully faced all these problems with 

its efficient policy decisions. We have studied about the 

Indian economy in this study and had our observations as 

follows: 

Initial reaction to the tapering announcement has been 

positive. Growth differential between developed economies 

(DEs) and emerging & developing economies (EDEs) has 

been narrowing, while the inflation differential has been 

widening. Thereby, resulting risk-return dynamics seem to 

be in favor DEs, thereby increasing the vulnerability of the 

EDEs. 

 

While monetary policy is largely guided by the growth-

inflation dynamics, it is also tempered by considerations of 

risks of external imbalances. Policy initiatives were taken in 

mid-July to address exchange rate volatility so that it does 

not risk macroeconomic stability and growth sustainability. 

India utilized the delay in tapering to bring about adjustment 

in the current account deficit (CAD) and built buffers by 

replenishing its foreign exchange reserves. Consequently, 

external sector risks have been considerably reduced and the 

effect of the tapering on the economy is expected to be 

limited and short lived. However, macroeconomic 

adjustment is quite incomplete, with persistence of high 

inflation irrespective of growth slowdown. Fall in domestic 

savings rate and high fiscal deficit continue to pose 

challenges for Indian economy.  
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The Indian economy staged a small recovery in the second 

quarter of the current fiscal year with growth at 4.8 per cent, 

an improvement over the previous quarter‟s 4.4 per cent 

with improvement in growth spread across sectors. On the 

external front, the CAD moderated sharply to 1.2 per cent of 

GDP during Q2 2013-14 due to a decline in the trade deficit. 

Boom period expansions that led to excess capacities and 

structural impediments continue to weigh on corporate 

performance. Asset composition of corporate balance-sheets 

shows a shift towards increased financial investments. 

Foreign Institutional Investors (FIIs) continue to remain 

significant players in the domestic equity markets, despite 

some fall in their ownership of index stocks after June 2013. 

As such, entities with equity market exposure need to brace 

for any future volatilities which might result from perceived 

changes in relative returns across markets. 

All the market are facing a decline, despite a slow and 

Minimal decline is observed in case Indian markets as 

compared to other Global and Asian economies after this 

round of tapering. It depict outs the success of Indian 

economic policy to cope out the global threats including the 

renowned Fed Tapering. 

Some other facts revealed in this study are as follows: 

Developments in the external sector since the third week of 

May 2013 brought to fore not just stress in the financial 

markets and asset prices, but also their impact on other 

macroeconomic parameters, including growth, public 

finances and inflation, as also financial stability. The buffers 

built and the fresh responses during the stress period have 

helped India to contend with a precipitous situation. 

However, global financial conditions remain stressed and 

domestic policy changes have not sufficiently improved 

business conditions. Growth continues to be slack, while 

inflation concerns, especially in the form of high consumer 

price inflation linger. Consequently, policy choices will 

need to be carefully evaluated and would need to preserve 

stable macroeconomic and financial conditions while 

addressing the growth concerns. In this context, structural 

reforms become important to reduce CAD to sustainable 

levels and to support growth. 

In the actual execution of the tapering decision for the first 

time it had an initial adverse impact on the markets except 

the UK economy. Later on, all the economies has shown 

recovery, with Indian economy being registering the higher 

growth. Hong Kong, Malaysian, Japanese and Chinese 

economies registered a low steeper and/or declining growth 

altogether. 

All the economies except London have shown a rising 

uptrend, showing their financial rigidness and policy 

effectiveness. Markets have shown its well response to the 

shift and have grown well positively thereby, except the 

case of US, Canada and Korea. 

Apart, china has even well performed during this period, 

with an overall increasing trend nullifying the effect of 

tapering, depicting its superiority on the globe. Economies 

like Malaysia and Korea started recovering earlier than rest, 

whereas Japan and London are at their most facing heats of 

it, starting the most belated recovery from the decline.  

TABULAR ANALYSIS OF GLOBAL MARKET PRICES 

The ratio of change (in %) in respective months in 

comparison to the last month prices is as follows: 

Country Stock Exchange Indices (Closing Prices ->) Sep 2012 Oct 2012 Nov 2012 Dec 2012 Jan 2013 Feb 2013 

INDIA BSE S&P BSE SENSEX 7.64896 -1.37165 4.509607 0.448865 2.410444 -5.19448 

 NSE CNX NIFTY 8.458686 -1.46582 4.629251 0.429433 2.19556 -5.66221 

  CNX NIFTY Junior 2.512852 7.198105 1.613885 7.312701 2.869036 -3.9098 

  CNX Finance 3.217405 5.659073 1.380213 7.044565 1.119702 -3.40749 

USA NYSE Dow Jones Industrial Average Index 2.645285 -2.53529 -0.54121 0.603121 5.772527 1.399004 

 NASDAQ NASDAQ Composite Index 1.606477 -4.46052 1.108749 0.307949 4.060924 0.574769 

UK LSE LONDON FTSE 100 0.535761 0.707058 1.454338 0.528397 6.427821 1.336647 

HONG KONG HKSM HANG SENG 6.969358 3.845611 1.795459 2.843935 4.734139 -2.98893 

MALAYSIA KLSE KLSE Composite Index -0.57408 2.224653 -3.72011 4.849674 -3.63539 0.619336 

KOREA KSE KOSPI Composite Index 4.781326 -4.21549 1.089924 3.318847 -1.75809 3.290111 

JAPAN TSE TOKYO Nikkei 225 0.342198 0.655343 5.798647 10.04837 7.152161 3.776935 

CANADA TORONTO S&P TSX Composite Index 3.081352 0.855693 -1.47711 1.585862 2.02437 1.076845 

CHINA SHANGHAI SSE Composite Index 1.887649 -0.82879 -4.29024 14.59558 5.124872 -0.8313 

 

NOTE FROM THE AUTHOR 

In this paper, it is tried to make the information and analysis 

the best summative and confirmatory. Still, it is well 

accepted that there may be an unintentional error / mistake 

while interpreting the analysis and quoting the referencing.  

 

For any such or other mistakes held in thereby, I apologize 

to the concerned party in advance. I humbly invite you to 

send your valuable suggestions / feedback for improvements 

at my e-mail id „rajputlakshya@yahoo.com‟. for any 

clarifications, please write on the same. 
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Abstract— Vegetable oils and fats are potential feed stocks for 

development of renewable biofuels. Catalytic cracking of 

triglycerides in presence of solid acid catalyst gives rise to the 

liquid and gaseous hydrocarbon fuels.1 In the present work we 

carried out Jatropha oil cracking in a fixed bed reactor by using 

transition metal oxide (TiO2, ZrO2 and CeO2) impregnated 

aluminosilicate catalysts; at 380oC temperature; 1.1 hr-1 LHSV. 

The study reveals the maxium liquid biofuel yield of 70% by 

volume could be achieved through zirconia impregnated 

catalyst. Products of reaction mainly consisted of liquid and 

gaseous hydrocarbons in addition to carbon dioxide and water. 

The distilled liquid biofuel product was characterized for 

physical properties like density, viscosity, flash point, calorific 

value etc. and shows resembles with petrol and diesel. Samples 

are also analyzed by IR and GC.  
 

Keywords- Jatropha oil, biofuel, cracking, fixed bed reactor 

 

 

I. INTRODUCTION 

atalytic cracking of non edible oils has been proposed as 

an alternate method for the preparation of liquid 

hydrocarbon fuels. These liquid biofuel have chemical 

components similar to conventional petroleum fuels and can 

be directly used in the internal combustion engines [2]. 

Worldwide research is on going to maximise the yield of 

biofuel and establish the techno-economic viability of 

process.  The present study summarises the cracking reaction 

of Jatropha oil and its conversion into hydrocarbon fuel by 

utilising transition metal oxide impregnated aluminosilicate 

catalyst. 

 

Vegetable and animal oils and fats are esters of tri, di, or 

mono glyceride of different aliphatic fatty acids having 6 to 

24 carbons. Thermolytic cracking of oils and fats in presence 

of a solid acid catalyst can yield saturated / unsaturated, 
aliphatic / aromatic hydrocarbons in addition to carbon 

dioxide, water vapor and olefins [3]. Since the cracking 

reaction is carried out at higher temperatures, it may be 

accompanied with thermolysis of the hydrocarbon chains as 

well. The reaction is carried out in fixed bed reactor under 

normal atmospheric pressure. The reaction can in general be 

represented as below. 

 

 
Figure 1. Triglyceride cracking reaction 

Here R1, R2 and R3 represent the hydrocarbon chain residues 

of corresponding fatty acid forming part of the oils / fats.    

  

Oil of Jatropha curcas, grown in the tropical regions in 

India, is reported as efficient raw material for production of 

diesel like fuels. Toxicity of Jatropha curcas makes it 

unwanted by animals and men for other uses. Its draught 

resistant characteristic makes its economic cultivation viable 

and hence Jatropha curcas is considered as an alternate 

renewable energy source for future [4]. This oil contains 

saturated, monounsaturated and polyunsaturated fatty acids. 

The chemical structure of major fatty acids of jatropha oil is 

given below [5]. 

 

 
HO

O  
                             34.3 % Linoleic Acid   

 
HO

O  
                      6.9 % Stearic Acid 

 
HO

O  
                     43.0 % Oleic Acid 
 

HO

O  
                        4.2 % Palmetic Acid 
 

Figure 2.Structure and % of major fatty acids in Jatropha oil 

 

Thermal cracking of oil through mesoporous catalytic 

materials has been attempted by many researchers. Porous 

aluminosilicate catalyst is found to be efficient catalyst to 

obtain middle distillate fuel as major fraction [6,7]. 

Amorphous aluminosilicate has been used by Takkai isoda 

and co-workers in Polyethylene-Liquefied Oil cracking [8]. 

Dessy and group has utilised the MCM-41 in Palm oil 

cracking reaction [9]. Over the time wide range of catalytic 

material  like ZSM-5 [10, 11], AlMCM-41, SBA-15 [12] , 

have been utilised for cracking reaction The variation in 

terms of oils have included both edible and non edible 

variety like sunflower oil, cotton seed oil, rubber seed oil, 

pongamia pinnata etc.[13]. However, use of edible oil for 

biofuel raises conflict over the most prudent issue of food vs 

fuel and hence non edible varieties like Jatropha oil, used/ 

waste cooking oil, vegetable sludge are gaining more 

importance [14]. 

 

 

C 
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II. EXPERIMENTAL 

Purified commercial grade Jatropha oil procured from Ms 

VP Enterprises, Pune was used in the cracking studies. The 

cracking was carried out using a fixed bed tubular reactor 

Three different silica alumina (97.5%) based catalysts 

impregnated with the transition metal oxides (concentration 

~ 0.7 %) - titanium, zirconium and cerium were synthesized 

by procedure mentioned in US patent 4102938 by KVC 

rao.[1] The catalyst samples were characterized for 

morphological and surface parameters namely surface area, 

average pore width and total pore volume, average true 

density.  

 

The cracking reaction was carried out by passing the 

Jatropha oil at predetermined flow rate measured as LHSV 

through the reaction column packed with catalyst pellets 

preheated to the reaction temperature. The reaction products 

were condensed by passing through condensation coils and 

the uncondensed gases were collected after passing through 

NaOH bubblers for trapping carbon dioxide. The liquid 

portion was subjected to fractional distillation and these 

fractions compared with petrol, diesel and biodiesel samples 

for physical parameters, Further they were anlyzed by IR and 

GCMS methods. Gaseous hydrocarbon were quantified and 

burnt through a laboratory bunsen burner. 

 

The specific surface area of the catalysts used was 

measured by N2 physisorption at liquid nitrogen temperature 

using Micromeritics Tristar II 3020 surface area analyzer 

with standard multi point BET analysis method after 

degassing at 250
o
 C in N2 flow for 4 hrs. The density of 

samples was determined by pycnometer Micromeritics 

AccuPyc 1330 instrument with Helium purging. The IR 

spectra of Jatropha oil, distilled biofuel fractions & normal 

petrol, diesel sample were taken on Shimadzu FTIR 8400 

model instrument. GCMS analysis was carried over 

perkinelmer Clarus 560 GCMS using capillary column. 

Viscosity of fuel samples was determined by  Saybolt 

Viscometer. The flash point of samples was analyzed 

Cleveland open-cup method. The calorific value of samples 

wase determined by using Parr 6300 bomb calorimeter. 

 

 

III. RESULTS AND DISCUSSIONS 

The physical parameters of the all three catalysts used in the 

present study are shown in Table 1. Catalyst were 

synthesized from batch composition of SiO2- 85-87%, 

Al2O3- 14-12 %, *TMO- 0.5 %. 

 

              Table 1.Physical properties of Catalyst  

Catalys

t 

TMO 

used 

Surfac

e area 

m2/g 

Avg. 

pore 

width 

Å 

 

Total 

pore 

volume 

cm3 /g 

Averag

e True 

Densit

y 

g /cm3 

SAT TiO2 226 127 0.643 2.2635 

SAZ ZrO2 283 95 0.6762 2.3417 

SAC CeO2 194 145 0.7064 2.2572 

*TMO-transition metal oxide 

The effectiveness of above catalysts for cracking of 

Jatropha oil was studied and the results are presented in 

Table 2. The reaction was carried out in 250ml batch size at 

380
o
 C temperature and 1.1hr

-1
 LHSV.  The catalyst is 

activated at 110
o
C for 2hr. prior to reaction to remove the 

residual moisture. 

 

 
Table 2. Experimetal results of Jatropha oil cracking 

Temp. 380 oC, LHSV 1.1 hr-1 

 

Catalyst 

%   

Crude 

liquid 

product  

(by 

volume) 

Gaseous 

product  

 lit at 

NTP /  lit 

of oil  

% of 

distilled 

liquid 

biofuel 

(by 

volume) 

% of 

Residual 

tar 

( by 

mass) 

SAT 77 90 53 16 

SAZ 79 102 68 10 

SAC 72 105 59 12 

 

 

The above result shows that the yield of desired 

product i.e distilled liquid biofuel varies in the range of 50-

70 %. In the present studies under the given conditions of 

temperatures and LHSV;zirconia based catalyst has given the 

maximum conversion (68%). The cracking is brought about 

by the acidic sites – Bronsted as well as Lewis- provided by  

the matrix in addition to the delocalisation of vacant d orbital 

provided by the transition metal oxides .The surface area, 

pore volume and pore width of the catalyst  also play a 

critical role in effecting the catalytic decomposition of the 

ester linkages. In the cracking reaction the reactants are 

adsorbed in the micro, meso and macro pores of the catalyst 

and the products get desorbed. The large surface area 

provided by the catalyst and the suiting average pore 

diameter might have contributed to the improved yield in the 

case of catalyst with zirconium as the active component. It is 

reported that zirconia provides amphoteric surface hydroxyl 

group which acts as active acidic sites for the reaction [15]. 

The distilled biofuel obtained from reaction of Jatropha oil 

with SAZ (zirconium based catalyst) was fractionated into 

two fractions of boiling point below 100
o
 C and above 100 

o
 

C and analyzed further for its physical properties and results 

were compared with those of biodiesel and standard petrol 

and diesel. These results are presented in Table 3. 

 

The absence of sulphur component as anticipated in 

distilled biofuel fractions is an added advantage as it reduces 

harmful automobile emissions. High viscosity of biodiesel is 

pointed out as a disadvantage as it leads to operational 

problems such as engine deposits [16]. The distilled biofuel 

fractions are nearly free from –COOH, -OH, -O- and –CO- 

containing compounds as evidenced from IR graph Fig 3(B) 

and (C). The absence of such oxygenated compounds also is 

responsible for its lower viscosity comparable to that of 

petrol and diesel. 
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Table 3. Comparative evaluation of physical properties of distilled biofuel 

fractions with petrol, diesel and biodiesel 

Physical 

parameter 

Distilled 

biofuel 

F 1 

Distilled 

biofuel 

F2 

Biodiesel petrol  diesel  

Boiling 

range 

( o C) 

< 100 >100 330-357 60-80 
180-
220 

Flash 
point 

  (o C) 

< 40 < 60 >100 < 30 < 80 

Specific 

gravity 

( oAPI) 

52.26 34.97 33.03 62.33 36.95 

Viscosity  

cST 
1.27 5.67 6.8 1.31 3.64 

Calorific 

value 

Cal /g 

9895 

 

9407 

 

9456 

 

10894 

 

9861 

 

 

Distilled biofuel fractions were also subjected to IR 

and GC-MS analysis. The effectiveness of cracking 

reaction is monitored by IR spectroscopy for absence of 

carboxyl peaks in the product, while its composition wise 

comparison with petrol or diesel type fuels is possible with 

the help of retention time from GC technique. The typical 

IR spectra are presented in Fig 3 (A), (B), (C) and (D). 

 

 

 
Fig 3 (A) IR spectra of Jatropha Oil 

 

 

 
Fig 3 (B) IR Spectra of distilled biofuel fraction I  

( BP < 100O C) 

 
Fig 3 (C) IR Spectra of distilled biofuel fraction II 

 (BP > 100O C) 

 

 
Fig 3 (D) IR Spectra of Biodiesel 

 
Fig 3 (E) IR Spectra of diesel 

 

 
Fig 3 (F) IR Spectra of petrol 

IR spectra of biofuel samples show absence of ester 

carboxyl peak at 1743cm
-1

 which is prominent in IR of 

Jatropha oil as well as in biodiesel sample, indicating 

effective cracking. The strong absorption band in the region 

2850-3000 cm
-1

 (characteristic band at 2925 cm
-1

) is due to 

the C- H stretching frequency of alkane which is prominent 

in IR of Biofuel samples. It is further supported by the 

symmetrical and asymmetrical C- H bending vibrations of 

methylene & methyl group which shows absorption at 1380 
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and 1460cm
-1

[17].  On comparison with the IR spectra of 

distilled biofuel fractions with that of normal petrol and 

diesel, similarity in absorption band can be seen. 

The results of IR analysis are further supported by 

GC MS analysis. GC spectra of distilled biofuel fraction II 

(Boiling point >100) is presented in Fig 4. Distilled biofuel 

fractions being mixture of different compounds, shows 

multiple peaks (near about 60) pattern similar to that of 

petroleum fuels.  Further the mass spectroscopic analysis has 

shown that 90-95 % mass fragmentation pattern matches 

with aliphatic hydrocarbons, which also clearly indicate 

effective cracking. The detailed analysis is being attempted. 
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Fig 4  Gas chromatogram of distilled Biofuel fraction II 

 (BP > 100o C) 

 

IV. CONCLUSION 

The feasibility of converting Jatropha oil into liquid 

biofuels with properties similar to that of petrol, diesel using 

solid acid catalysts and reaction conditions has been 

established. The studies indicate that in the present reaction 

condition and catalyst concentration zirconia based catalyst 

is more effective. As compared to biodiesel the distilled 

biofuel fractions have lower viscosity, lower density and 

flash point and higher calorific value. IR and GC analysis of 

distilled fractions also shows its compositional similarity to 

normal petrol, diesel. The biofuel developed through this 

technology from Jatropha oil can emerge as an effective 

alternate engine fuel, and the gaseous hydrocarbons may turn 

out to be a suitable substitute for LPG.    
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Abstract— In Academic, Examination is important aspect to 

evaluate student performance, along with that it is also very 

time consuming that we cannot evaluate student on every 

chapter / topic. In this paper, our focus in using Moodle as Quiz 

engine to evaluate student performance on every topic. Using 

Moodle as quiz engine has advantages like repeated 

examination can be conducted in quick succession and without 

spending much time. Our study shows Moodle is finest option 

for quiz activity. 

 
Keywords— Moodle, Quiz Engine, Academic Evaluation 

System, Question Activity, Quiz Report 

I. INTRODUCTION 

n Academics, teachers usually conduct exams to test 

student‘s performance. But assessing manual paper is 

tedious and time consuming and boring activity. Due to these 

same reasons many institutes conduct examination once or 

twice per semester but due to that system fails because till 

end of semester we do not have any performance idea. And if 

we conduct examination it is so time consuming that our 

other important task suffers for that. The other approach 

could be to shift examination system for online examination. 

  Today‘s education system is looking like web that is 

spreading itself in the society. If education is given in 

interesting ways, then students do not get bored. Like; taking 

online Quiz, submit online assignments, View Online 

attendance Report, View result of quiz etc. Online 

examination should allow setting quiz of all types (like, 

MCQ, Short, Match), conducting exam reports etc. 

Some of the problems faced by manual examination systems 

are delays in result processing; filling poses a problem, 

filtering of records are not easy. Maintenance of the system 

is also very difficult and takes lot of time and effort. Most of 

above issues can be resolved by online examination.  

II. BASIC REQUIREMENT OF IDEAL QUIZ SYSTEM  

The Quiz activity allows to design and set quizzes that 

consisting variety of question types, like MCQ, matching, 

true-false, short answer type‘s questions. Ideal quiz system 

should have following module. 

1. Generation of Question set ( MCQ, Matching, True-

False, Short answer type Question ) 

2. Load questions regarding to the particular course, 

put it in specific category 

3. Set time limit (in minutes) for quiz 

4. An opening and closing date for the quiz 

5. Set opening time and closing time of quiz 

6. Display questions per page (unlimited or Up to 

some specific number) 

7. Whether answers and questions are shuffled when a 

new attempt is made 

8. Whether more than one attempt is allowed or not 

9. Storing this question into the database, so whenever 

teacher wants, he can use it.  

10. Import and Export Questions.  

11. Categorized quiz and takes care for if student pass 

one level then only he will allow for attempt the 

next level of quiz. 

12. A grading method or curve ( Graph ) 

13. Generating quiz reports 

14. How quiz gives feedback 

15. A maximum grade given for the quiz 

16. An optional password to access the quiz 

III. MOODLE INTRODUCTION 

Moodle is free software that allows you to create powerful, 

flexible, and engaging online learning experiences [5]. The 

word Moodle was originally an acronym for Modular 

Object-Oriented Dynamic Learning Environment. Moodle is 

a global development project designed to support 

a constructionist framework of education. It can be run 

on Windows and Mac operating systems and many flavors of 

Linux. Moodle provides various activities that help education 

system like course creation, enrollment, assignment and quiz. 

Our focus in this paper is to use Moodle quiz activity for 

conducting exam. 

 

Moodle – Activities and resources 

Whenever we add a different activity or resource to Moodle 

course, an icon will appear in this block representing the 

specific Moodle ―module‖ (e.g. Forum, Journal, Assignment 

etc.).  Moodle contains some activities like Assignments, 

Forums, Chat, Choice, Quizzes, Attendance module, Surveys 

etc. [2] 

 

1. Adding an Assignment 

2. Grading Assignment 

3. Adding a Forum 

4. Adding a Chat room 

5. Lesson Module/Adding Lesson 

6. Add a Choice (Poll) 

7. Adding Quizzes 

8. Add an Attendance Module 

9. Taking Attendance 

10. Add a course 

11. Adding a Survey  

I 
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Quiz activity 

The Quiz activity module of Moodle allows the instructor to 

design and set quizzes consisting of a large variety of 

Question types, among them multiple choices, true‐false, and 

short answer questions. These questions are kept in the 

course Question bank and can be re‐used within courses. You 

can create quizzes with different question types, randomly 

generated quizzes from pools of questions, allow students to 

have repeated attempts at a question or retake quizzes 

multiple times. 

When Teacher adds a quiz activity to Moodle course, he can 

set the rule for how the students will interact with the quiz, 

set timing of quiz, set time delays between attempts, an 

opening and close date for quiz etc. 

 

 

Fig. 1 create quiz and adjust settings. 

 

 
 

Fig. 2 Create questions 
 

Quiz activity has several another properties like how quiz 

gives feedback, grading methods, assign category to quiz etc.  

 

Moodle allows to import questions from a specific file 

format like XML format, hot potatoes etc.  

 

How to Create a Quiz on Moodle  

Creating a Quiz on Moodle is a two-step process. First, 

questions need to be created in the questions bank. Two, a 

Quiz needs to be created which will load the selected 

questions from the bank.  

 

Let‘s begin with the first task of creating the questions.  

1. Turn editing on. 

2. Add an activity. 

3. Select Quiz, from the available options. 

4. Select add. 

5.    Go to Questions under Administration.   

6. It is a good idea to group your questions so that it‘s 

easier to keep track of which questions should be 

used for what quiz. To do so, create Categories to 

group the questions.  

7. Go to the Categories tab.  

8. Create category, click Add Category.  

9.  Let‘s create the questions now. Go to the Questions 

Tab.   

10. Choose your Category to place your question. 

11.  From the Create a new question drop down, select 

the question format. Most popular formats are 

Multiple Choice, True/False, Essay and Numerical. 

 

 
 

Fig.3 Creating Questions 

 

Creating the Quiz  

1. Add an activity. Select ―Quiz‖ from activity. 

2. Apply settings. Some of the useful settings are: 
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Timing – Assign when the quiz will open and close. Also 

assign a time limit.  

Display – Questions per page, Shuffle questions, Shuffle 

within questions (For multiple choice questions, make sure 

you don‘t have choices written ‗All of the above‘).  

Attempts – Set the number of attempts for quiz  

Grades – used for display of grades 

Review options – Generally, instructors uncheck all boxes 

for the first two columns and only allow display of answers, 

feedback and scores after the quiz is closed. For this to work, 

make sure you have a closing date/time assigned for the quiz. 

 

 
 

Fig.4 Review of quiz in given situation 

 

  Once you have the settings complete, click on ‗Save and 

Display‘ to add questions.   

 

3. Pick and choose the questions. Add to the Quiz by clicking 

on ‗<<‘ you can also add Random questions. Choose how 

many random questions you would like to pull in from the 

category pool and then click add.   

4. Update Maximum grade then click save changes.   

5. Select Preview tab to preview. [2] 

 

Importing and Exporting Questions 

 

Importing Questions 

Moodle has a number of different formats that can be used to 

import questions into Quiz activity. These include some 

proprietary quiz software formats, as well as text files and 

Moodle formats. 

 

Import question formats from the import tab. 

 

 Click on the Import question link between the 

pages. 

 Select the file type 

 Use the browse function to find the file on your  

 Import the selected file. 

 Determine the file to import 

o Import from file upload. Use the browse 

function to import a file from your 

computer. Use the "Upload this file" button 

to import the questions. 

o Import from file already in course files. A 

pop-up window will take you to the course  

 

files start page. Use the "Import from this 

file" button. 

 

Export questions 

 Questions may be exported from the Quiz 

Activity in any one of 3 formats: 

o GIFT format 

o Moodle XML format 

o XHTML format 

In addition, questions may be exported into Word format 

using a contributed plugin, Word table format. These can 

then be easily used to create paper tests. 

 

 
 

Fig.5 Export questions to file 

 

Quiz Report 

Reporting is important part of any quiz system. Reporting 

should have important feature like Grade Report, Responses 

report, statistics report etc. We can also get to the quiz 

reports where we see a summary of the number of attempts 

that have been made like "Attempts: 1". That link also goes 

to the reports. [6] 

―Navigation > Course > Quiz name > Results‖ this will open 

a submenu that offers reports on: 

 Grades report 

 Responses report 

 Statistics report 

Grade reports show all the students' quiz attempts, with the 

overall grade, and the grade for each question. There are 

links to review all the details of a student's attempt, just as 

the student would see it. 

Response Report shows the responses the students gave, 

rather than the marks they earned. It is also possible to show 

the question text or the right answer, to compare with the 

student's response. This is helpful when the question is 

randomized. 
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Fig.6 Graded attempts for each student 

IV.  TESTING AND RESULT 

We conducted several test examinations at our institute, and 

after that we get some feedback from students is shown in 

below figure. 

 

Feedback Analysis: 

 
 

Fig. 7 Feedback Analysis 

 

Feedback Report: More than 70 % of student liked this type 

of exam. More than 80% of student found exam interface 

easy and user friendly. There was only 2-3 errors of 

connection and that is also related to network problem not 

Moodle problem. 

V. CONCLUSION 

Overall, we found Moodle quiz activity provides an 

effective, fairly easy-to-use way of testing students. Tests 

created and delivered via Quiz have the added benefit of 

being easy to create. Quiz can be used over and over again. 

Quiz also has the ability to do all kinds of things that most 

instructors need, including: setting test dates and times; 

altering page length; including a variety of item formats; 

shuffling items and responses; setting security levels; 

creating test groups; giving a variety of feedback and results; 

and even providing basic data analysis tools. Using Quiz, we 

are able to design and alter tests quickly and easily if 

required. 
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Abstract: - Pollutant emissions and fossil fuel depletion from 

diesel engine has made research for alternative fuel much 

rigorous. Research on alternatives like alcohols, vegetable 

oils and biodiesel (used in original forms or blended with 

diesel) has been done at much depth. Along with alternate 

fuel, engine performance and emissions are also affected by 

various engine operating parameters. The present paper 

presents a review on effects of varying injection pressure and 

injection timing. Results on three alternative fuels have been 

presented with a view to compare the effects. Effects on 

brake thermal efficiency, peak cylinder pressure and NO 

emissions have been studied and presented. Increasing 

injection pressure and injection advance increases brake 

thermal efficiency, peak cylinder pressure as well as NO 

emissions. The optimum conditions for engine operating on 

diesel is 500bar/150BTDC and biodiesel is 280 

bar/25.50BTDC. Further increase in injection pressure and 

timings decreases brake thermal efficiency and cylinder 

peak pressure. 

 
Index Terms: Injection Pressure, Injection Advance, Brake 

Thermal Efficiency, Peak Pressure, NO emissions 

I. INTRODUCTION 

se of compression ignition engines has become much 

popular for automotive applications owing to 

excellent fuel efficiency and durability. However 

emissions from diesel engines have faced stringent 

emission policies due to adverse effect on human health. 

In recent years, search for alternate diesel engine fuel has 

been much more focused owing to pollutant emissions, 

depletion of fossil fuel and environmental degradation. 

Many alternative solutions viz. use of alcohols, vegetable 

oils, blend of diesel and alcohols, biodiesel have been 

studied in detail. Of all the alternatives, biodiesel has been 

proved to be most promising due to its advantages like 

low emissions, biodegradable and non-toxic. Additionally, 

its cetane number matches most closely with diesel.  

 Combustion, performance and emissions from 

engine depend on number of engine operating parameters 

like compression ratio, injection rate, injection swirl, 

injection pressure and injection timing. Ignition delay and 

combustion characteristics of engine and hence overall 

efficiency are significantly affected by injection pressure 

and injection timings. The present paper presents effect of 

these parameters on following alternatives: 

 (a) 100% diesel 

 (b) 100% biodiesel [biodiesel from waste 

cooking oil] 

The paper aims to provide base for comparison of 

effects of change in injection pressure and timing on the 

above three alternatives. Effect on brake thermal 

efficiency, cylinder peak pressure and NO emissions are 

studied and discussed. 

1. Test Conditions 

 Sample 1 (100% 

diesel) [1] 

Sample 2 

(100% biodiesel) [3] 

Cylinder 

bore/stroke 

85mm/90mm 87.5mm/110mm 

Compression ratio 17.5 17.5 

Speed 4200 rpm 1500 rpm 

Injection pressure 

range 

500 bar and 1000 

bar 

220 bar to 300 bar (in 

steps on 20 bar) 

Injection timing 

range 

150 BTDC to 9.3750 

BTDC for 500 bar 

pressure 

9.3750 BTDC to 

4.8750BTDC for 

1000 bar 

230, 25.50 and 280 

BTDC 

Table 1. Test Conditions. 

II. EFFECT ON BRAKE THERMAL EFFICIENCY 

The results of effect on brake thermal efficiency are 

presented in following graphs (Figure 1& 2).For 100% 

diesel, brake thermal efficiency was observed to be 

increasing with increase in injection advance timing. 

However as injection pressure increased, BTE was 

observed to decrease. For advanced injection timings, 

more amount of evaporated fuel accumulates during 

U 
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ignition delay and burns quickly resulting in rapid heat 

release rate. Reduction in efficiency due to increase in 

injection pressure is due to small droplet size and higher 

jet penetration resulting in enhanced mixing and reduced 

ignition delay. In case of 100% biodiesel, the efficiency 

was maximum at 280 bar, 25.5
0
BTDC. Further 

advancement of injection timings lead to fuel injection at 

low temperature which lead to poor combustion. 

 

 
 

 
 

 

 
 

 

 
 

 

 
 

 

 
Fig 1: Effect on brake thermal efficiency for sample 1 [1] 

 
 
 

 

 
 

 

 
 

 

 
 

 

 

 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

 
 

 

 
 

 

 
 

 

 
 

 

 
 

Fig: 2-Effect on brake thermal efficiency for sample 2 [3] 

III. EFFECT ON PEAK CYLINDER PRESSURE 

Figure 3 and figure 4 represent the effect on peak 

cylinder pressure. It can be observed from graphs that for 

diesel peak pressure increased with increase in injection 

timing. Advancing the timing leads to longer ignition 

delay and hence better combustion and maximum 

pressure. However increase in injection pressure produced 

knocking conditions with increase in injection timing. The 

reason for the same is smaller droplet size and more 

accumulation of unburnt droplets. Too high injection 

pressure and timing has no considerable improvement due 

to delayed injection and hence increase in ignition delay. 

For 100% biodiesel, optimum conditions were 280 bar, 

25.5
0
BTDC  

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig 3 - Effect on peak cylinder pressure for sample 1 [1] 

 

IV. EFFECT ON NO EMISSIONS 

Figure 5 and figure 6 represent the effect on NO 

emissions. NO emissions depend on in-cylinder 

temperature, oxygen concentration and residence time for 

reaction to occur. The emissions were observed to 

increase with increase in fuel injection pressure and 

injection timing in all three samples. The reason attributed 

for the same is faster combustion and higher peak 

pressure and temperature. 
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Fig 4 - Effect on peak pressure for sample 2 [3] 

Fig 5 - Effect on NO emissions for sample 1 [1] 

Fig 6 - Effect on NO emissions for sample 2 [3] 

CONCLUSIONS 

Increasing injection advance, until an optimum value 

increases brake thermal efficiency, due to higher 

accumulation of evaporated fuel in cylinder. Further 

increasing advance decreases efficiency due to 

unfavorable conditions for combustion. Similarly 

increasing injection pressure until an optimum value 

improves brake thermal efficiency. Further increase 

reduces efficiency due to less droplet size and enhanced 

mixing. 

 Cylinder peak pressure increases with increase in 

injection advance and injection pressure until an optimum 

value due to longer ignition delay and proper mixing. 

Further increase in both values is not favorable due to 

much longer ignition delay. 

 NO emissions increase with increase in injection 

advance and injection pressure due to higher pressure and 

temperature and more reaction time available.  
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Abstract-- The global demand of fossil fuel is increasing day by 

day due to urbanization, industrialization and increasing 

global population. Moreover, worldwide reserve of fossil fuel is 

vanishing at an alarming rate. Concentrating on the limited 

stock of fossil fuel, several effort have been started to search 

for sustainable renewable bio fuels like bio ethanol and 

biodiesel. Biodiesel extracted from the microalgae is an most 

promising source to cope up the global demand of fossil fuels. 

One of the major problems associated with the conversion of 

algae into biodiesel is the harvesting of algae. Harvesting of 

algae can be carried out by number of methods such as; 

sedimentation, flocculation, flotation, centrifugation and 

filtration or a combination of any of these. This paper discloses 

various method of harvesting microalgae from a aqueous 

solution for the production of biodiesel. Among the various 

method of harvesting, floatation is the most promising method 

for harvesting microalgae. 

 

Keyword- Microalgae, Biodiesel, Harvesting, Flocculation, 

Centrifugation, Flotation, Filtration. 

 
 

I. INTRODUCTION 

ossil fuel primarily consists of hydrocarbon. Fossil fuel 

extraction from the earth is more expensive and 

dangerous. Moreover, worldwide reserve of fossil fuel is 

vanishing at an alarming rate. Cost also accumulates due to 

the transportation and processing required to convert fossil 

fuel into usable fuel such as gasoline and jet fuel [1]. India‘s 

growing demand for petroleum-based fuels associated with 

its growing economy and population presents challenges for 

the country‘s energy security given that it imports most of 

its crude oil from unstable regions in the world. This and 

other considerations, such as opportunities for rural 

development and job creation, have led to a search for 

alternative, domestically produced fuel sources [2]. Due to 

forces such as climate change, the instability of petroleum 

prices, and technological advancements, biofuels are being 

considered as a viable energy alternative. Biofuels made 

from food source have proven controversial due to the 

fluctuating costs of feedstocks, the adverse environment 

impact presented by those feedstocks, and their effect on 

food prices and world hunger [3]. Thus it is clear that, 

biofuels made from the food source will not cope up the 

growing demand of India‘s fuel and power generation 

challenges.                                                          
 

 

Research and development had identified that algae is one 

of the most promising alternative source for producing 

biodiesel due to its high production potential. Industrial 

production of algae suitable for producing renewable oil 

require large scale growth process using selected high lipid 

containing microalgae strain, recovery of produced biomass 

from dilute solutions, separation of desired product from the 

biomass and various purification steps[4] . 
  

Harvesting microalgae is one of the most challenging tasks. 

Harvesting of algae from water or other liquids is currently a 

difficult process due to the physical properties and nature of 

algae [5]. Major problem associated with the microalgae are 

its size, tendency to grow as single cells and low density. 

Thus the main objective of the present paper is to provide a 

brief overview on various method of harvesting a 

microalgae from a aqueous environment. 

 
 

II. ROADMAP FOR CONVERTING MICROALGAE 

INTO BIODIESEL 
 

Conversion of microalgae into biodiesel compromises of 

4 stage, including algae cultivation, biomass harvesting, oil 

extraction and oil and residue conversion. Each of the first 

four stages is further broken down into basic, individual, or 

multiple processes to explain the primary components of 

algal biofuel production that may have positive or negative 

environmental externalities [6].  

 

 
 

Fig. 1. Stage for converting Microalgae into Bio Diesel 
 

Algae to biodiesel production stages are summarizes as 

follow: 

 
 

A. Algae Cultivation 

Algae grow more faster than food crops and can produce 

hundreds of time more oil per unit area then conventional 

crops such as rapeseed, palms, soya bean or jatropha[7] . In 

order to flourish, algae need water, carbon dioxide, and 

essential nutrients (sulphur, potassium, metal etc) which are 

collectively referred to as the culture medium; algae 

F 
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cultivation facilities need land or other area to occupy; and, 

in most cases, algae need light to drive photosynthesis [8]. 

In general, there are two types of algae culture systems: 

open culture systems and closed culture systems. Open 

culture systems are open to the atmosphere. They have the 

advantage of being relatively inexpensive to construct. 

However, open culture systems are subject to atmospheric 

temperature fluctuations, are susceptible to contamination 

issues, and suffer substantial losses of water due to 

evaporation. In contrast, closed culture systems are closed to 

the atmosphere and therefore provide the advantages of a 

controlled environment, lower evaporative water loss, and 

fewer contamination issues. However, many closed culture 

systems require relatively complex structures and therefore 

have substantially higher construction and operating costs 

[9]. 
 

B. Biomass Harvesting 
 

Conversion of algae in ponds, bioreactors, and off-shore 

systems to liquid transportation fuels requires processing 

steps such as harvesting, dewatering, and extraction of fuel 

precursors [8]. Biomass harvesting may be one of the more 

contaminating processes in the Production of algae-based 

biofuels. At this stage, algal biomass from the preceding 

cultivation system typically carries high water content and, 

in most cases, is not suited for conversion to biofuel 

products until it has undergone some degree of dewatering 

and drying. There are three systemic components of the 

harvesting process: biomass recovery, dewatering, and 

drying [6]. 
 

 

C. Oil Extraction 

The TAGs (triacylglycerols) in micro algal cells are 

contained in oil droplets within the cells, and the cell wall 

can pose a significant barrier to removal of the oil. 

Extraction of algal oil probably involves three steps: 1) 

disruption of the cell wall, 2) separation of the oil from the 

remaining biomass, and 3) purification or upgrading of the 

oil to remove impurities [2]. Solvent extraction, supercritical 

fluid extraction, and ultrasonic assisted extraction are the 

common methods used for oil extraction. The percent yield 

of total available oil from the biomass will depend on the 

efficiency of the extraction method used [6]. 
 

D. Oil and Residue Conversion to Biofuels 
 

Finally, the extracted TAGs need to be converted into a 

fuel that is compatible with the existing transportation 

infrastructure. This means converting the oil into diesel or 

aviation fuel substitutes that meet all of the relevant 

specifications for fuel quality. Two main pathways are being 

considered. The first is the conversion of the TAGs into 

alcohol esters (i.e., biodiesel) using conventional 

transesterification technology. The second is to use catalytic 

hydroprocessing methods to generate a renewable ―green‖ 

diesel product which does not contain oxygen [2]. 

III. PATHWAYS FOR BIOMASS HARVESTING 

Harvesting and dewatering are one of the challenging 

areas of current biofuel technology as microalgae have small 

size and low density increasing the capital cost. The 

difficulty is in releasing the lipids from their intracellular 

location in the most energy efficient and economical way 

possible, avoiding the use of large amounts of solvent, such 

as hexane, and utilizing as much of the carbon in the 

biomass as liquid biofuel as possible, potentially with the 

recovery of minor high-value products[10]. Choice of 

harvesting technique is dependent on characteristics of 

microalgae, e.g. size, density, and the value of the target 

products [11]. Generally, microalgae harvesting is a two 

stage process, involving: 

 
 

i. Bulk harvesting—Aimed at separation of biomass from 

the bulk suspension. The concentration factors for this 

operation are generally 100–800 times to reach 2–7% 

total solid matter. This will depend on the initial 

biomass concentration and technologies employed, 

including flocculation, flotation or gravity 

sedimentation [11]. 

ii. Thickening—The aim is to concentrate the slurry 

through techniques such as centrifugation, filtration and 

ultrasonic aggregation, hence, is generally a more 

energy intensive step than bulk harvesting [11].  

 
 

 

A. Flocculation 

Flocculation is a process, often implemented with the 

help of flocculating agents or flocculants (chemicals of 

natural or synthetic origin), that causes the coagulation of 

algal cells into small clumps, known as flocks, allowing for 

sedimentation and easy extraction from the culture 

medium[6]. This is the first stage in the bulk harvesting 

process that is intended to aggregate the micro algal cells in 

order to increase the effective ‗‗particle‘‘ size. Flocculation 

is a preparatory step prior to other harvesting methods such 

as filtration, flotation or gravity sedimentation [11].  
 

There are two types of flocculation, auto flocculation 

and, chemical flocculation. Auto flocculation occurs due to 

precipitation of carbonate salts with algal cells whereas in 

chemical flocculation chemicals (organic as well as 

inorganic) are added to microalgae culture to induce 

flocculation. Auto-flocculation does not occur in all micro-

algae species and can be slow and unreliable [12]. Inorganic 

flocculants includes Aluminium sulphate Al2(SO)3, ferric 

sulphate Fe2(SO4)3, ferric chloride FeCl3, Lime Ca(OH)2 

whereas organic flocculants includes okra mucilage, 

chitosan, modified cationic chitosan-polyacrylamide, 

Greenfloc 120, combination of starch and chitosan.  
 

Inorganic flocculants have disadvantages, such as a large 

concentration of inorganic flocculants is needed to cause 

solid-liquid separation of the microalgae, thereby producing 

a large quantity of sludge, The process is highly sensitive to 

pH level, Although some coagulants may work for some 

microalgae species, they do not work for others, The end 

product is contaminated by the added aluminum or iron salts 

[13].  
 

The shape, size and composition of flocs can be very 

diverse depending on micro-algal species and flocculant. An 

ideal flocculant should be inexpensive, nontoxic and 

effective in low concentrations and it should also preferably 
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be derived from non-fossil fuel sources, be sustainable and 

renewable [12] 

 
 

Fig. 2. Basic steps of flocculation [14] 

 

B. Floatation 
 

Flotation is a gravity separation process based on the 

attachment of air or gas bubbles to solid particles, which 

then' are carried to the liquid surface and accumulate as float 

which can be skimmed off. The success of flotation depends 

on the instability of the suspended particles. The lower the 

instability the higher the air particle contact [15]. Floatation 

is more beneficial and effective than sedimentation with 

regard to removing microalgae. Flotation can capture 

particle with a diameter of less than 500μm by collision 

between a bubble and a particle and the subsequent adhesion 

of the bubble and particle [16]. Flotation processes are 

classified according to the method of bubble production: 

dissolved air flotation, electrolytic flotation and dispersed 

air flotation [15]. 
 

Dissolved air flotation (DAF) is a process where small 

bubbles are generated, with a mean size of 40 μm and 

ranging from 10 to 100 μm [12]. Dissolved air flotation 

(DAF) is also known as forth flotation process. The 

production of fine air bubbles in the dissolved air flotation 

process is based on the higher solubility of air in water as 

pressure increases. This can be achieved in three ways: 

saturation at atmospheric pressure and flotation under 

vacuum, saturation under static head with flow upward 

resulting in bubble formation (micro floration) and 

saturation at pressures higher than atmospheric and then 

flotation under atmospheric three ways: saturation at 

atmospheric pressure and flotation under vacuum, saturation 

under static head with flow upward resulting in bubble 

formation (micro floration) and saturation at pressures 

higher than atmospheric and then flotation under 

atmospheric conditions [15]. Dissolved air flotation make 

use of flocculant and of highly pressurized air bubbles (heat 

or entrained air) to force the algal cells to cluster and float to 

the water surface where they can be removed by a skimming 

device. Unfortunately DAF although an efficient flotation 

option, is energy intensive due to the high pressure required 

[12].  
 

Electrolytic flotation another type of flotation process in 

which gas bubbles are formed by electrolysis. Electrolytic 

flotation has been found to be effective at a bench scale on a 

range of micro-algae, but as with DAF it is energy intensive 

and not the ‗best choice for micro-algal recovery [12]. 

Flotation processes initially have high investment and 

operation cost, especially when fine bubbles are required. It 

has been determined that the cost of flotation is even more 

than centrifugation process when the cost of flocculants are 

consider. 
 

 

C. Gravity Sedimentation 
 

 Gravity sedimentation is commonly applied for 

separating microalgae in water and waste water treatment. 

This process generally yields a wet, voluminous sludge, as a 

result of poor compaction and slow settling velocities [17]. 

Density and radius of algae cells and the induced 

sedimentation velocity influence the settling characteristic 

of suspended solids [11]. Enhanced micro algal harvesting 

by sedimentation can be achieved through lamella 

separators and sedimentation tanks. Flocculation is 

frequently used to increase the efficiency of gravity 

sedimentation. The success of solids removal by gravity 

settling depends highly on the density of micro algal 

particles. [18].  
 

D. Centrifugation 
 

 Centrifugal processes rely on the generation of a 

centrifugal force which acts radially and accelerates the 

movement and separation of particles based on a density 

difference between the particle and the surrounding medium 

[19]. Most microalgae can be recovered from the liquid 

broth using centrifugation. Laboratory centrifugation tests 

were conducted on pond effluent at 500–1000xg and 

showed that about 80–90% microalgae can be recovered 

within 2–5 min [18]. Centrifugal recovery can be rapid, but 

it is energy intensive. Nevertheless, centrifugation is a 

preferred method of recovering algal cells, especially for 

producing extended shelf life concentrates for aquaculture. 

The recovery of the biomass in a sedimenting centrifuge 

depends on the settling characteristics of the cells, the 

residence time of the cell slurry in the centrifuge, and the 

settling depth [20]. Centrifugation can be used alone or as a 

second step to further remove water from concentrated algae 

collected with other methods [21]. Five basic types of 

centrifuges, namely disc stack centrifuges, perforated basket 

centrifuges, imperforated basket centrifuges, decanters (or 

scroll centrifuges) and hydro cyclones, as shown in Figure 3 

are used [19].  
 

 
 

Fig. 3. Cross sectional view of a (a) decanter type centrifuge (b) Disc 

stacked centrifuge (c) imperforated basket centrifuge (d) perforated basket 

centrifuge and (e) hydro cyclone [19] 
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Centrifugation technologies are more energy intensive 

and required large initial capital investment. 

E. Filtration 

Filtration is a method commonly used for solid liquid 

separation [16]. Filtration harvests micro algal biomass 

through filters on which the algae accumulate forming thick 

algae paste and allow the liquid medium to pass through 

[10]. Filtration process may be continuous or discontinuous. 

Filtration systems can be classified as microfiltration (pore 

size of 0.1–10 �m), macro filtration (pore size of >10 �m), 

ultra filtration (pore size of 0.02–2 �m), and reverse 

osmosis (pore size of <0.001 �m) [10]. A schematic 

diagram of a filtration process is shown in Fig.4. 

Conventional filtration may be insufficient due for biomass 

recovery. Filtration aided by suction or optimal pressure net 

energy for relatively smaller size algal cells can be relatively 

sluggish, tedious and time consuming especially if large 

volumes of micro algal suspension are to be processed [22].  

 

 

 
Fig. 4 Mechanism of filtration process [19] 

 

 

Membrane microfiltration and ultra filtration are possible 

alternatives to conventional filtration for recovering algal 

biomass [20]. Microfiltration, or micro screening, is a basic 

approach to biomass recovery whereby algal cells are 

filtered through micro screens to be separated from the 

growth culture [6].  Microfiltration is suitable for fragile 

cells but large-scale processes for producing algal biomass 

do not generally use membrane filtration [20]. Ultra 

filtration is a possible alternative for recovery in particular 

of very fragile cells, but has not been generally used for 

microalgae and operating costs are high and maintenance 

costs very high
 
[12]. One of the major problems associated 

with filtration is that media that are fine enough to retain the 

microalgae tend to bind and therefore require regular 

backwashes. This results in a decrease in the amount of 

micro algal concentrate [23]. Comparisons in terms of 

advantages and disadvantages of the various techniques to 

harvest micro-algae are given in Table 1. 

 

 

Table 1  

Comparison of micro algal harvesting techniques [12] 
 

 

IV. CONCLUSION 
 

The selection of particular harvesting techniques depends 

upon microalgae properties such algal cell size, density and 

the final desired product required. Centrifugation seems to 

be best harvesting techniques based on dry solid output 

concentration; yet initial investment and operation cost are 

high. Floatation is more beneficial and effective than 

sedimentation but it is algae specific species. Sedimentation 

and flocculation required less energy input but 

sedimentation process is slow moreover the recovery may 

be affected by chemical in flocculation process. Among the 

various method of harvesting, floatation is the most 

promising method for harvesting microalgae as higher solid 

concentrations can be obtained. 
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Abstract: - This paper focuses on the need of technological 

flexibility in Small Scale Industries (SSI) now known as Micro, 

Small and Medium Enterprises (MSMEs) sector in India. It is 

estimated that this sector has registered a steady growth in the 

production and generation of employment. However, to survive 

in the open and competitive economy like India, technological 

flexibility is must. It is observed that adoption and better 

utilization of latest technology helps in improving the production 

of MSME sector. However, due to inadequate financial support 

and shortage of skilled labour in the state, this sector is not able 

to change the technology very frequently as per the need of the 

market. Thus, there is a need to focus on improving investment 

in both technology and labour to improve quality of the product 

and to fulfill the need of the market. Better / improved working 

conditions, training and labour welfare schemes can help in 

improving labour employability and productivity, while 

technological up-gradation and innovation and availability of 

cheap credit/finance facilities can help in increasing production 

and efficient utilization of capital.  However, it needs to be borne 

in mind that the use of capital should be such that it 

complements the labour.   

To collect the requisite information about the study, field survey 

and in-depth interviews with the owners of the small scale 

engineering industries were conducted. In all 60 employers were 

contacted at their workplace i.e. at the factory to know about 

trends in investment in technology in small scale engineering 

industries of Gujarat.   

 

Key Words: Technological Flexibility, Economic Reforms, Labor. 

        I. INTRODUCTION 

he Micro Small and Medium Enterprise (MSME) sector 

is widely regarded as the engine of growth in the 

industrial development of Indian economy. This sector 

contributes significantly to total output, employment 

generation and economic and regional development of the 

country. However, increasing competition and globalization, 

along with the need to produce quality products at low prices, 

have prompted the industry to introduce new product 

development methods with modern technology. To survive in 

the globalized market, small scale industries must concentrate 

on technically superior methods of production. Thus, 

technological flexibility is need of the hour for the growth and 

development of small scale industries. 

 

Meaning of technological Flexibility 

  

Technological flexibility is adjustment and adoption of 

technology according to change in the product demand.  This 

helps the firm in producing quality product at lesser cost and 

higher output in given time frame by way of adopting latest 

technology. 

 

Objective of the study 

 

The objective of the study is to know the technological 

flexibility of small scale engineering industries of Gujarat. 

  

Methodology 

 

For gathering adequate information, pilot study was 

conducted and questionnaire was prepared after taking 

viewpoint of the employers. About 70 employers were 

contacted at the time of field visit. However, only 60 

employers‟ questionnaire considered valid for the analysis. 

The rest were rejected due to inadequate information.   

 

Definition of MSME 

 

Recognizing the contribution and potential of the sector, the 

definitions and coverage of the Small Scale Industry (SSI) 

sector were broadened significantly under the Micro, Small 

and Medium Enterprises Development (MSMED) Act, 2006 

which recognized the concept of “enterprise” to include both 

manufacturing and services sector besides, defining the 

medium enterprises.  

The limit for investment in plant and machinery / equipment 

for manufacturing / service enterprises is as shown in table 1.  

The table shows that a large number of enterprises can be 

covered in the MSMEs category through this classification. 

 

T 
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Table 1: Limit of Investment in Micro, Small & Medium 

Enterprises in India 

Manufacturing Sector 

    Enterprises  Investment in plant & machinery 

    Micro Enterprises  Does not exceed twenty five lakh 

rupees 

    Small Enterprises  More than twenty five lakh rupees but 

does not exceed five crore rupees 

    Medium Enterprises  More than five crore rupees but does 

not exceed ten  crore rupees 

Service Sector 

    Enterprises  Investment in equipment 

    Micro Enterprises  Does not exceed ten lakh rupees: 

    Small Enterprises  More than  ten lakh rupees but does 

not exceed two crore rupees 

    Medium Enterprises  More than two crore rupees but does 

not exceed five core rupees 

Source: http://dcmsme.gov.in/ssiindia/defination_msme.html 

       II. TECHNOLOGY AND INNOVATION IN MSMEs 

Technology plays a crucial role in maximizing business 

opportunities and in the development of Micro Small and 

Medium Enterprises (MSMEs). However, in most of the small 

enterprises old methods and outdated technology is used in 

production process.  But today, the competition is fierce, 

unlike in the past, when buyers were simply looked forward to 

purchasing the best quality products at the lowest prices. In 

this scenario, technological innovation is important as it helps 

the enterprises to improve the quality of product and 

competitiveness through market orientation.  

To what extent enterprises want to adopt technological 

innovation depends on various factors, for instance, objectives 

and strategy of an enterprise, its internal technological 

capability, competition in national and international market, 

demand conditions, market opportunities, finance facilities, 

location of the unit, availability of skilled labour, R and D 

facilities and its accessibility etc. Apart from all these factors 

it also depends on level of development of regions in terms of 

education and technological infrastructure. Thus, either 

internal or external factors or a combination of both determine 

whether an enterprise undertakes technological innovations or 

not. The major sources of innovation for small enterprises are 

self-efforts, competition and customer needs which helps in 

achieving the objective of enhancement of competitiveness 

through quality improvement, cost reduction and meeting 

market needs.  

A study done by the University of Cambridge (1992, 1996) on 

SMEs in Britain brought out that a high proportion of SMEs 

across industries were engaged in product as well as process 

innovations though the emphasis was more on new product 

development. It was also found that most of the innovating 

enterprises had in-house technological expertise and had 

significant links with universities and higher educational 

institutes. 

According to Human Development Report (HDR) 2001, 

technological innovation is an expression of human potential 

and higher level of education makes powerful contributions to 

technology creation and dissemination. Economists argue that 

technological progress plays a pivotal role in sustained long 

term economic growth. In this era of rapid technological 

advance, mastering new technology is a continuous process. 

Without continuous upgrading of skills, countries cannot stay 

competitive. Therefore, to use new technology firms must be 

able to learn and develop new skills with ease. 

Ghobadian, Rekettye and Lin (1995) in their study on 

mechanical engineering industry in the UK, brought out the 

innovative behavior of small enterprises. They found that 

innovating enterprises had higher turnover, higher sales per 

employee and higher profit growth as compared to non-

innovating enterprises. 

Technology development in the small enterprise sector has 

been one of the major objectives of government policy in 

India after economic reforms, mainly since the early 1990s. 

However, the policy relies heavily on technology transfer 

rather than promoting in-house technology innovation. There 

is hardly any institution or policy incentive to facilitate R & D 

and technological innovation endeavors of small enterprises 

(Bala Subrahmanya et al 2002). Of course, there is an 

extensive institutional network ranging from national to 

regional and sub regional levels, which provides technological 

support and technical inputs, among others, to small 

enterprises in India (Bala Subrahmanya 1997). 

Challenges and Barriers in Technology Adoption before 

Indian MSMEs 

China is considered the world's manufacturing backyard, due 

to its low manufacturing and labour costs when compared to 

those in India. The arrival of low-cost products from China 

has made difficult for Indian manufacturers to compete solely 

on the price front. Indian MSME sector must adopt latest 

technology in order to survive against the tough competition 

from foreign market. After economic reforms, increased 

domestic and foreign competition encouraged domestic 

http://dcmsme.gov.in/ssiindia/defination_msme.html
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manufacturers to improve efficiency and bring into use 

advanced technologies on a larger scale (Goldar & Kumari 

1999). However, only big industries could able to adopt 

advanced technologies while for small enterprises it was 

difficult. According to the study by Chaudhuri, Pal and Saha, 

deregulation of foreign capital and technology agreements 

immediately confers to competitive advantage but many firms 

may not be able to succeed in getting foreign technology. And 

when they succeed, other entrants who have traditional 

technology may stay away. However, this effect is not very 

significant for Indian industries because foreign investors did 

not find the Indian industries more attractive after such 

deregulations were announced.  

According to the study by Desai and Taneja (1990) about 40 

percent of small enterprises got technology support from large 

enterprises/plant suppliers while from the remaining 

enterprises, majority of them developed technology on their 

own or imitated others. However, a comprehensive attempt to 

understand the R and D and technological innovations in the 

small enterprise sector was done only recently as there was 

hardly any literature available till recently, which threw light 

on the R and D and technological innovations of small 

enterprises in India (Bala Subrahmanya et al 2002).  

Moreover, there are many more challenges that Indian 

MSMEs are facing. They are as follows. 

1. Lack of Information related to upcoming technology and 

market trends 

One of the factors limiting the growth of MSMEs is the lack 

of adequate and timely information. Once small enterprises 

start the business, they may be interested in knowing about the 

suppliers of specific machinery that suit their needs, 

depreciation and maintenance cost of that machinery, 

technical information and market trends for their products etc. 

This information is rarely available at the grassroots level. 

Further, most of the MSMEs work on the designs given to 

them by domestic or foreign buyers. Thus, there is very little 

innovation in design and development of new product in 

India. Therefore, such enterprises require a strong new 

product development base for which investment in R&D is 

must. Moreover, the technology used by Indian MSMEs is 

also obsolete and imitated. Majority of the enterprises use 

second hand machines instead of new machines because new 

machines are very costly and there is lack of highly skilled 

manpower that can operate the machines efficiently. This has 

a direct implication on the profit margins, and a dip in 

productivity levels. 

 

2. Lack of skilled manpower and motivation  

 

When technology is changing, enterprises have to invest in 

worker training to remain competitive. There is requirement 

for high quality skills at all levels to attract high value-added 

activities and improvements in technology, profit and 

productivity. Therefore, employers must ensure that the skills 

of employees are appropriate to the technology adopted by the 

enterprise and production of goods.  

It is also necessary to motivate them to be more productive by 

instituting awards and by acknowledging their efforts openly. 

The productivity of manpower can be improved by increasing 

investing in technology, training facilities, payment of high 

wages, employee‟s involvement in decision making, 

appreciation, rewards etc. These factors also have an impact 

on improving output, productivity and profit of small scale 

enterprises. 

3. Lack of proper Infrastructure development 

In the developing country like India, the quality of the 

infrastructure affects the growth prospects of MSMEs to a 

great extent. About 65 percent of the population lives in 

villages and about 45 percent MSMEs are located in rural 

areas (4
th

 All India Census, MSME). However, many rural 

areas still suffer from deplorable state of basic infrastructure 

like transport, telecommunications and electricity. Due to 

these reasons, the integration of rural industries with 

mainstream industries is proving to be difficult. Also 

technological flexibility of rural industries is poor due to 

infrastructure bottlenecks. This, in fact, has been identified as 

a key deterrent to the growth of MSME clusters in rural areas. 

4. Lack of Technological Flexibility 

It is observed that larger the disembodied technology 

imported to the industry, the higher would be the productivity 

growth of that industry. However, high cost of technology, 

lack of finance facilities, poor infrastructure facilities and high 

maintenance cost of machinery further deters small firms from 

investing and adopting changes in the technology and hinders 

the growth of the MSMEs. Further, the use of traditional tools 

and old techniques in some of the product lines are additional 

reasons for the stunted growth of MSMEs. Although, 

innovative methods have been developed to increase 

productivity, they have not been used to a large extent, 

resulting in no substantial effect on the output. Thus, low 

technological flexibility is one of the important factors behind 

slow growth of Indian enterprises as compared to enterprises 

of developed countries. 

According to the report on „Technological Up gradation for 

Enterprise in Unorganized Sector‟, the most formidable 

problem faced by the SMEs in India has been in accessing 

technology and maintaining competitiveness.  As per the 

report, the most important barrier in the adoption of improved 

technology is the lack of financial resources to the unit. In 

several instances, the cost of technology makes it difficult to 

be adopted. A large number of SSI units reported difficulty in 

obtaining sufficient funds from banks and financial 
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institutions. There was also the lack of awareness about the 

credit guarantee scheme. Other barriers observed are lack of 

awareness and information about the availability of requisite 

technology, desire to avoid risk of adoption of improved 

technology, low level of indigenous R&D, isolation from 

technology hubs, inadequate management skills and non-

availability of technically qualified persons to operate the new 

technology. 

 

The Way Forward 

The small industries primarily need knowledge and access to 

latest technology, adequate financial aid, high level of R&D 

and adaptability to changing trends. With the increasing 

competition, globalization and the uncertainty due to the 

global recession, MSMEs will have to continuously 

incorporate the latest technology into their production 

processes as well as in their marketing and management 

functions, to cut costs, gain efficiency and consistency. 

However, the employers are able to do so when their workers 

are better educated to start with, since that lowers the cost of 

acquiring skills. Studies suggest that enterprise based training 

yields higher private returns than the post school training in 

both developing and industrial countries. Thus, there is a 

strong need to remove constraints to the adoption of new 

technologies which impede the productivity and growth of 

MSMEs.  

                III. EMPIRICAL ANALYSIS 

The firms in the sample survey were small scale engineering 

industries of Gujarat employing less than ten employees. All 

these industries were exempted from the implementation of 

„Factory Act‟ as less than ten workers are working in it. Most 

of the firms depended on their own fund for expansion as well 

as investment in technology was concerned. The average 

percentage share of investment in technology in total 

investment was 22.83 percent. Underutilization of capacity 

due to shortage of workers was common problem of all these 

firms. 

Problems of Small Scale Engineering Industries of Gujarat 

It is generally recognized that the healthy growth of SSI 

depends on the availability of raw materials, skilled 

manpower, cheap electricity, technical advancements, 

organized marketing of products, government‟s support and 

incentives and timely information regarding product up 

gradation. An efficient and sincere manpower is a key 

resource for any industry to flourish. If the manpower in the 

industry is motivated and efficient, a loss making organization 

can be converted into profit making organization.  

Small enterprises in Gujarat state are presently handicapped in 

terms of availability of workers both skilled and unskilled.  

There is a shortage of trained and experienced technical 

personnel. Not only that there is high level of insincerity and 

absenteeism seen among the workers. Further, there is high 

labour turnover in these industries and despite high labour 

supply very few workers are willingness to work in these 

industries. Moreover, those who are working, they don‟t want 

to do overtime. Due to these problems the production suffers. 

The employers have to literally beg before them and also have 

to offer even higher compensation i.e. much above the 

minimum wage, so as to finish the work in time. To tackle 

such issues and to remove major bottlenecks in the process of 

production in such industries, labour reforms are required.  

Another problem related to employees is high level of drop 

out. Due to this, lots of time is wasted in order to train the new 

employees. In the whole process, production suffers as the 

labour productivity is very low in the initial period of time 

when employee joins the organization.  

Generally, performance and skills can be improved by 

payment of high wages, commitment, involvement and 

training which ultimately help firms in realizing their goals 

without increasing labour costs. There is also need to improve 

quality of work along with increase in cooperation and 

sincerity level. If the small scale sector wants to progress 

rapidly, efforts should be made in making labour more 

efficient by improving the infrastructure, by adopting 

appropriate technology and by giving them more incentives.  

Appropriate technology is a dynamic process that must 

change with the change in the country‟s technological skills. 

Appropriate technology means the one which needs local raw 

material, utilize available skills and cater to the local demand. 

The level of technology in the small scale industries is 

backward or conventional compared to large scale enterprises. 

In most of the small scale industries the machines were 

second hand which required constant attention and 

maintenance which increases the cost and also hampers the 

development of the enterprise.  

IV. RESULTS AND FINDINGS FROM A SURVEY 

In pursuance with the objective, the researcher has tried to 

find out technological flexibility of small scale engineering 

industries of Gujarat. On the basis of the questionnaire, a 

small sample survey was conducted to know the taste and 

preferences of employers about investment in technology and 

its importance in small scale engineering industries of Gujarat. 

About 60 employers of small scale engineering industries 

were contacted before coming to conclusion 

 

1. Taste and Preferences of Employers About Technology  

 

1.1 Do you have latest technology? 
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Frequency 
       

Percent 

             
Valid 

Percent 
     Cumulative 

Percent 

Valid Yes 52 86.7 86.7 86.7 

No 8 13.3 13.3 100.0 

Total 60 100.0 100.0   

  

86.7 percent employers were of the opinion that they have 

latest technology. They also said that they further want to 

invest in technology but getting labour that is well acquainted 

with technology is difficult therefore it is useless to invest 

more as it will lead to under utilization of capacity and 

wastage of resources on the part of employers. Firms want 

labour that has knowledge about the technology and can 

operate the machines efficiently. It is up to the technical 

institute to fulfill the demand of the industries. The institutes 

should give more emphasis on capacity building and training 

the students who are going to be absorbed in industries in near 

future. 

 

1.2 What kind of technology do you prefer? 

 

Normally, in small scale engineering industries, workers work 

on traditional lathe machines. However, over a period of time 

technological up-gradation is seen. Imported technology and 

CNC machines are installed in some of the industries. When 

asked about their preference for technology, 81.7 percent 

employers preferred CNC machines and 51.7 percent 

employers preferred imported new machines.   

 

 

 
 

 

Yes No NA/NR 

            Count        %             Count          %             Count         % 

Technology - Traditional 3 5.0% 56 93.3% 1 1.7% 

Technology - Computer Numeric 
Controlled (CNC) 49 81.7% 10 16.7% 1 1.7% 

Technology - Imported Second 
hand machine 20 33.3% 39 65.0% 1 1.7% 

Technology - Imported new 
machine 31 51.7% 28 46.7% 1 1.7% 

 

Thus, among all types of technology Computer Numeric 

Controlled (CNC) is most preferred. This shows that the 

demand of laborer who can operate CNC machines will 

increase in future. Imported second hand machines are also in 

demand as new machines are very costly, investing in the new 

machines is out of the reach of small entrepreneurs.  

 

 

 

1.3 Type of technology up gradation is required to increase 

production. 

To increase production, automation in technology and use of 

software is important. Thus, 98.3 percent employers were in 

the favor of automation. 

 

                  Yes                   No 

                       Count                   %                         Count                      % 

Automation 59 98.3% 1 1.7% 

Material handling equipments 
15 25.0% 45 75.0% 

Use of software 41 68.3% 19 31.7% 

Any other 3 5.0% 57 95.0% 
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2. Share of Investment in Technology and Sources Information 

about New Technology 

2.1 Are you in favor of investment in technology? 

Employers were keen on investing in technology as it helped 

them in improving quality of product and reducing the cost of 

production in the long run. Thus, by investing in the 

technology they can survive in the competitive market. 98.3 

percent employers were in the favor of investment in 

technology. Case studies reveal that traditional industries have 

suffered in recent years due to change in demand, preferences 

and designs and the failure of these industries in changing 

themselves to the changed requirement. Thus, technology 

plays an important role in the growth of the enterprise. 

 Frequency Percent Valid Percent Cumulative Percent 

Valid Yes 59 98.3 98.3 98.3 

No 1 1.7 1.7 100.0 

   Total 
        60     100.0 100.0   

 

2.2 Share of investment in technology in total investment 

 

The share of investment in technology in total investment 

varies from 5 percent to 70 percent in the SSIs selected for the 

study. The average share of investment in technology in total 

investment was 23 percent. Employers wish to invest more in 

latest technology but higher depreciation cost of the 

machinery and shortage of skilled manpower stops  

 

 

 

them from further investment. Ultimately, these factors lead to 

increase in the cost of production. 

All the employers are well aware about the latest technology. 

Getting information about new technology was also very easy 

for them. For 88 percent employers, it is easy to get 

information about the new technology. Internet was on the top 

as far as getting information about new technology is 

concerned. 

 

2.3 Sources of getting information about new technology 
 

 

Yes             No 

                 Count            %                    Count            % 

 Information From Internet 
56 93.3% 4 6.7% 

Information From associations 

31 51.7% 29 48.3% 

Information From friends 
34 56.7% 26 43.3% 

Information From government 

1 1.7% 59 98.3% 

Information Through exhibition 

47 78.3% 13 21.7% 

Information Any other 
3 5.0% 57 95.0% 

 

The best source getting information is internet and exhibition 

as 93.3 percent employers used to get information from 

internet. Friends and associations also contribute towards this. 

However, the role of government is very meager. In fact, 

employers don‟t rely on government to gather such type of  

 

 

 

information. Organizing technology mela/fair also helps them 

in gathering information about technology. For many 

employers technology strength is derived essentially from the 

processes of knowledge sharing (with clients and suppliers) 

and knowledge flows that take place in the areas where they 

are located.  
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3. Supporting Background to Promote Investment in 

Technology  

 

3.1 What kind of government policies encourages investment 

in technology in SSI? 

Government policies like subsidy, tax reforms and finance 

facilities plays very important role in encouraging investment 

in technology in SSI. Also law rate of interest, establishing 

skill development training institutes and relaxation in import 

norms helps in encouraging investment in technology. 
 
 

 

Yes No NA/NR 

              Count %              Count %               Count % 

Subsidy 
45 75.0% 11 18.3% 4 6.7% 

Finance facilities 
42 70.0% 14 23.3% 4 6.7% 

Low rate of interest 
36 60.0% 20 33.3% 4 6.7% 

Import norms 
26 43.3% 30 50.0% 4 6.7% 

Tax reforms 
45 75.0% 11 18.3% 4 6.7% 

Establishing skill 
development training 
institutes 30 50.0% 26 43.3% 4 6.7% 

Any other 
1 1.7% 55 91.7% 4 6.7% 

 

75 percent employers believed that government subsidy and 

tax reforms encourage investment in technology. 70 percent 

opined that increase in finance facilities also helps employers  

 

to invest in technology. Only 50 percent employers believed 

that establishing skill development training institutes 

encourages investment in technology. 

93.30%

51.70% 56.70%

1.70%

78.30%

5.00%6.70%

48.30% 43.30%

98.30%

21.70%

95.00%

Information 
From Internet

Information From 
associations

Information From 
friends

Information From 
government

Information 
Through 

exhibition

Information Any 
other

Sources of information about new technology

Yes % No %
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3.2 How to get skilled labour that is well acquainted about 

new technology? 

 

Skilled laborers who are aware about new technology are not 

available on demand. The employers have to give training to 

them. 92 percent employers said that when the laborers join 

the firm they did not know how to operate machines. 

Therefore, they give them on-the-job training when they join 

the firm. Thus, newly joined laborers learn from the senior 

laborer at the workplace. Employers didn‟t prefer to send 

them to other institute for training because after being trained 

there they changed the firm swiftly, consequently employers‟ 

time and money got wasted by sending them to other institutes 

for training. Educational institutes play very minute role in 

case of preparing the skilled labour which is directly absorbed 

in the industry. The following table gives an idea about how 

employers get skilled labour. 
 

 

   Yes    No 

                   Count %                    Count % 

Technology labour -On the job training 

55 91.7% 5 8.3% 

Technology labour - Sending them to other 
institute for training 

8 13.3% 52 86.7% 

Technology labour - From the educational 
institutes 10 16.7% 50 83.3% 

Technology labour - From the market 

21 35.0% 39 65.0% 

Technology labour - Any 
    60 100.0% 

 

75.00%
70.00%

60.00%

43.30%

75.00%

50.00%

1.70%

18.30%
23.30%

33.30%

50.00%

18.30%

43.30%

91.70%

6.70% 6.70% 6.70% 6.70% 6.70% 6.70% 6.70%

Subsidy Finance facilities Low rate of 
interest

Import norms Tax reforms Establishing skill 
development 

training 
institutes

Any other

Government policies to encourage investment in technology

Yes % No % NA/NR %
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4. Technology Vs Labour 

4.1 Do you think that technology has substituted labour? 

 

Adoption or the use of technology is not the better option to 

tackle the problem of labour shortage in the small industries. 

Because 80 percent employers were of the opinion that 

technology has not substituted labour. Firm cannot operate 

just on the basis of machines. It needs efficient laborers to 

handle machines and production both. 

              Frequency               Percent               Valid Percent       Cumulative Percent 

Valid Yes 
12 20.0 20.0 20.0 

No 
48 80.0 80.0 100.0 

Total 
60 100.0 100.0   

 

4.2 Are wages related to technology? 

There is positive relationship between wages and technology 

meaning that higher the investment in technology higher will 

be the wage rate. This is also because of the fact that the firms 

which invest more in technology need to employ qualified, 

trained and skilled manpower. Therefore, wages paid to such  

 

 

 

laborer tend to be higher than the unskilled laborer. In the 

survey, 95 percent employers replied positively for the above 

question. Only 5 percent employers said that wages have 

nothing to do with technology. 

 

 

              Frequency              Percent                Valid Percent        Cumulative Percent 

Valid Yes 57 95.0 95.0 95.0 

No 3 5.0 5.0 100.0 

Total 60 100.0 100.0   

91.70%
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8.30%
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65.00%

100.00%
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Hence, in the modernized or technology oriented firms 

employers‟ were willing to pay higher wages as contrasted to 

non-modernized firms. This is because in the non-modernized 

firms, skills are not specific but rather are generic to the 

industry. 

Thus, most of the employers of small scale engineering 

industries of Gujarat are in favor of adopting new technology 

because to survive in this competitive world it is must. 

Moreover, most of the firms felt that adoption of technology 

has helped in improving quality of product and in reducing 

cost of production or to improve price/performance ratio. The 

objective was to give new or modified products to the 

customers as per their demand. To promote and attract 

employers towards investment in technology, improvement in 

the infrastructure is need of the hour. Apart from that 

improvement in finance facilities along with tax reforms and 

labour market reforms will facilitate growth of SSIs. To 

attract laborers towards small industries, favorable working 

conditions and further improvement in wages is required. 

Thus, India can grow faster if newer technology is adopted by 

small industries. continuous improvement of processes with 

participation of workers sharpens and upgrades their skills. As 

several international studies have shown, including a recent 

study in India by the Planning Commission, there is a “win-

win” situation for both employers and employees when there 

is continuity of employment, with employees considered as an 

asset on the balance sheets of enterprises, rather than mere 

costs on the profit-and-loss account to be quickly hired and 

fired.  
 

            CONCLUSION  

It is perceived that the future role of SSIs will be based on 

technology, productivity and competition. Therefore, efforts 

should be made to strengthen the SSIs by making them 

technologically flexible and also by way of diversification of 

production. This will help SSIs to achieve competitiveness 

and to remain competitive in order to survive before the 

multinational companies in terms of attracting technology, 

investment, goods and services. In this context, MSMEs in 

Gujarat need a strong government support and the supply of 

other inputs as well, particularly, improved credit/finance 

facilities, cheap raw material, incubation centers to promote 

innovation in technology and skill development institutes to 

promote supply of skilled work force which will shape the 

future of SSIs. The country must have policy on 

„Technological Up-gradation For Small Industries‟ because it 

has become more pronounced in view of implementation of 

World Trade Organization (WTO) conditions. 
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Abstract- The Intergovernmental Panel on Climate Change 

(IPCC) Fourth Assessment report states that the most 

potential cause of global warming is the emission of 

greenhouse gases due to human activity. The main greenhouse 

gas generated by human activities is carbon dioxide (CO2). It 

is generated mainly due to the combustion of fossil fuels in the 

energy sector. CO2 is also generated in various process 

industries e.g., natural gas processing, hydrogen purification, 

cement and steel industries and emitted by the transportation 

sector. Projections by International Energy Agency (IEA) 

indicate that fossil fuels, coal and hydrocarbon, will remain 

the major source of energy until 2030 and most likely beyond 

then. Hence, it is increasingly important that efficient 

mitigation technologies are developed for significant 

reduction in CO2 emission in the entire energy sector to make 

use of fossil fuels sustainable.  

Keywords — CO2 capture, Flue gas, Absorption, Adsorption, 

Membrane separation. 

 

I. INTRODUCTION 

he Intergovernmental Panel on Climate Change 

warned that CO2 emission may to be doubled in the 

year 2050, if no special attentions are taken now. Undue 

growth in energy consumption and stringent environmental 

regulations makes the CO2 capture more important today 

than ever. If emissions are to be mitigated through capture 

and sequestration, then capture technologies far more 

efficient than the conventional amine scrubbing systems, 

which could increase the cost of power from these plants 

by as much as 80%, must be developed [1, 2]. To meet 

these challenges extensive R&D activities are going on 

globally towards development of hybrid and activated 

solvents [3], biphasic solvents and ionic liquids for CO2 

capture by absorption, amine-functionalized and hyper-

branched amine tethered adsorbents for CO2 capture by 

adsorption [4], newer membranes with high permeability 

and good selectivity for low cost CO2 separation from flue 

gas streams as well as for membrane absorbers for better 

absorption capture of CO2 [5, 6]. Hence, emphasis has been 

laid on separation of CO2 from power plant flue gases. 

 

We need advanced processing technology for mitigating 

CO2 emission so as to suppress global warming and 

improvement in the energy sector [7]. There are three main 

approaches to capture CO2 from coal thermal power plants. 

These are (i) Oxy-combustion (ii) Pre-combustion and (iii) 

Post-combustion CO2 capture [8]. The first two approaches 

required extensive redesign of existing power plant and 

thus can be applicable for new power plant. Hence, post-

combustion CO2 capture would be an effective way to 

capture and concentrate CO2 up to the target specifications 

for transportation and storage from large point sources such 

as existing coal-based power plants. This work intends to 

analyse the challenges and prospects of various 

technologies options for CO2 capture and sequestration 

projects.  

 
II. CO2 SEPARATION FROM FLUE GAS: 

TECHNOLOGY OPTIONS 

The CO2 concentration in the flue gas varies from as low as 

4% by volume (turbine plant) to as high as 30% by volume 

(cement and steel plants). The coal based power plant flue 

gas contains typically about 13-15% CO2. Most of the post-

combustion CO2 capture studies using amines are focused 

on the process modeling [9] and economics since the 

process has already been demonstrated on large scale CO2 

capture from natural gas and syn-gas. The limitations of the 

amine process are (a) expensive steam (b) SOx removal (c) 

amine loss and (d) corrosion of equipment. Within the 

PCC, there can be many CO2 separation techniques, such 

as absorption, adsorption, cryogenic distillation and 

membrane separation [10]. Figure 1 shows the available 

technologies for CO2 separation. Out of these the most 

widely practised technology for CO2 removal from gas 

streams is regenerative chemical absorption of CO2 into 

aqueous solutions of alkanolamines [8, 11]. 

 

 
 

Fig. 1: Process technologies for post combustion CO2 capture 

 

A. Chemical Absorption 

The most commonly used chemical solvents for the 

chemical absorption processes are aqueous alkanolamines, 

aqueous carbonates, etc. [12]. Amine based cyclic 

regenerative absorption process is one of the potential 

options for CO2 capture [13]. Alkanolamines contain both 

amino and hydroxyl groups, and hence, are suitable as 

solvents for chemical absorption. The hydroxyl group 

T 
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reduces vapour pressure and increases water solubility, 

while the amino group provides the required alkalinity in 

aqueous solution to react with CO2. Primary amines like 

monoethanolamine (MEA) and secondary amines like 

diethanolamine (DEA) have been the most widely 

employed acid gas treating solvents [10]. However, the 

drawback of using primary or secondary amines for CO2 

capture is that the reactions of CO2 with these amines are 

highly exothermic. As a result, substantial energy input is 

necessary in the regeneration step to reverse the reaction 

and strip the CO2 from the CO2-rich amines. Besides, these 

carbamate forming amines have lower equilibrium capacity 

for CO2. In recent years, methyldiethanolamine (MDEA), a 

tertiary amine, has been used as gas treating solvent 

because of its low heat of reaction and high equilibrium 

capacity. However, the MDEA-CO2 reaction is slow 

because CO2 cannot react directly with MDEA. Before 

reacting with any tertiary or sterically hindered amine, CO2 

must react with water to form carbonic acid which is a slow 

reaction. Sterically hindered amines such as AMP and 

piperazine (a cyclic diamine) belong to a special class of 

primary/ secondary amines with bulky groups attached to 

the nitrogen atom of the amine molecule so as to partially 

shield the amine group from the reacting acid gas [14]. 

Alternatively, blended amine solvents, which consist of a 

mixture of a primary/secondary amine with higher reaction 

rate, and a tertiary/sterically hindered amine with higher 

equilibrium capacity, can be used to realize the advantage 

of both. MEA has been blended either with amines that are 

less corrosive and require less steam to regenerate, or with 

the additive piperazine (PZ) that is of high reaction rate and 

higher resistance to thermal and oxidative and allows use 

of lower MEA concentrations [15]. A CO2 separation 

process flowsheet is represented by Fig.2 [16] 

 

 
 

Fig. 2: Process flowsheet of Absorption 

B. Physical Absorption 

In physical absorption, the flue gas is contacted with a 

solvent which normally does not involve any chemical 

reaction. Physical absorption is preferred when the CO2 

partial pressure is high (>1.5 MPa) and it is a preferred 

choice for pre-combustion CO2 capture which is typically 

operated near 40 °C [17]. When the CO2 partial pressure is 

low, the preferred method is chemical absorption [18]. A 

brief summary of commonly used physical and chemical 

solvents for CO2 removal is appendix presented in Table 1. 

Structural formulas for some important amines for CO2 

capture are presented in Table 2. Physical solvents are 

commercially used to remove CO2 from natural gas, 

ammonia synthesis gas and hydrogen [8]. Some 

commercially used physical solvents include dimethyl ether 

and polyethylene glycol (Selexol), tetramethylene sulfone 

(Sulfolane), N-methyl-2-pyrrolidone (NMP) and cold 

methanol (Rectisol) [19]. Due to the low CO2 partial 

pressure in flue gas, application of physical absorption for 

post combustion CO2 capture is not feasible. In some cases, 

blends of physical and chemical solvents, known as hybrid 

solvents, are used to take advantages of high CO2 solubility 

physical and high CO2 reactivity chemical solvents for CO2 

absorption. 

Table 1:  Commercial CO2 scrubbing solvents used in gas treating 

industry 

 

Process Type 

 

Solvent Trade 

Names 

Physical 

absorption 

  

 Chilled methanol Rectisol 

 N-Methyl-2-pyrolidone 

(NMP) 

Purisol 

 Dimethylether of 

polyethylene glycol 

Selexol 

 Propylene carbonate Flour 

solvent 

Chemical 

absorption 

Organic  

(amine based) 

  

 Monoethanolamine 

(MEA) 

(20-35 wt% in water) 

SNPA 

 Diethanolamine (DEA) 

(30 wt% in water) 

SNPA 

 Diglycolamine (DGA) 

(30 wt% in water) 

Econamine 

 N-Methyl 

diethanolamine 

(MDEA) 

Ucarsol HS, 

SIPM 

 Diisopropanolamine ADIP 

 Hindered amine Flexsorb, 

KS-1, KS-2 

Inorganic Promoted potassium 

carbonate 

Benfield, 

Catacarb, 

Giammarco 

vetrocoke  

Hybrid Solvent   

 Mixture of MDEA or 

DIPA, water and 

tetrahydothiopene 

dioxide or diethylamine  

Sulfinol – 

M, 

Sulfinol – D 

 

 Mixture of MEA, DEA, 

methanol and 

tetrahydothiopene 

dioxide or diethylamine 

Amisol 

 AMP-sulfolane-water Flexsorb PS 
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Rate activator Piperazine  

 
Table 2:  Structural formulas for some important amines in CO2 capture 

 

Class Name Structural Formula 

 

 

Primary  

amine 

Monoethano

lamine 

(MEA) 
HO CH2 CH2 N

H

H

 

Diglycolami

ne (DGA) HO CH2 CH2 O CH2 CH2 N

H

H

 

 

 

Secondar

y  

amine 

Diethanolam

ine (DEA) 

HO CH2 CH2

N

HO CH2 CH2

H

 
Diisopropan

olamine 

(DIPA) 

H3C

CH

H2

C

N

H2

C

CH

CH3

OH H OH  
 

 

 

Tertiary 

amine 

Triethanola

mine (TEA) 

HO CH2 CH2

N

HO CH2 CH2

CH2 OHCH2

 

N-

Methyldieth

anolamine 

(MDEA) 

HO CH2 CH2

N

HO CH2 CH2

CH3

 

Dimethyleth

anolamine 

(DMEA) 

HO CH2 CH2 N

CH3

CH3

 
 

 

 

 

Hindered 

amine 

2-Amino-2-

methyl-1-

propanol 

(AMP) 

HO CH2 C N

H

H

CH3

CH3  

2-Piperidine 

ethanol (PE) 

N C
H2

H2

C

OH

H  
 

C. Adsorption Using Solid Sorbents 

A number of solid adsorbents, such as activated carbon and 

zeolites can be used for adsorption of CO2 from flue gas 

streams. For years solid sorbents designed for CO2 capture 

have been used to purify breathing air in confined spaces, 

such as space shuttles and submarines [5]. Examples of 

commonly used adsorbents are alumina or silica. Recent 

research is focusing towards CO2 adsorption in amine 

coated active carbon molecular sieves, metal organic 

frameworks (MOFs), amine grafted zeolites and supported 

amine sorbents. Common used reactants along with 

adsorbents include amines such as polyethylenimine [20] 

or Na2CO3 sorbents to capture CO2 from flue gas streams 

[21].  However, implementation of this pathway for CO2 

capture from flue gas is difficult due to the elevated 

pressure of the adsorption process. 

The development of an alternate adsorption based 

technique for CO2 capture is mostly driven by synthesis of 

novel adsorbent materials which can selectively adsorb 

reasonable amounts of CO2 [22]. MOFs are being widely 

investigated for their potential to efficiently remove CO2 

from process streams. Some MOFs such as DOBDC series 

have shown good CO2 adsorption uptake and selectivity 

over other gases like N2, CH4, and so forth at the desired 

process conditions. But poor stability toward moisture 

makes them unrealistic for any practical separation 

application. Like other members of the MIL series, MIL-53 

MOFs are among the few which are readily stable toward 

moisture. Considerable amount of research work is 

published on these materials due to their fascinating 

breathing behaviour and good stability [23]. 

D. Cryogenic Separation 

CO2 can be separated from other gases by cooling and 

condensation. Cryogenic separation is widely used 

commercially for streams that already have high CO2 

concentrations (typically > 90%) but it is not used for 

dilute CO2 streams [10]. The major disadvantage of this 

technology are the high energy requirement to provide the 

needed refrigeration for the process, particularly for dilute 

gas streams. Another disadvantage is that some 

components, such as water, have to be removed before the 

gas stream is cooled, to avoid blockages. Cryogenic 

separation has the advantage that it enables direct 

production of liquid CO2, which is needed for certain 

transport options, such as transport by ship. Cryogenics 

would normally be applied to high concentration, high 

pressure gases, such as in pre-combustion capture 

processes or oxy-fuel combustion. 

E. Membrane Separation 

A membrane is a selective barrier between two phases. The 

molecules or small particles can transport from one phase 

to the other through the membrane. A CO2 selective 

membrane can be utilized in CO2 separation process for 

CO2 capture and to enhance the hydrogen/electricity 

generation [24]. The selective nature of a membrane can be 

attributed to one or more of the following mechanisms: (a) 

Knudson diffusion; (b) surface diffusion; (c) capillary 

condensation; (d) molecular sieving; (e) solution diffusion; 

and (f) facilitate transport. Most CO2 selective membranes 

are based on either solution diffusion or facilitate transport 

mechanism since the CO2 molecule is significantly larger. 

An amine based carrier is often used to facilitate the 

transportation of CO2 from the retentate side to the 

permeate side [25]. As a result, a hydrogen selective 

membrane can be made of metallic, inorganic (ceramic), 

porous carbon, polymer, or hybrid materials while most of 

the CO2 selective membranes for separating CO2 from 

hydrogen are polymeric. The desirable features of a 

membrane include good permeability, selectivity, 

reliability, and tolerance to contaminants. For commercial 

applications in gasification processes, it should also be 

affordable, thermally stable, and durable. Of all the H2-

selective membranes, metallic membranes and ceramic 

membranes are the most extensively studied. [26, 27]. The 

metallic H2-selective membranes generally have a very 

high selectivity and thermal stabilities. The potential 
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candidates include palladium, platinum, tantalum, niobium, 

and vanadium [26, 27]. 

 

Although it is still in the developmental stage, gas 

separation membranes can be used for removing CO2 from 

flue gas streams. There are many different types of gas 

separation membrane, including porous inorganic 

membranes, polymeric membranes that are used for 

separation of gas mixture [10]. Another type of membrane 

is being developed, called an absorption membrane. These 

membranes are impregnated with a liquid that selectively 

reacts with the CO2 [28]. Membrane separation process has 

certain advantages. It has no moving parts. Its other 

advantages are its modularity, small footprint, and no 

regeneration energy requirement. Current membranes are 

either not selective enough towards CO2 or not permeable 

enough, hence, cannot usually achieve high degrees of 

separation, so multiple stages and/or recycle of one of the 

streams is necessary [29]. This leads to increased 

complexity, energy consumption and costs. More recently, 

some researchers have focused on developing hybrid 

processes in which membrane separation is combined with 

another separation process such as chemical absorption 

[30]. However, further development is needed before 

membranes could be used on a large scale for CO2 capture 

from in power plant flue gas streams.  

 

Polymer membranes have been used successfully in a 

number of industrial applications, including the production 

of high-purity nitrogen, gas dehydration and recovery of 

hydrogen from process streams for recycle. However, 

successful use of a polymer membrane in post-combustion 

CO2 capture process requires a membrane that is thermally, 

chemically, and mechanically stable at high temperature. 

Unfortunately, the commercially available polymeric 

materials currently employed are not stable in such 

demanding environments to the degree required. Current 

commercial membrane have CO2/N2 separation factors of 

around 18-19 and work at relatively low temperature. The 

process design study has to explore at this stage the 

interplay between the operational energy requirement and 

cost of installation for a set of data. Any increased energy 

requirement for the capture process will indeed increase the 

secondary CO2 emission, which has obviously to be 

minimized. Thus, the energy efficiency of a capture process 

is a key issue. Typically a 4GJ/ton of recovered CO2 (CO2 

capture cost of about $60/ton CO2) is reported by the first 

generation post-combustion capture process using 

monoethanolamine solvents. A 2GJ/ton is often considered 

as a major target in order to achieve acceptable CO2 

capture costs [31].  

 
It has been concluded that the membrane process will be 

cost effective if the CO2/N2 selectivity is about 140 for a 

CO2 permeance of 3000 GPU (Gas Permeation Unit) at 1 

bar feed pressure with a 0.2 bar sweep side pressure. CO2-

facilitated transport membrane can achieve high selectivity 

and permeability based on the reversible reaction of the 

target gas with the active carrier incorporated into the 

membrane. Hence, use of novel amine carriers for the 

synthesis of CO2-selective thin-film membrane is an 

attractive option for post-combustion CO2 capture [32, 33] 

F. Other Approaches 

The main point of concern of regenerating chemical 

absorption process for CO2 removal is the large energy 

requirement in solvent regeneration. In addition, thermal 

and oxidative degradation of the solvents result in large 

solvent make-up, besides producing products that are 

corrosive. Hence, chemical absorption processes with 

newer amine solvents, such as sterically hindered amines, 

amine based ionic liquids, and activated amine solvents 

which have a higher selectivity for CO2, a higher 

degradation resistance, and lower energy requirement for 

regeneration, are presently the subject of global R&D.  

 

In addition to absorption, adsorption and membrane-based 

systems, there are other variety of approaches under 

development such as microalgae system, ionic liquids, etc. 

Microalgae systems, which have long been under 

investigation for CO2 capture from air, are especially 

attractive because they consume CO2 in photosynthesis. 

This obviates the need for CO2 compression and 

sequestration. Furthermore, the algae biomass can serve as 

animal feed or an effectively carbon-neutral fuel [34]. 

 

Another area that has demonstrated great potential and in 

which there is currently a great deal of interest is the field 

of ionic liquids. Ionic liquids are organic salts with melting 

points usually near room temperature, below 100°C. An 

unexpectedly large solubility of CO2 gas in ionic liquids 

was first reported by [35]. In general, ionic liquids are 

characterized by extremely low vapor pressures, non-

flammability, thermal stability, tunable polarity, good 

electrolytic properties and easy recycling [36]. These 

attributes make them attractive candidate sorbents for CO2 

capture and separation from post-combustion flue gases 

from coal-fired power plants. However, desorption of CO2 

from ionic liquids and regeneration of the sorbent requires 

significant thermal energy [37]. In addition, the viscosity of 

ionic liquids is relatively high, about 5-fold higher than that 

of a conventional aqueous solution of MEA and increases 

with CO2 loading, leading to an additional energy penalty 

in pumping the sorbent [38]. 

 

III. CONCLUSION 

Carbon dioxide emission due to industrial and human 

activity has been increasing at an alarming rate posing a 

great threat to the environmental ecology. About 80% of 

world primary energy demand is met by fossil fuels and 

their use is expected to grow, causing CO2 emission to be 

doubled in the year 2050, if no special attentions are taken 

now. Hence, emphasis has been laid on capture of CO2 

from power plant flue gases. We need advanced processing 

technology for mitigating CO2 emission so as to suppress 

global warming and utilization of clean energy. Three main 

approaches to capture CO2 are Oxy-combustion, Pre-

combustion and Post-combustion CO2 capture. The first 

two approaches required extensive redesign of existing 

power plant and thus can be applicable for new power 

plants only and also not suitable to treat large amount of 
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flue gas. Hence, post-combustion CO2 capture would be an 

effective way to capture and compress CO2 up to the 

specified condition for transportation and storage. In the 

contrary lower energy efficiency and high cost of process 

and equipments are the two major barriers for 

implementation of CCS processes industrially. Hence, the 

future research focus must be on the development of 

solvents which require less energy for CO2 absorption and 

solvent regeneration. To achieve the purpose we intend to 

use absorbents with less corrosion effect, less solvent 

viscosity, low vapor pressure, rapid reaction rate at low 

CO2 pressure, high CO2 absorption capacity etc. The major 

parameters which should be considered while using the 

amine-based absorption process are solvent flow rate, CO2 

loading capacity, solvent degradation rate and energy 

requirement for regeneration. There should be attention on 

optimization for energy efficient CO2 capture process at 

pilot plant scale using high gas-to-liquid mass transfer rates 

in absorber and stripper, to reduce equipment and capital 

cost, to prevent solvent degradation by SOx, NOx, and 

oxygen, and to develop an efficient  model for the scale up  

using modelling and simulation. There is no solvent which 

can have all the required properties, but by setting process 

parameters at proper conditions it is possible to take 

maximum benefit of the mixed amines and other potential 

CO2 capture fluids.  
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Abstract — We have to come up with a source of energy that is 

renewable and has the potential to meet our energy demands. 

One such source of energy is derived from the biomasses, these 

are called Biofuels. In this paper we shall review Bioethanol 

which the Planning Commission of India has considered as one 

of the primary biofuel. We review the innovative technologies 

and strategies to generate it from Lignocellulosic biomass and 

conclude with the economic and financial benefits it will provide 

for India.  

Keywords—Lignocellulosic biomass, Bioethanol, Technologies, 

Economic and Financial Benefits, Renewable Energy. 

I. INTRODUCTION 

wo of the major challenges that India and several other 

nations are facing are the Population Explosion and the 

need to meet the increasing Energy demands. Up until now, 

we have been relying on the conventional sources of energy 

like coal and petroleum for fulfilling it but data shows that 

the world population is likely to increase from 6.7 billion to 

8 billion by 2030 while the global oil production is 

anticipated to turn down from 25 billion barrels to 5 billion 

barrels by 2050[1]. This will create a dearth which will have 

catastrophic implications on our future. [2]  

USA and Brazil are considered to be foremost producers of 

bioethanol. These countries utilize molasses obtained from 

sugarcane and corn as the feedstocks for ethanol production. 

However, there is a major problem with these feedstocks and 

that is their food value. Since, feeding the population will be 

the priority of any economy utilizing these food sources 

would clash with this priority and at the same time it will 

also increase the cost of food sources which will eventually 

bring bioethanol in bad light. Hence, in order to prevent this 

we have to find alternative sources of producing bioethanol 

which will not have an adverse effect on food sources of a 

country. One such resource is the Ligno-cellulosic biomass 

obtained from agricultural wastes. Agricultural wastes are 

perhaps the most undervalued source of energy. It is 

generated in abundance and hence is also one of the cheapest 

sources of energy [2]. 

 

II. LIGNOCELLULOSIC BIOMASS 

Lignocellulosic material has 3 major components:  

 Cellulose (about 30-50%) 

 Hemi-cellulose (accounting for 15-35%) 

 Lignin (estimated to be 10-20%)  

\ 

 

 

 

Table I 

Composition of Lignocellulosic Biomass 

Component Constitution Structure References 

Hemicellulos

e 

Hexoses- D-glucose, 

D-galactose and D-

mannose  
Pentoses-D-xylose and 

L-arabinose 

β-(1/4)-linkages 

that include D-

xylose-90% 
L-arabinose-10% 

 

 

 
     [3] 

Cellulose  β-D-glucose 
1,4-glycosidic 

bonds 

 

     [3] 

Lignin 

Phenyl propane units -

Syringyl, Guaiacyl and 

p-Hydroxy phenol 

β -aryl ether bonds 

 

    [2] 

    [3] 

 

III. PRODUCTION STEPS 

There are 4 steps involved in the preparation of 

lignocellulosic derived bioethanol: 

 Preliminary treatment, 

 Hydrolysis, 

 Fermentation 

 Distillation 

IV. PRE-TREATMENT 

Pretreatment involves solubilisation and separation of one or 

more components of biomass. The lignocellulosic complex is 

composed of cellulose and lignin bonded by hemicelluloses 

chains. Pretreatment breaks the matrix to reduce the degree 

of crystallinity of the cellulose and increase the portion of 

amorphous cellulose which is apt for enzymatic attack during 

the hydrolysis process [2]. 

The recalcitrance of lignocellulose hinders economical 

production of bioethanol. Inefficient pre-treatment results in 

residue which is not easily hydrolysable by cellulase enzyme 

and may lead to production of toxic inhibitors for microbial 

metabolism.  

A. Mechanical Size Reduction 

Involves milling, grinding, and chipping of the 

lignocellulosic feedstock. The size of the materials is usually 

10–30 mm after chipping and 0.2–2 mm after milling or 

grinding. Some of the milling operations include: 

 Wet milling 

 Dry milling 

 Vibratory ball milling 

 Compression milling 

Size Reduction increases the reactive surface area and 

reduces the crystallinity of cellulose. 

T 
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However, very fine particles may generate clumps involving 

liquid and may lead to channelling. Specific energy 

consumption also increases. These operations are time 

consuming, energy intensive and expensive. 

B. Steam Explosion Pre-treatment 

High pressure and high temperature steam is passed into a 

sealed chamber filled with lignocellulosic material in the 

form of chips. After 1–5 min, when pressure is released, 

resulting in steam to expand within the lignocellulosic matrix 

thereby separating the individual fibers and causing an 

explosive decomposition. Temperature maintained is 433–

533 K and pressure 0.69–4.83 MPa before the material is 

opened to atmospheric pressure for cooling. Addition of 

acids like H2SO4 (or SO2), CO2 during steam explosion can 

reduce time and temperature, improve hydrolysis, reduce the 

generation of inhibitory compounds, and lead to complete 

removal of hemicellulose.  

45-65% of xylose recovery makes steam-explosion pre-

treatment economically attractive. There is evidence that this 

process promotes delignification. Less hazardous chemicals 

are used. Less negative environmental impact. Complete 

sugar recovery [4].  

But it is highly energy intensive and less efficient than 

SPORL and Organosolv pre-treatment [5]. 

C. Ammonia Fiber Explosion 

Pre-wetted lignocellulosic material having moisture content 

of 15–30% is kept in a pressure vessel and is subjected to 

liquid ammonia at high temperature and pressure, and a 

subsequent fast decompression. Temperature is between 60-

100 ˚C and residence time may vary from low (5-10 min) to 

intermediate (30 min) depending on the degree of saturation 

of the biomass. 1-2 kg ammonia per kg of dry substrates is 

the ammonia loading. Pressures exceeding 12 atm are 

required. No inhibitors are produced and very fine size of 

feed is not required. 

It is simple with a less time required. Is inefficient for 

biomasses having high lignin content (e.g. softwood 

newspaper). [8] 

D. Acid Pretreatment 

Operates either at high temperature with low acid 

concentration (dilute acid pre-treatment) or at low 

temperature with high acid concentration (concentrated acid 

pre-treatment).  

 Dilute acid: 5–10% [w/w], T>433 K and is 

continuous process. 

 Concentrated acid: 10–40% [w/w], T < 433 K and is 

batch process. 

With higher pre-treatment temperatures and shorter reactor 

residence times, higher xylose recovery and enzymatic 

cellulose digestibility is observed. [6] 

By-products like furfural (pentose sugars by-product), and 

hydroxyl methyl furfural (HMF; hexose sugar by-product), 

phenolic acid (lignin by-product) and acetate (diacetylation 

product of hemicellulose). Concentrations of 5 mM or above 

have considerable inhibitory effect in the fermentation 

process. 

Use of concentrated acid  

 Yields very high levels of sugar (90%) 

 Can handle diverse feedstock 

 Is relatively rapid (10 to 12 hours) 

 Leads to less degradation 

But it needs more expensive corrosion resistant equipment 

and the hydrolysate has to be neutralized by the addition of 

lime and contaminants are removed by treating it using 

activated charcoal [1]. 

E. Alkaline Pretreatment 

Alkaline solutions are used to remove lignin and various 

uronic acid substitutions on hemicellulose which lower the 

enzyme access to the hemicellulose and cellulose. It 

increases the surface area hence permitting penetration of 

water molecules to the inner layers therefore breaking the 

bonds between hemicellulose and lignin carbohydrate. 

Works at lower temperatures and pressures compared to 

other pre-treatment methods. This method presents 

hindrances in the process economy for obtaining fuels. 

Sodium, potassium, calcium and ammonium hydroxide are 

appropriate chemicals for pre-treatment. [8]  

F. Organosolv Pretreatment 

The use of organic solvent and water mixture removes the 

requirement of burning the liquor as it permits the separation 

of lignin (by distillation of the organic solvent). 40 to 60% of 

organic solvent at 160 to 190°C for 30 to 60 min is needed 

[1]. Examples include use of 90% formic acid and 

pressurized CO2 in combination. Other solvents which can be 

used are methanol, ethanol, acetic acid, performic acid and 

peracetic acid, acetone, etc. The advantages of these methods 

include recovery and recycling of organic solvents as they 

can be easily distilled out. But, Inhibitory compounds are 

formed and expensive high pressure equipment is needed. 

G. SPORL 

Sulphite Pretreatment to Overcome Recalcitrance of 

Lignocellulose (SPORL) uses aqueous sulphite or bisulphite 

solutions over a wide range of pH and temperatures to 

weaken the chemical structure. The pH of pre-treatment 

liquor can be adjusted using re-agent. This reduces the 

energy consumption needed in mechanical processes by 

more than 10 times. It has excellent scalability to commercial 

production. [10]  

V. HYDROLYSIS 

Molecules of cellulose and hemicelluloses are cleaved by 

water molecules. The carbohydrate polymers are converted 

to simple sugars. 

A. Chemical Hydrolysis 

Chemical hydrolysis involves exposure of lignocellulosic 

materials to a chemical for a period of time at a specific 

temperature.  

1) Dilute Acid Hydrolysis 

Dilute acid hydrolysis takes place in 2 stages. The first stage 

occurs at low temperature with 0.7% H2SO4 and 463K to 

increase the hemicellulose yield, while the 2
nd

 stage occurs at 

higher temperature of 488 K with 0.4% H2SO4 to optimize 

hydrolysis of the cellulose.  

The fast rate of reaction facilitates continuous processing.  
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However, the challenge is to raise glucose yield by more than 

70% economically while ensuring a high cellulose hydrolysis 

rate and minimal glucose decomposition. For rapid 

continuous processes, in order to allow adequate acid 

penetration, feedstocks must also be reduced in size to mm. 

 

2) Concentrated Acid Hydrolysis 

It utilizes 70% H2SO4 at 313–323K for 2–4 h in the reactor. 

The low temperatures and pressure ensure minimal sugar 

degradation. The solid residue from first stage is de-watered 

and drenched in 30–40% concentration sulphuric acid for 50 

minutes at 373K for further cellulose hydrolysis. 

Compared to dilute hydrolysis this gives minimal 

degradation and yield upto 100%. Inhibitor generation is less 

however; it requires large quantities of acid as well as costly 

acid recycling, which makes it commercially less attractive. 

B. Enzymatic Hydrolysis 

When hydrolysis is catalysed by enzymes, the process is 

known as enzymatic hydrolysis. 

1) Cellulose 

Cellulase, produced by bacteria and fungi, involves 

synergistic actions by (EG) endo-1,4-β-D-glucanases, 

exoglucanases(CBH) or 1,4-β-D-glucan cellobiohydrolases 

and β-glucosidases (BGL) or cellobiases. The enzymatic 

action is:- 

 EG hydrolyses accessible intramolecular β-1,4-

glucosidic bonds randomly to produce new chain 

ends. 

 CBH cleaves cellulose chains at the ends to release 

soluble cellobiose. 

 BGL hydrolyses cellobiose to glucose to avoid 

cellobiose inhibition. BGL completes the hydrolysis 

process.  

Cellobiose, at higher concentrations decreases the rate of 

cellulose hydrolysis. It has been a hindrance in enzymatic 

hydrolysis because commercially used cellulase generating 

microorganisms make very little β-glucosidase which can 

lead to accumulation of cellobiose and increase the amount 

of cellulose required. Rate of hydrolysis is affected by 

 Molecular structure of cellulose 

 Crystallinity of cellulose  

 Surface area of cellulose fiber 

 Degree of swelling of cellulose fiber 

 Degree of polymerization 

 Associated lignin or other materials  

 

2) Hemicellulose 

Water, methanol, methanoic acid, ethanoic acids, propanoic 

acids, hydroxy-1-propanone, hydroxy-1-butanone and 2-

furfuraldeyde are 8 major products that are formed by xylan 

degradation. Under high temperature and pressure xylose is 

further degraded to furfural. The enzymes include α-

glucoronisidase, acetyl xylan esterase, ferulic acid esterase 

endoxylanase,, α-arabinofuranosidase, exoxylanase, and ß-

xylosidase. Working:-  

 The endoxylanase attacks the main chains of xylans 

and β-xylosidase hydrolyses xylooligosaccharides 

to xylose.  

 The α-arabinofuranosidase and α-glucuronidase 

remove the arabinose and 4-o-methyl glucuronic 

acid substituents, respectively. 

 Acetyl esterases hydrolyse acetyl substitutions 

present on xylose moieties and feruloyl esterases 

hydrolyse ester bond between the arabinose 

substitutions and ferulic acid. 

 Feruloyl esterases help to release hemicellulose 

from lignin and leave free polysaccharide product 

more open to degradation by hemicellulases. 

Accessibility to the substrate is easier than cellulose as xylan 

does not form inaccessible crystalline structures. 

3) Advantages of Enzymatic Hydrolysis 

 Utility cost of enzymatic hydrolysis is low 

compared to others as enzyme hydrolysis is 

conducted under mild conditions and has no 

corrosion problem.  

 The enzymatic hydrolysis has currently high yields 

(75–85%)and is environment friendly.[8] 

Lignin has adverse effect on enzyme working. 

 

VI. FERMENTATION 

This process requires presence of microorganisms to ferment 

sugars into ethanol and other end products. The types of 

fermentation process include:- 

 Batch culture which is a closed culture system 

containing limited quantity of nutrients inoculated 

with microorganisms.  

 Fed Batch reactors are commonly used for industrial 

usage. These have the ability to enhance viable cell 

concentration, prolong lifetime of culture and higher 

concentration products. 

  In the continuous process, feed is pumped 

continuously in an agitated vessel where  microbes 

are active. The product is taken from the top of 

bioreactor. 

The performance parameters of fermentation are:  

 Temperature range 

 pH range 

 Alcohol tolerance 

 Growth rate 

 Productivity 

 Osmotic tolerance 

 Specificity 

 Yield 

 Genetic stability 

 Inhibitor tolerance 

The microorganisms responsible for fermentation are 

S.Cerevisiae, Z.Mobilis, K.Oxytoca, Thermophilic Bacteria. 

[8] 

VII.  NEW TECHNIQUES 

A. Simultaneous Saccharification and Fermentation 

The enzymatic hydrolysis and fermentation process can be 

carried out together in a single step called simultaneous SSF. 

It increases the hydrolysis rate by converting the sugars that 

inhibit the cellulase activity. It reduces the enzyme 

requirement, gives high product yield, Reduce sterile 
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requirements as glucose is removed immediately and 

bioethanol is produced. 

Disadvantage is the different optimal requirements for the 

process. In many cases, the low pH, e.g., less than 5, and 

high temperature, e.g., 4313 K, may be apt for enzymatic 

hydrolysis, but the low pH will inhibit the lactic acid 

production and the high temperature will adversely affect 

fungal cell growth. [2][8] 

B. Simultaneous Saccharification and Co- Fermentation 

The pre-treated mass is neutralized and directly exposed to 

different enzymes and microorganisms capable of 

hydrolysing cellulose and hemicelluloses to fermentable 

sugars as well as ferment sugars to ethanol.  

The enzymatic hydrolysis releases hexose sugars 

continuously, which increases the rate of glycolysis in a way 

the pentose sugars are fermented faster and with higher yield. 

[2][8] 

C. Consolidated  Bioprocessing(CBP) 

A strategy in which cellulase production, hydrolysis of 

substrate, and fermentation are accomplished in a single step 

and in one reactor. Only one microbial group is used for 

cellulose production and fermentation. Has the potential to 

lower production costs due to simpler material processing 

and less energy inputs, higher conversion efficiencies than 

SSF or SSCF based processes. But natural microbes 

exhibiting all the desired features for CBP are not easily 

available, although, a number of microorganisms, both 

bacteria and fungi, have been identified. [2][8] 

VIII. DISTILLATION 

The boiling point of water (100 ˚C) is more than ethanol 

(78.3 ˚C)so it will be converted to steam before water. Hence 

water is separated and ethanol distillate is obtained at 95% 

concentration. Many large-scale industries and refineries use 

continuous distillation column system with multiple effects. 

IX. CONCLUSION 

Developing countries like India import oil from the foreign 

countries for meeting their energy demands. This puts a lot 

of pressure on the country as the costs are exorbitant. 

Bioethanol one can put a halt on this money drain regime as 

the raw material required for its production is inexhaustible, 

abundant and hence cheap. This technology opens up a new 

market for all the savvy investors looking for reliable and 

lucrative sources of energy. This harbingers setting up of 

new Industries and new trade outlets, which demands human 

resources thereby increasing the employment opportunities. 

This will curb the most burning issue our country is facing 

today-Unemployment. Development of any new technology 

beckons a healthy competition between the countries for 

developing an optimized approach and this can be a money-

spinner. Enterprises would invest a large amount of money if 

it helps in the production of a widely acceptable commodity 

since it can be profitable for them. Hence I conclude that 

advancement and promotion of this technology will be 

beneficial.  
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Abstract— One of the objectives of car manufacturers is to improve 

engine performance, reduce consumption and reduce emissions. To 

achieve this objective, it is important to understand the phenomena 

involved in the combustion chambers of engines. There are various 

factors that influence the engine performance such as compression 

ratio, atomization of fuel, fuel injection pressure, and quality of fuel, 

combustion rate, air fuel ratio, intake temperature and pressure and 

also based on piston design, inlet manifold, and combustion 

chamber designs etc. Geometrical design of intake manifold is one 

such method for the better performance of an I.C. Engine. Air swirl 

motion in CI engine influences the atomization and distribution of 

fuel injected in the combustion chamber. Intake manifolds provides  

Air motion to the chamber.  So, to get the maximum output with the 

least input on a Diesel engine researchers are experimentally and 

Computationally working on construction of 

the intake manifold configurations for increase in engine 

performance and reduction of Exhaust Emissions. In this paper I 

have studied some papers and also gone through basics of my topic 

from various books to understand the phenomena. 

 

Keywords—Combustion, compression Ratio, Inlet Manifold, 

Swirl. 

 

I.  INTRODUCTION 

nternal combustion engines are the engines which burn the 

fuel inside it and produce the energy. Of all the engines the 

direct injection diesel engines have their own importance 

because of their higher thermal efficiencies than all the 

others. They can be used for both light-duty and heavy duty 

vehicles. 

 In Direct injection diesel engines fuel is injected 

directly onto the compressed air and gets mixed depending 

upon the motion of the air in the chamber. Air is directed into 

the cylinder through the inlet manifold and this air flow is 

one of the important factors controlling the combustion 

process. It governs the fuel-air mixing and burning rates in 

diesel engines. Air enters the combustion chamber of an I.C 

engine through the intake manifold with high velocity. Then 

the kinetic energy of the fluid results in turbulence and 

causes rapid mixing of fuel and air, if the fuel is injected 

directly into the cylinder. The increased turbulence causes 

better cooling of the cylinder surfaces thereby reducing the 

heat loss to the surroundings. The heat from the cylinder 

walls get absorbed by the air supplied during suction and 

used for reducing the delay period thereby increasing the 

thermal efficiency of the engine. [19],[20]. 

 Two general approaches are used to create swirl 

during the induction process. In first approach, swirl is 

created by discharging the flow into the cylinder tangentially 

towards the cylinder wall (helical port) and in the second 

approach, the swirl is generated in the manifold runner so 

that the flow rotates about the valve axis before it enters the 

cylinder. In general, the presence of a swirl in the cylinder of 

an internal combustion engine improves the homogenization 

of the air-fuel mixture, and consequently, enhances fuel 

combustion. [22],[23]. 

 

II. LITERATURE SURVEY 

 Dr. Pankaj N.Shrirao, Dr. Rajeshkumar U. 

Sambhe [1] , have worked on the air swirl created by 

directing the air flow in intake manifold on single cylinder 4-

stroke engine performance as well as its exhaust emissions. 

Experiments were done with different types of internal 

threads, viz. acme, buttress and knuckle of constant pitch and 

also take the exhaust emissions of different manifolds. 

Finally they have found experimentally that compare to other 

two configurations, the inlet manifold with buttress thread 

has better air-fuel mixing process and hence thermal 

efficiency is increases and BSFC and exhaust emissions are 

reduced. 

 V.CVS Phaneendra,V.Pandurangadu & M. 

Chandramouli [2] , have experimentally investigated that by 

designing and changing the orientation of the inlet manifold 

of a four stroke air cooled C.I engine at rated speed 1500 rpm 

the performance characteristics of an engine are increased 

and emissions levels are decreased. Experiments were done 

in various shaped threaded manifold of pitch 10mm, 15mm, 

20mm, and 25mm, and they have proved that the 

performance characteristics with 10mm pitch showed better 

for performance as well as emission levels compared to 

normal manifold. 

 S.L.V. Prasad, V. Pandurangadu [3],have 

experimentally investigated the effect of air swirl generated 

by directing the air flow in intake manifold on engine 

performance. They have performed experiments on single 

cylinder 4-stroke water cooled engine at constant speed of 

1500rpm. The turbulence is achieved in the inlet manifold by 

I 
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grooving the inlet manifold with a helical groove of size of 1 

mm width and 2 mm depth of different pitches to direct the 

air flow. The tests are carried with different configurations 

by varying the pitch of the helical groove from 2 mm to 10 

mm in steps of 2 mm inside the intake manifold. The results 

indicate that configuration of 8 mm pitch groove has 

increases the turbulence and hence better mixing of air-fuel 

process takes place among all configurations and the soot 

emissions are reduced. They have also found that the laser 

carbon deposits in the combustion chamber, piston crown 

and exhaust system due to controlled combustion. Also, more 

power is derived from the same charge. 

 P. Ramakrishna Reddy ,K. Govinda Rajulu, T. 

Venkata Sheshaiah Naidu [4] , have performed various 

experiments to find the effect of swirl on the performance of 

the engine as well as on its emissions, by inducing swirl with 

different inlet manifolds having helical, spiral and helical-

spiral shapes. The test were done on the 4-stroke,water 

cooled C.I engine. First they have made the 3D model of 

three manifolds and then take the observations. The analysis 

shows that all the three types of inlet manifolds yields much 

better performance and less amount of emissions in 

comparison with normal manifold. 

 Jorge Martins, Senhorinha Teixeira & Stijn 

Coene [5] , have re-design the inlet port of a small I.C engine 

in order to have better turbulence by swirl. For this work they 

have used three software programs viz. Solid Works, Gambit 

and Fluent. With optimal Geometry design of the inlet 

manifold assembly , which was consist of cylinder, valve 

seat ,valve and valve guide. They have done the meshing of 

the assembly with the three different valve lifts: 1.5mm, 

2.0mm and 2.5mm.Finally they have used this model in 

FLUENT for simulations. The simulations were made to 

measure the swirl on a spark ignition combustion engine. For 

different valve lift they have analyzed that the required 

amount of swirl is created between 1.5 to 2.0 mm valve lift. 

 Benny Paul, V. Ganesan [6] , worked on the 

comparisons of volumetric efficiency with three different 

configurations viz. helical, spiral an helical-spiral 

combination at 3000rpm speed on single cylinder 4-stroke 

engine. Three-dimensional model of the manifolds and the 

cylinder is created and meshed using the pre-processor 

GAMBIT. The flow characteristics of these engine manifolds 

are examined under transient conditions using Computational 

Fluid Dynamics (CFD) code STAR-CD. The turbulence is 

modeled using k-ε model. The solid model was consist of 

intake manifold and cylinder geometry with valves. At the 

end of analysis they found that the swirl inside the cylinder is 

more in case of Helical- Spiral combined manifold then 

spiral manifold, which is recommended for better engine 

performance and less emission. 

 Suresh .Aadepu, I.S.N.V.R. Prasanth, 

Jarapala.Murali Naik, [7] , have design the intake manifold 

of an 870cc naturally aspirated ,twin cylinder diesel engine to 

achieve the higher volumetric efficiency with taking care of 

space considerations in to account. For the above purpose 

they have made two models in Pro-e and then did the CFD 

analysis. They have also used the Boundary conditions and 

K-ε, turbulence model for the steady state conditions. Using 

this method , a better design of manifold giving 7% increase 

in volumetric efficiency could be achieved. 

 S. A. Sulaiman, S. H. M. Murad, I. Ibrahim and 

Z. A. Abdul Karim [8] studied the flow characteristics of air 

flowing in various designs of air-intake manifold of a 200-cc 

four stroke Go-Kart engine. The study is done by three 

dimensional simulations of the flow of air within six designs 

of air-intake manifold into the combustion chamber by using 

commercial CFD software, Fluent version 6.2. The 

simulation results are validated by an experimental study 

performed using a flow bench. The study reveals that the 

variations in the geometry of the air-intake system can result 

in a difference of up to 20% in the mass flow rate of air 

entering the combustion chamber. Comparisons between the 

experimental and simulation results with two intake manifold 

configurations show reasonably good agreement, thus 

suggesting the reliability of the simulation in demonstrating 

the effects of valve lifts and intake manifold configurations. 

From the simulation work it is seen that the flow in the intake 

manifold can never become fully developed due to the short 

pipe length, and this may probably affect the flow 

coefficient. In the simulation using a new design of intake 

manifold, which had a surge tank with tapered edges and bell 

mouth inlet, the flow coefficient is shown to be improved by 

up to 6% and is found to be better than the existing 

carbureted system. 

 B. Murali Krishna and J.M. Mallikarjuna [9] , 

worked with the experimental investigations of the in-

cylinder fluid tumble flows in a motored internal combustion 

engine with a flat piston at different engine speeds during 

intake and compression strokes using particle image 

velocimetry (PIV). The two-dimensional in-cylinder flow 

measurements and analysis of tumble flows have been 

carried out in the combustion space on a vertical plane at the 

cylinder axis. To analyze the fluid flows, ensemble average 

velocity vectors have been used. To characterize the tumble 

flow, tumble ratio has been estimated. From the results, it is 

found that the tumble ratio mainly varies with crank angle 

positions At the end of compression stroke, maximum 

turbulent kinetic energy is more at higher engine speeds. 

Present study will be very useful in understanding the effect 

of engine speeds on the in-cylinder fluid tumble flows under 

real engine conditions. On the whole, it is found that for an 

engine equipped with flat piston, TKEs are higher at higher 

engine speeds among the low speed. 

 D.Ramasamy, Zamri.M, S. Mahendran, 

S.Vijayan [10] , have worked on the optimizing the 

geometry of an intake system in automobile industry to 

reduce the pressure drop and enhance the filter utilization 

area by adding guide vane. 3D viscous Computational Fluid 
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Dynamics (CFD) analysis was carried out for an existing 

model to understand the flow behavior through the intake 

system, air filter geometry and ducting. Results obtained 

from CFD analysis of the existing model showed good 

improvement. They have also performed another work on 

existing model CFD results, geometrical changes like guide 

vane placement in inlet plenum of the filter, optimization of 

mesh size, removal of contraction in clean pipe of intake 

system etc are carried out, to improve the flow 

characteristics. The CFD analysis of the optimized model 

was again carried out and the results showed good 

improvement in flow behavior. By using 3D CFD analysis, 

optimal design of the intake system for an automobile engine 

is achieved with considerable reduction in development time 

and cost. As the result of the above CFD they found that All 

the above changes incorporated in the design of the guide 

vane improved overall pressure drop by 12.01% for the rpm 

speed of 1000 to 7000. 

 Idris Saad and S. Bari [11] ,have investigates the 

in-cylinder air flow of a compression ignition (CI) engine 

modified by a guide vane swirl and tumble device (GVSTD) 

where the number of GVSTD vanes was varied to optimize 

its dimension to improve the CI engine performance using 

higher viscous fuel (HVF). Hence, eleven 3D CI engine 

models were developed; a base model and 10 GVSTD 

models, via Solid Works. Computational fluid dynamics 

(CFD) were performed by utilizing ANSYS-CFX and 

simulated under motored conditions for two continuous 

complete cycles. The results are presented of the simulation 

of in-cylinder pressure, turbulence kinetic energy (TKE) and 

velocity during the fuel injection period until expansion. It 

was found that six vanes improved about 1.3% of in-cylinder 

air pressure, 2% to 8.3% of TKE and a maximum of about 

22% of velocity. Six vanes were chosen as the best number 

of vanes to be coupled with 0.2 times radius of the vane 

height, 35° twist angle of the vane and an intake runner three 

times the radius of the vane length. 

 A. Martínez-Sanz, S. Sánchez-Caballero, A. Viu, 

R. Pla-Ferrando [12], have designed a high performance 

intake manifold through a combination of CAD and FEM. 

First a FEA model was done, which included a complete 

thermal and structural analysis of the new intake manifold 

and the contact area between the aluminum coupling, using 

the combined tools of CATIA, ANSYS WORKBENCH, 

MATHCAD. Then several composite prototypes were made 

where analyzed. As a result they found that the compact 

design of the manifold increases the performance of the 

engine and the space requirements are also reduced. 

 F. Payri , J. Benajes, X. Margot and A. Gil [13] , 

have studied the flow characteristics inside the engine 

cylinder equipped with different piston configurations were 

compared. For this, complete calculations of the intake and 

compression strokes were performed under realistic 

operating conditions and the ensemble-averaged velocity and 

turbulence flow fields obtained in each combustion chamber 

analyzed in detail. The results confirmed that the piston 

geometry had little influence on the in-cylinder flow during 

the intake stroke and the first part of the compression stroke. 

However, the bowl shape plays a significant role near TDC 

and in the early stage of the expansion stroke by controlling 

both the ensemble-averaged mean and the turbulence 

velocity fields. 

 S. Siva, Dr.M.Subramanian And K.Sivanesan 

[14] , have studied on validating the fundamental numerical 

and computational fluid dynamic aspects which can lead to 

the definition of following models. The models used for 

analysis of Standard k-ε model, Realizable k-ε model, V2F k-

ε model, AKN k-ε model, and Standard k-ω (Wilcox) model. 

Modeling of the KIRLOSKER OIL ENGINE TV1 was done 

using GAMBIT. Flow inside the engine is analyzed and 

validated by various turbulence models using STARCD. The 

cold flow simulation is carried out with various turbulence 

models under adiabatic wall boundary condition. The 

pressure distribution and temperature distribution and 

contours of the cold flow simulations for Standard k-ω 

(Wilcox) model was nicely match with the experimental 

results. 

 Jay V. Shah and Prof. P.D.Patel [15] , have 

worked on the orientation of the Intake Manifold was 

changed by inclining it at several different angles viz. 

Normal Intake Manifold, Intake Manifold at 25° inclination, 

50° inclination and 75° inclination w.r.t. Normal Intake 

Manifold Position and then the effects of these different 

orientations of the Intake Manifold on the Performance and 

Emission parameters of the Single Cylinder 4-Stroke 

naturally aspirated Diesel Engine were analyzed and then 

comparisons of the computed results were made with those 

of the Normal Intake Manifold. From the experimental 

research work, they found that the BSFC reduces, brake 

thermal efficiency increases and there is an improvement 

in the exhaust gas emissions as orientation of the Intake 

Manifold is changed from Normal Manifold Position to 50° 

inclination w.r.t. Normal Manifold Position. 

 Y.K. Loong and Salim M. Salim [16], have studied 

the Computational Fluid Dynamics (CFD) using k-epsilon 

model with standard wall function was applied to simulate 

and quantify the improvements of the new design by 

benchmarking against the original intake. It was found that 

the original intake manifold from the manufacturer could be 

improved by more than 79% by changing the geometry, 

shape and surface finish. Based on the results, they found that 

the new and improved intake manifold port has a much 

higher mass flow rate capacity based on CFD simulations. 

The main reasons for the improvement are due to the surface 

finish and geometry of the intake manifold. The distribution 

balances between all 4 cylinders are also is almost equal 

which helps in providing a proper air fuel mixture which in 

turn will increase the performance and efficiency of the 

engine. 

 Laxmikant P. Narkhede & Atul Patil [17] , have 
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studied work the flow within the intake port in both steady 

and unsteady states and analyze the results to evaluate and 

improve the ability of the intake port to convey air identically 

to all cylinders with the least possible pressure losses. Also 

the effect of engine speed on the volumetric efficiency has 

been analyzed by 2D CFD model at different engine speeds. 

Steady state air flow calculations are performed for three 

different intake valve lifts viz. low lift, medium lift and high 

lift to investigate the flow features. Sufficient mesh 

refinement has been provided near the throat area because the 

flow velocity changes rapidly in this region and capturing the 

gradients is key for an accurate simulation. The calculations 

are performed by solving compressible Navier-Stokes 

equation for mass, momentum and energy. Also two equation 

turbulence model, Realizable κ −ε is used to capture the 

flows involving rotation, boundary layer under strong 

adverse pressure gradients, separation and recirculation. The 

CFD code of STAR-CD for finite volume method has been 

utilized to solve the discredited continuity and Navier- 

Stokes equations. then they have did the meshing of in the 

CFD and at the end as a result they found that the better 

performance and improvement in the exhaust emissions. 

 Amit Kumar Gupta and Abhishek Mishra [18] , 

have studied the current design of the intake manifold of 

truck engine and found that truck engine is having less 

plenum volume which is not suitable for air requirement of 

engine and hence result in reduced volumetric efficiency. To 

simplify the design & make the component in pressure die 

casting & to increase the yield also to qualify the engine 

noise, performance and durability requirement and to reduce 

the part cost new inlet manifold is designed and developed. 

for this they have carried out various design concepts will be 

evaluated like equal runner length Design, Centre Feed 

Design, Dual Plenum design will be evaluated and also 

design requirement at air intake system level. Initially they 

concept is made and then with the help of CFD they have try 

to optimize the shape and size and then through prototyping 

and bench test confirmation of performance they performed 

test. 

 

CONCLUSIONS 

 From the review of literature, it can be analyzed the 

design of inlet manifold configuration is very important in an 

IC engine. In general, the presence of a swirl in the cylinder 

of 

an internal combustion engine improves the homogenization 

of the air - fuel mixture, and consequently, enhances fuel 

combustion. From literature survey, different findings are 

concluded. 

 Combustion efficiency of IC Engine can be increased, 

by creating swirl of air by proper designing of  intake 

system.  

 To optimize the design of the intake manifold CFD 

analysis is useful tool to save the time and cost in the 

experimental test.  

 Swirling motion of an air is a strong function of engine 

speed. As speed is increased, swirl increases and this 

increases the rate of evaporation, mixing of air-fuel and 

leads to complete combustion.  

 The design of the Intake Manifold has a major 

influence on the air flow- field generated within the 

Diesel Engine Cylinder which in turn creates swirling 

motion of the air due to which maximum engine output, 

minimum fuel consumption, highest thermal efficiency 

and least exhaust emission can be obtained for C.I 

Engine. 
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Abstract-Nanoscale zero-valent iron (nZVI) is an effective tool 

for wastewater treatment. It has a great potential to reduce 

subsurface contaminants, heavy metals and a plethora of 

hazardous materials. This engineered nanoparticle shows 

tremendous potential in the environmental sector, being a 

relatively cleaner wastewater remediation technology. 

Numerous laboratory and field techniques have been 

performed by researchers and scientists across the globe to 

assess its effectiveness. The technology has reached commercial 

status in many countries worldwide, however is yet to gain 

universal acceptance. The report presents a brief overview of 

nanoscale zero-valent iron and summarises our contemporary 

knowledge on nZVI aqueous corrosion and the recognized 

mechanisms for wastewater treatment. Various techniques of 

nZVI synthesis and methods to enhance the performance of 

nZVI, such as improving the aqueous mobility of nZVI are also 

discussed.  

Keywords-zero-valent iron, wastewater remediation, aqueous 

corrosion, performance, mobility.  

I. INTRODUCTION 

 

A. Overview of Nanoscale Zero-valent Iron 

Zero-valent iron is elemental metallic iron, and refers to 

the zero charge carried by each Fe atom. It acts a bulk 

reducing agent, converting oxidized materials – which may 

be toxic and soluble in water – into immobile solid forms, 

releasing soluble Fe
+2

 in their place, which further oxidizes 

to Fe
+3

. This characteristic permits the use of ZVI for 

effective and reliable reduction of waterborne contaminants. 

Engineered nanomaterials have great potential in 

remediation of polluted waters [1].  In comparison to 

conventional macroscale materials, nanomaterials exhibit 

significant improvements in surface area as a function of 

mass. Since a smaller mass of material can achieve the same 

objective, the consumption of both raw materials and energy 

is minimized with significant associated cost savings. Most 

importantly, owing to their colloidal size, subsurface 

deployment via injection is possible at almost any location 

and depth in terrestrial groundwater systems with rapid 

treatment of contaminants [2]. Nanoscale zero-valent iron is 

the most widely studied nanomaterial for wastewater mainly 

because of its cheap cost, environmental compatibility 

andhigh reactivity. 

B. Basic chemistry for aqueous corrosion of iron  

Metallic iron (Fe
0
), also referred to as zero-valent iron, 

is highly prone to corrosion in aqueous media. Its corrosion 

occurs primarily through an electrochemical process, with 

anodic and cathodic components. The anodic reaction 

involves the dissolution of Fe
0
 (forming soluble ionic 

products or insoluble oxide/hydroxide) and is coupled with 

reduction of redox amenable species at the cathode. In 

natural waters, the primary components available for 

corrosion reactions are dissolved oxygen (DO) and water, 

with the former being thermodynamically favoured [3].  

C. Environmental reactivity 

During aqueous corrosion both Fe
0
 and Fe

2+
 are an 

active source of Fe
3+

(aq), H2 and various precipitates such as 

Fe(OH)2, Fe(OH)3, Fe3O4, Fe2O3, FeOOH, Fe5HO8·4H2O 

and green rusts. It is these corrosion reactions and the 

product(s) thereof which are responsible for the reductive 

transformation and/or physical removal (sorption or 

enmeshment) of exposed chemical species. As surface 

precipitated iron oxide/hydroxide is initially porous, the 

material can develop a “core–shell” structure during the 

early stages of reaction with both sorption (at the 

oxide/hydroxide) and chemical reduction (at the metallic 

iron oxide/hydroxide interface) able to occur simultaneously 

[4]. Consequently, Fe
0
 that is introduced to an 

environmental system (whether as granular or nZVI) will 

already have a film of surface oxide acquired directly after 

synthesis. Therefore, it is very clear that although this 

nanomaterial is referred to as being metallic, each particle 

exists in natural conditions with a thin but encapsulating 

layer of surface oxide ([5], [6]).  

D. Recognised mechanisms 

The most recognised mechanism by which Fe
0 

and Fe
2+

 

solid materials remove contaminants from groundwater is 

via chemical reduction, and typically requires the 

contaminant to be adsorbed or in close proximity (electronic 

range) of the iron surface. For the treatment of organic 

contaminants, such as chlorinated organics and 

polychlorinated biphenyls, removal generally occurs via the 

reductive degradation of the chemical, i.e. the contaminant 

is physically destroyed. In comparison, for the treatment of 

many heavy metals and radionuclides removal typically 

occurs via immobilization [7]. Considering the significant 

geochemical perturbation caused by nZVI injection, 

subsurface treatment zones are often highly metastable, and 

even a gradual reversion in groundwater conditions toward a 

pre-injection state may be enough for significant 

remobilisation to occur. This is a key issue which may limit 

the development of the technology.  
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II. SYNTHESIS OF NANOSCALE ZERO-VALENT 

IRON 

The most recognised mechanism by which Fe
0 

and Fe
2+

 

solid materials remove contaminants from groundwater is 

via chemical reduction, and typically requires the 

contaminant to be adsorbed or in close proximity of the iron 

surface. For the treatment of organic contaminants, such as 

chlorinated organics and polychlorinated biphenyls, removal 

generally occurs via the reductive degradation of the 

chemical, i.e. the contaminant is physically destroyed. In 

comparison, for the treatment of many heavy metals and 

radionuclides removal typically occurs via immobilization 

[7]. Considering the significant geochemical perturbation 

caused by nZVI injection, subsurface treatment zones are 

often highly metastable, and even a gradual reversion in 

groundwater conditions toward a pre-injection state may be 

enough for significant remobilisation to occur. This is a key 

issue which may limit the development of the technology.  

 

 

Fig.1 Transmission electron microscopy (TEM) images of 
different iron nanoparticles manufactured or purchased by the authors 

for this review. (A) nZVI synthesised by the reduction of aqueous 
Fe2+ using sodium borohydride [11]; (B) nanoscale magnetite, 

purchased from Sigma–Aldrich [12]; (C) NANOFER STAR, 

purchased from NANO IRON, s.r.o. [12]; (D) nZVI synthesised by 
the carbothermal reduction [12]; (E) nZVI synthesised by the 

reduction of aqueous Fe2+ usinggreen tea polyphenols [13]; and (F) 

nZVI synthesised by the reduction of aqueous Fe2+ usingsodium 
borohydride then annealed under vacuum (at least 10−6 mbar) at 500 

◦C for 24 hours [14]. 

 

The various synthesis techniques are discussed below: 

A. Thermal Reduction of Ferrous Iron 

The carbothermal reduction of ferrous iron has been 

investigated as a potential method for the manufacture of 

cheap and functional nZVI (Fig. 1D). The method regards 

the use of thermal energy and gaseous reducing agents (H2, 

CO2, CO, etc.) produced during the thermal decomposition 

of carbon-based materials (carbon black, carbon 

nanoparticles, hollow carbon, ultra-fine graphite powder, 

etc.) to drive the reduction of iron oxide nanoparticles or 

aqueous Fe
2+

 [12]. With high surface area carbon an 

extremely cheap and readily available material, it is a cheap 

method for the manufacture of various nZVI 

physicochemical forms.  

B. Electrolysis 

With the requirement of only Fe
2+

 salt solution, a 

conductive substrate, a direct current and a method to 

disperse electro-deposited nanoparticles, electrolysis 

represents an extremely simple, cheap and quick method for 

nZVI synthesis. The only issue is determining appropriate 

methods for the dispersion of newly formed metallic 

nanoparticles at the cathode. 

C. Synthesis from Polyphenolic Plant Extracts 

The most environmentally compatible process 

developed so far for the synthesis of nZVI is the reduction 

of Fe
2+

 using polyphenolic plant extracts (Fig. 1E). This 

method involves the preparation of a polyphenolic solution 

by heating specific plant extracts (coffee, green tea, lemon 

balm, sorghum bran, etc.) in water to near-boiling 

temperature, extracting the supernatant and mixing it with a 

Fe
2+

 solution [14]. 

 

III. OPERATIONAL DRIVERS FOR WASTEWATER 

TREATMENT 

The structure, geochemistry and hydrogeology of each 

polluted site are unique. Resultantly the strategy adopted for 

nZVI deployment must take into account various 

operational parameters. Variables that may be altered to 

optimise nZVI performance include the particle size range, 

mobility, reactivity and longevity, injection strategy and the 

material’s ecotoxicity.   

A. Size of nZVI 

By providing the highest surface area for reaction, 

the very smallest nZVI would provide the best performance 

for contaminant removal. However, there exists the 

possibility that at this size range (< 20 nm) the resultant 

particles are too reactive to be useful for in situ 

environmental applications, with reactive exhaustion likely 

to be achieved in a very short timescale. So, for achieving 

optimal nZVI performance at any given site, there is a 

conceptual play-off between the reactivity and longevity of 

the material.  

 

Fig. 2 Metallic iron content (%) and surface area (m2 g−1) calculated as a 
function of nanoparticle diameter. Both variables are calculated for 

perfectly spherical nanoparticles and are therefore not intended to directly 

represent empirical data. 
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B. Improving the Aqueous Mobility of nZVI 

Limited mobility of nZVI explained by three 

primary mechanisms: 

(i) particle aggregation and subsequent 

gelation caused by poor colloidal stability;  

(ii)  the formation of voluminous corrosion 

product precipitates from particle 

oxidation/corrosion; and 

(iii)  particle removal from solution by 

interaction with subsurface components 

[15].  

Various alternatives for improving the aqueous 

mobility of nZVI are 

1) Surfactants:  

Particle mobility and stabilisation may be improved 

through the use of surfactant and polymeric surface 

coatings. Applied to nZVI, the steric hindrances provided by 

such coating molecules counteract the electrical and dipolar 

attractions between particles and promote colloidal stability. 

This is only achieved when a sufficient mass of coating 

material or surfactant is present to form a complete micelle, 

resulting in its limited applicability.  

2) Polyelectrolyte coatings: 

As an alternative to surfactants, nZVI can be coated 

with high molecular weight polymers. Such an irreversible 

process provides a more appropriate method for increasing 

the hydraulic mobility of nZVI in subsurface systems. The 

polymer is physically or chemically grafted to the 

nanoparticle surface [16]. An additional benefit is that the 

polymer coatings may also act as an energy source to 

stimulate microbial activity, which may aid contaminant 

removal particularly in carbon limited environments. Two 

commonly studied materials are carboxymethyl cellulose 

and guar gum. Formed from cellulose and guar beans 

respectively, both polysaccharides are extremely cheap, 

non-toxic, natural water-soluble and biodegradable.  

3) Improving the Mobility of nZVI for Remediation of 

Non Aqueous Phase Liquids 

Researchers at the Kennedy Space Center (NASA) and 

the University of Central Florida have recently developed a 

new method for the treatment of non-aqueous phase liquids 

(NAPL) called “emulsified nZVI” (E-nZVI) [2]. It 

comprises of an agglomerate of nZVI particles packed into a 

droplet surrounded by surfactant and oil layer which forms 

an oil-liquid membrane. The hydrophobic membrane allows 

the dense NAPL to diffuse through, whereupon it undergoes 

reductive dechlorination by the E-nZVI in the aqueous 

phase. The protective membrane also allows the E-nZVI to 

move through the subsurface as a DNAPL, therefore 

improving its chances for DNAPL exposure; and operate in 

sites of high dissolved oxygen and/or salinity, with iron 

particles inside the membrane protected from corrosion. 

Encapsulating the nZVI in a hydrophobic membrane also 

protects the material from reactions with unwanted 

groundwater constituents such as inorganics that might 

otherwise act to decrease its reactive capacity.  

IV. CONCLUSIONS 

The global economy has experienced a nano boom over 

the past few decades. Theoretical and experimental 

evidences have proved nZVI to be highly versatile for 

wastewater treatment. Since the literature survey of different 

physicochemical forms of nZVI show discrepancies with 

respect to the testing parameters, a universal empirical 

testing framework is required. If a sound evidence of 

predictions of the operational drivers can be generated, 

nZVI will soon be at par with other wastewater remediation 

techniques. 
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Abstract-Actinomycetes are the most economically and 

biotechnologically valuable prokaryotes able to produce 

wide range of bioactive secondary metabolites. Around 23 

000 bioactive secondary metabolites produced by 

microorganisms have been reported and over 10 000 of these 

compounds are produced by Actinomycetes, representing 

45% of all bioactive microbial metabolites discovered. 

Studies have shown that Actinomycetes isolated from the 

marine environment are metabolically active and have 

adapted to life in the sea. As marine environmental 

conditions are extremely different from terrestrial ones  and 

also most potential source for isolation of Actinomycetes 

,marine soil is collected from less unscreened west- coast 

area of Arabian sea (Tithal)  and Salt pan region of  

Charwada , Valsad district of South- Gujarat region. A 

Physical and Chemical pretreatment of collected marine soil  

samples resulted into good isolation of 17 species belonging 

to the Actinomycetes group. These isolates were screened for 

the production of bioactive compounds  including enzymes 

such as amylase, gelatinase , caseinase, lipase and  urease. &  

antibacterial compounds. However, of the 17 isolates 

obtained only four isolates namely ACT-2, ACT-8, ACT-10 

and ACT-11 showed significant antibacterial activity against 

both tested gram-positive and gram-negative bacteria.  

 Key Words: Marine soil, Actinomycetes, pretreatment, 

enzymatic activity, antimicrobial activity. 

 

I.    INTRODUCTION 

he world ocean with a coastline of 312,000 Km and 

volume of 137 X 106 Km 3 , is the largest ecosystem 

on the earth. Marine microbes represent a potential source 

for commercially important bioactive compounds and 

their bioremediation capabilities are also remarkable. 

Many reports describe that in India, the East coast area is 

a major source of actinomycetes. However, only few 

reports are available pertaining to actinomycetes diversity 

in west coast of India. Actinomycetes forms the dominant 

and significant group among soil microbes.  

Actinomycetes  are Gram-positive, mycelium-forming 

soil bacteria, represents a ubiquitous group of microbes 

that are the most economically and biotechnologically 

valuable prokaryotes. They include many species that 

provide a potential source for novel products including 

pharmaceuticals, agrochemicals, enzymes  of industrial 

interest. As marine environmental conditions are 

extremely different from terrestrial ones, it is summarized 

that marine Actinomycetes have different characteristics 

from those of terrestrial counterparts and therefore might 

produce different types of bioactive compounds 

 

 

In view to the significance of marine ecosystems , the 

present study is aimed for isolation of actinomycetes  

using various pretreatment including enrichment , 

physical and selective medias with special focus on the 

production of bioactive compounds (enzymes) using 

specific medias & antibacterial compound by the isolates 

obtained. 

II.   MATERIALS AND METHOD 

A. Study area : 

The samples were  collected from 2 different marine   

environments, West- coast of  Arabian sea (Tithal), and 

Salt pan of   Charwada -Valsad district , India. 

 

B. Collection of soil samples:  

Twenty soil samples are collected quarterly from marine 

environments at a depth of 10-15 cm from soil surface 

and placed in sterile polythene bags, sealed tightly and 

brought to the laboratory  and  stored in refrigerator  at 

40C after labeling until further use.                                 

 

C. Pretreatment of sample: 

The soil samples are given a physical treatment. In 

physical treatment – 1gram soil sample is mixed with 

sterile 9.0 ml distil water , mix properly and  exposed  at 

high temperature of  700C  for 15minutes  to kill the 

contaminants .  

 

D. Enrichment  of  soil sample: 

In 250 ml conical flask 5ml of the Pretreated soil sample 

was added to the 50 ml of the Actinomycetes Isolation 

broth medium. The medium was supplemented with 

Nalidixic acid (50 μg/ml) and Amphotericin B (50μg/ml) 

concentration. The flask were incubated at 300 C for 07 

days. 

 

E. Isolation of Actinomycetes : 

Enrichment medium prepared for isolation of 

actinomycetes were plated on actinomycetes isolation 

agar medium / starch casein agar medium using 10 fold 

serial dilution & Spread plate technique . During media 

preparation antibacterial an antifungal antibiotics was 

added  to inhibit bacterial and fungal contamination, 

respectively. The plates were incubated at 300C for 07 

days. (Deshmukh,2011). During incubation, Plates were 

observed for the growth of typical actinomycetes colonies 

for up to 07 days.  

T 
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Isolated actinomycetes colonies obtained were purified 

and further identified morphologically by Gram staining 

based on Bergey’s Manual of  Systematic Bacteriology. 

Isolates so obtained were further subjected to screening of 

enzymatic and antibacterial activity. 

 

F. Screening of enzymatic activity: 

All the actinomycetes isolates were inoculated on suitable 

medium by streak/spot inoculation method in order to 

check different enzymatic degradative activities.The 

plates were incubated at 300C for 4-7days. The details of 

tests & results of enzyme activity obtained are given in 

table 2 and Chart 1. 

 

G. Screening of Antibacterial activity: 

All the actinomycetes isolates obtained were tested for 

their antibacterial   activity against several bacteria Gram- 

negative bacteria and Gram -positive   bacteria. Screening 

for antimicrobial activity of pure isolates was determined  

by perpendicular streak method using  Nutrient  Agar  

Medium. 

 

III. RESULTS AND DISCUSSION 

A total of 17 isolates were isolated from marine soil 

samples. The numbers of samples and isolates in each 

sample were presented in Table 1. 

Table 1 : Isolation of Actinomycetes from Marine soil samples 

 

 

Out of the 17 isolates, 09 isolates showed amylase,10 

isolates showed gelatinase , 08 isolates of caseinase,05 

isolates showed lipase and 07 isolates showed Urease 

production. The results of enzymatic activity are shown in 

Table 2. 

Among Antimicrobial activity, only  05 isolates were 

identified to showed   antibacterial activity against the 

selected test organisms. The results of which are shown in 

Table 3 and Colony characteristics of the 05 potential 

antibacterial actinomycetes are given in Table 4. 

 
Table 2 : Results for study of enzymatic activities of Actinomycetes 

 

 

 

 
 

 

Sr. 

No. 

Geographical 

location 

Types of 

sample 

Number 

of Isolates 

1 Valsad -Tithal 
Soil with 

water 
   08 

2 
Valsad-Salt pan 

Charwada 

Dry Soil 

sample 
   09 

1 Amylase 
Starch agar  

medium 

Clearing 

around the 

growth after 

flooding 

with 2% 

iodine. 

ACT- 

1,2,,4,5, 

6,7,10,11, 

13 

2 
Gelatinas

e 

Gelatin 

agar 

medium 

Clearing 

around the 

growth after 

flooding 

with 

Frazier’s 

reagent 

ACT-

1,2,4,5,7, 

8,9,10,11, 
15 
 

3 Caseinase 

Skimmed 

milk agar 

medium 

Clearing 

around the 

growth 

ACT- 

1,2,3,5, 
7,8,9,11 

 

4 Lipase 

Tributyren

e agar 

medium 

Clearing 

around the 

growth 

ACT- 

4,9,11, 

12, 13 

5 Urease Urea broth 

Pink 

coloration 

of urea 

broth 

ACT-

4,5,6,7, 

10,12 ,16 
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Table3. The results of  study of antibacterial activity of Actinomycetes isolates against the selected test organisms. 
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ACT-1 - - - - - - - - - - 

ACT-2 + - + + - + + - + + 

ACT-3 - - - - - - - - - - 

ACT-4 - - - - - - - - - - 

ACT-5 - - - - - - - - - - 

ACT-6 - - - - - - - - - - 

ACT-7 - - - - - - - - - - 

ACT-8 + + + + + + + + + + 

ACT-9 - - - - - - - - - - 

ACT-10 - - - - - - + + + - 

ACT-11 + - + - - + + + + + 

ACT-12 - - - - - - - - - - 

ACT-13 - - - - - - - - - - 

ACT-14 - - - - - - - - - - 

ACT-15 - - - - - - - - - - 

ACT-16 - - - - - - - - - - 

ACT-17 - - - - - - - - - - 

ACT-2 ACT-8 ACT-10 ACT-11 
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Table 4: Colony characteristics of these 05 potential antibacterial actinomycetes isolates. 

 

Actinomycet

es isolates 

 

      MS2       MS8     MS10     MS11 

Colony 

Characteristics 

  

 

 

 

 

Size Large Large Large Large 

Shape Irregular Round Round Round 

Surface Rough Rough Powdery dry 

Edge Wavy Irregular Irregular Irregular 

Elevation Convex Convex Raised Convex 

Consistency Leathery Tough Dry Tough 

Opacity Opaque Opaque Opaque Opaque 

Pigmentation 
Chalk 

White 
Chalk White Chalk white Chalk White 

Gram Staining 

Large rod shaped 

branched 

filamentous Gram 

positive bacteria 

Large cocci and 

rod shaped 

branched 

filamentous Gram 

positive bacteria 

Large cocci and 

rod shaped 

branched 

filamentous 

Gram positive 

bacteria 

Large rod shaped 

branched 

filamentous Gram 

positive bacteria 

 

 

IV. CONCLUSION 

Considering the outcome of the present findings, it was 

concluded that marine environment of west coast of India 

is  a rich source of  deriving economically important 

actinomycetes that  are able to produce  different 

bioactive compounds such as enzymes and antibacterial 

compounds and so are capable of degrading  numerous 

organic compounds as well as producing drugs used for 

treatment against pathogens. Identification of  potential 

actinomycetes  producing bioactive  compounds  to genus 

level and further studies along  these findings are 

underway. 
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Abstract—In order to visualize how visitors navigate on a web 

page, various tools and methods have been devised. In this 

paper we try to present a myriad of ways through which a 

visitors landing on a web page and subsequent movement from 

page to page can be analyzed in order to make a website more 

appealing to the customers. The discovery of hidden 

information from web log data is known as web usage mining. 

Accurate Analysis of Site Navigation is hence of prime 

importance, since it has a direct impact on the success of a 

website. Therefore the discovery of user's visiting behavior is 

aimed at achieving the architectural optimization of websites. 

Due to the increasing amount of data available online, the 

World Wide Web has becoming one of the most valuable 

resources for information retrievals and knowledge 

discoveries. Web mining technologies are the   right solutions 

for knowledge discovery on the Web. The knowledge extracted 

from the Web can be used to raise the performances for Web 

information retrievals, question answering, and Web based 

data warehousing. 

Keyw,ords—Web usage mining, optimization, data warehousing 

I.  INTRODUCTION  

ith the rapid development of the World Wide Web, 
there has been an unprecedented rise in the amount of 

data that is easily available for access resulting in significant 
changes in the way users access the web. Consequently 
there are changes in the architecture of the web as well as 
the services provided. It is vital for the web developers to 
optimize the site to attract as many users as possible. Web 
designers try to discover some hidden information, such as 
valuable patterns or potential understanding of some Web 
activities, association, visiting habits, and sequential 
relationship of users from log files. Thus, behavioral 
patterns of users can be identified through these effective 
analyses.  Web Data Mining is a technique used to crawl 
through various web resources to collect required 
information, which enables an individual or a company to 
promote business, understanding marketing dynamics, new 
promotions floating on the Internet, etc. There is a growing 
trend among companies, organizations and individuals alike 
to gather information through web data mining to utilize that 
information in their best interest. Web usage mining is the 
application of data mining techniques to discover usage 
patterns from Web data, in order to understand and better 
serve the needs of Web-based applications. Web usage 
mining consists of three phases, namely preprocessing, 
pattern discovery, and pattern analysis.  To truly utilize your 
website as a business tool web structure mining is a must. It 
will prove very useful to identify the relationship between 
Web pages linked by information or direct link connection  

II. RELATED WORKS 

A plethora of data mining techniques are available, both for 

web usage as well as web structure mining that help us 

optimize the web architecture. Association rules help in the 

discovery of pages that are visited together even if they 

aren’t connected directly, thereby revealing associations 

between users with a particular area of interest. This 

information can be used for example for adding links 

between those pages which are visited together and hence 

restructuring the website.  Sequence mining can be used for 

finding out the Web pages which are accessed consequently. 

Using this knowledge the trends of the activity of the users 

can be determined and forecast of the next visited pages can 

be computed. In Sequence Mining a so-called WAP-tree is 

used for storing the patterns efficiently. Besides applying 

data mining techniques other approaches are also used for 

discovering information. For example a probabilistic 

grammar-based approach, namely an Ngram model, can be 

used for capturing the user navigation behavior patterns. 

The Ngram model assumes that the last N pages browsed 

affect the possibility of determining the next page to be 

visited. Nevertheless Probabilistic Latent Semantic Analysis 

(PLSA) can be used to discover the navigation patterns. 

Using PLSA the hidden semantic relationships among users 

and between users and Web pages can be identified. 
 

III. WEB USAGE MINING 

Web usage mining predicts the behavior of the users while 

they are interacting with the World Wide Web. Web usage 

mining collects data from web log records to discover user 

access patterns of web pages. The applications generated 

from this analysis can be classified as: personalization, 

system improvement, site modification, business 

intelligence and usage characterization.  

 

 
 

The challenges involved in web usage mining could be 

divided in three phases: 

 

1. Preprocessing. The data received is noisy and 

inconsistent.. In this phase, the data available is 

treated as per the requirement of the next phase. It 

W 
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includes data cleaning, data integration, data 

transformation and data reduction. 

 

2. Pattern discovery. Several different methods and 

algorithms such as statistics, data mining, machine 

learning and pattern recognition could be applied to 

identify user patterns. 

 

3.  Pattern analysis: This process aims to understand, 

visualize and interpret these patterns. 

 

IV. WEB STRUCTURE MINING 

Web structure mining focuses on the hyperlink structure of 

the Web. The different objects are linked in some way. 

Simply applying the traditional processes and assuming that 

the events are independent can lead to wrong conclusions. 

However, the appropriate handling of the links could lead to 

potential correlations. Data relating to a search query can be 

thus directly pulled by a search engine to the linking web 

page directly from the web site the content rests upon to the 

linking Web page from the Web site the content rests upon. 

Structure mining uses minimize two main problems of the 

World Wide Web due to its vast amount of information. The 

first is irrelevant search results. The second is the inability 

to index the vast amount of information provided on the 

Web. This results in low amount of recollection with content 

mining. The main purpose for structure mining is to extract 

previously unknown relationships between Web pages. This 

structure data mining is a boon for businesses to link the 

information of their own Web site to enable navigation and 

gather information into site maps. Keyword association and 

content mining can be used to access the required 

information. 

 
 

 

V. VISITORS FLOW 

Visitors Flow represents the paths taken by visitors through 

a site, from the source, through several pages and finally 

where they drop off the site, via graphs. It comprises of 

nodes, indicating the metrics used such as countries, pages, 

group of pages etc. and the paths or connections from one 

node to another. 

Hence Visitors Flow helps us determine the number of 

visitors who drop off after the first, second, third etc. page. 

It is also very useful in the estimation of traffic pattern in 

general and comparing the amount of traffic from different 

sources. Moreover it’s a great tool for keyword analysis. For 

example, we might have a keyword that delivers a lot of 

initial traffic, but with many visitors dropping off after the 

first page itself whereas another keyword bringing in less 

initial traffic but visitors stay and view more pages.  

 

Drop off Rate: 

Drop off rates can be used to determine if visitors have 

problem viewing the pages. If a considerable drop off is 

noticed from one page, there is a problem with the page and 

it needs to be fixed. 

 

Bounce Rate: 

Unlike Drop off Rate, Bounce Rate only shows the number 

of visitors visiting only one page. A bounce is calculated as 

a single-page view or single-event trigger in a session or 

visit.So,a visitor that bounces has only seen a single page 

whereas a drop off can occur after a number of pages.  

 

The following situations qualify as bounces: 

- A user clicks on a link deep into a site sent to him, reads 

the information on the page, and leaves. 

- A user goes to a home page, looks around for a minute or 

two, and immediately leaves. 

- A user goes directly to a reference page on a site from a 

web search, leaves the page available in the browser while 

completing other tasks in other browser windows and the 

session times out. 

Visitors Flow helps us examine a number of content-related 

issues also, such as: A/B Testing 

If we are testing different versions of a web page, and each 

version has its own URL, we can determine which of them 

better fulfils purposes like enhancing site engagement, or 

funnelling traffic on to a desired page. 

Browser and Screen Resolution 

Browser or Screen Resolution can be used to determine if 

traffic is distributed among browsers or screen resolutions, 

and to check if there are any pages that experience an 

unusual drop-off with a particular browser or screen 

resolution. If we notice a considerable drop-off from a page, 

it might not be rendering properly in that browser or at that 

resolution. For example, our page may not be portrayed 

correctly on a mobile browser or at a smaller resolution, 

causing links or buttons to be unavailable or not easily 

visible. 

Path Analysis 

Path analysis comprises of determining if there are paths in 

our site that users particularly follow and if so, are those the 

paths we want traffic to follow? We may have a path in 

mind for our users like Home Page > Product Page > 

Shopping Cart > Checkout, we you may uncover a more 

popular path like Home > Product > Search > Search 

Results > Search > Search Results > exit. That unexpected 

path can indicate things like users not finding products they 

want, or your internal search not returning results that are 

helpful. 



International Conference on Multidisciplinary Research & Practice                           P a g e  | 352 
 

Volume I Issue VIII                                                                    IJRSI                                                                 ISSN 2321-2705 
 

You might also discover something like an unusually high 

drop-off from a new page you've introduced, like a new 

home page or new product page. Investigate whether the 

design of the new page might be obscuring the links or 

controls that lets traffic flow to the pages you want them to 

see next. 

 

VI. THE PAGE ANALYTICS CHROME EXTENSION 

It is a tool which came out at the end of June 2014. The 

Page Analytics Chrome Extension allows users to see how 

customers interact with their web pages, including what they 

click and don’t click. This information is used to optimize 

website layout and improve user experience. Google 

Analytics is a service offered by Google that generates 

detailed statistics about a website's traffic and traffic 

sources and measures conversions and sales. It's the most 

widely used website statistics service. Google Analytics 

metrics are Page views, Unique Page views, and Average 

time on page, Bounce Rate, and % Exit. Google Analytics is 

implemented with "page tags". A page tag, called the 

Google Analytics Tracking Code is a snippet 

of JavaScript code that the website owner adds to every 

page of the website. The tracking code runs in the client 

browser when the client browses the page and collects 

visitor data and sends it to a Google data 

collection server as part of a request for a web beacon. 

 
 

 

 

        CONCLUSION 

 

The increasing ubiquity of Internet access and the frequency 

with which people interact with it raise the possibility of 

using the Web to better observe, comprehend and monitor 

several aspects of human behavior. Frequent Access Path 

recognition through web usage and web structure mining is 

hence an unprecedented part of E-commerce. It provides a 

pathway of devising marketing strategies and product 

offerings, mass communication and personalization and 

Web site adaptation. We present the Page Analytics Chrome 

Extension that allows one to optimize the website layout and 

enhance user experience by monitoring customer’s 

interaction with the web pages. We have also thrown light 

upon the various algorithms that can be used to determine 

and understand the way users navigate the Web. 

Nevertheless we also tried to identify the fall backs in a web 

page that lead to drop off of a user from a certain page. 
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Abstract— In any Industry or Plant the data acquisition and its 

communication is very important factor for the maintenance of 

the plant. This data give the information regarding the current 

status of the running plant and by manipulating of this data one 

can control the component of the plant. This paper describes the 

industrial data acquisition and communication using GSM 

module with user interface. It is data logger which can be used 

for the plant monitoring and controlling using GSM 

communication. Our objective of the work is to provide an 

approach that helps to monitoring the running plant by 

collecting the current data and give controlling output as 

feedback to plant. This system is closed loop system which 

include embedded microcontroller and also provide user 

interface through LABVIEW module. Sensors which are 

generally used in plant are part of the system which provides the 

interface to real plant environment. So Controller system 

comprises processor module. GSM module, sensors, memory 

device. 

 
Keywords— data communication system , LM 3S8962(CORTEX 

M3),sensor interface, GSM 

I. INTRODUCTION 

In current scenario, various sensors of plant are connected to 

the PLC for the data communication and PLC is programmed 

such that it gives controlling output according to the threshold 

value of sensors. In this if the value of sensor is below or above 

the threshold value then it gives the respective output. This 

output is nothing but the controlling output from the PLC 

which gives signal to controlling device like valve or alarm etc. 

Also SCADA provide the Graphical user interface to the PLC 

unit so that any person can see the process graphically with the 

help of SCADA. In Plant, SCADA and PLC are connected to 

each other which make a whole system for data 

communication and its controlling. There are various types of 

PLCs are available in the market. The selection of the PLC can 

be done as per the requirement of number of input and output 

associated with the plant. 

A. Technical Background 

 

The industrial plant have many type of Analog data like 

temperature sensor, level sensor, flow meter, pressure sensors 

etc. So in plant this type of data should be analyzed and then 

Processed to achieve some specific action regarding it. The 

data can be processed with the embedded processor. The 

embedded processor must be programmed such that the data 

can process and give the require output. This system is a data 

logger for the plant data which has embedded processor as 

central unit which has power to manipulating it. It has various 

facility like online data logging and offline data logging. The 

intension of the project is to communicate the industrial data 

(temperature sensor, level sensor, flow meter etc.) between 

plant and embedded processor.  Embedded processor control 

various activities like sensor data communication, data storing 

and controlling signal regarding the sensor data. These 

systems have the global communication capability using GSM 

data communication with mobile handset device. So data can 

also communicated to mobile handset via SMS service. Also 

controlling signal can be send through mobile handset for 

controlling purpose. The system has online data logging which 

is nothing but the pc interfacing to system which result the 

data acquisition in personal computer. These systems also 

provide offline data logging with micro SD card interfacing so 

that data can be stored in it 

B. Proposed Solution 

 

Our approach is to replace this PLC Module with the 

embedded processor (EKK LM3S8962) and SCADA interface 

can be replaced by LABVIEW designed GUI software to 

provide data communication with low cost.  

C. Organization of the Paper 

  
In section II, proposed solution is provided for this system. 

The hardware and software description is provided in section 

III 

 

II. PROPOSED SOLUTION 

 

The system comprises of component like central 

processing unit, interfacing unit , communication unit, power 

supply where in central processing unit includes LM 3S8962 

embedded processor, interfacing units includes sensors and 

relays and communication unit includes  PC interface port 

.sensor provide the real world interface which provide analog 

output. This analog output is analyzed and gives respective 

output based on the programing of the embedded processor. 
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Figure 1. Block Diagram of system 

 

 

III. IMPLEMENTATION 

 
A. Hardware Implementation 

 

1. Microcontroller EKK LM3S8962 

 

These embedded processors have very fast 

processing speed. LM 3S8962 have many features like 32-bit 

RISC processor, 41 general purpose input output, internal 

memory 256KB  flash and 64KB SRAM , 16-bit timers are 

available, supports UART, SSI, I2C, CAN and ETHERNET 

communication, JTAG interface,  three blocks of PWM block 

and various other features regarding the fast interrupt control.   

 

Figure 2. Schematic of LM3s8962 

    The development board of LM3S8962 contain various 

inbuilt interface which includes ETHERNET port, JTAG 

interface for the debugging of the microcontroller, SD card 

interface by SSI protocol, controller area network (CAN) 

protocol and micro USB for the programming to the 

microcontroller. 

 

Figure 3. Evaluation board of Lm3s8962 

2. Sensor interface: 

 

   This system provides the real world interface through 

various sensors. This sensor provides the information 

regarding the plant environment in the form of analog 

output. In this system two sensors are interface like 

temperature sensor (LM 35) and humidity sensor to sense 

the humidity. 

 

 

 
 

Figure 4. LM 35 & humidity sensor 

 

 

 These sensors are interface to the microcontroller 

board through analog pin of board. In processor inbuilt 
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analog to digital convertor is given which convert analog 

data into digital data. This inbuilt ADC is of 10 bit which 

gives 1024 levels of digital data. 

 

3. Offline data logging: 

 

     A SD card is connected to the system for the offline data 

acquisition. It is connected to the embedded processor 

through serial communication protocol. Data of plant is 

being stored in SD card. The sensor sends data with the 

period of 1 second into the SD card and it stored the values 

into the .xls format and also one can store the data in .txt 

format. The system is program in such a way that the file of 

data storage getting name as real time and date.  

 

 
 

Figure 5. SD Card Interfacing 

 

4. GSM module 

 

     A GSM modem is a specialized type of modem which 

accepts a SIM card, and operates over a subscription to a 

mobile operator, just like a mobile phone. From the mobile 

operator perspective, a GSM modem looks just like a 

mobile phone. When a GSM modem is connected to this 

system, this allows the system to use the GSM modem to 

communicate over the mobile network.  While these GSM 

modems are most frequently used to provide mobile 

internet connectivity, many of them can also be used for 

sending and receiving SMS and MMS messages. When 

system finds any critical situation during its operation then 

GSM module send an alert SMS to the concern person. 

 

 
  

Figure 6. GSM Module SIM900 

 

 

    Problems: 

 In initial stage we faced problem associated with message 

sending command (“\A” or its ASCII). We solved this problem 

by referring the national instruments forum. 

 

  Another difficulty during SD card interfacing.SD card 

and          LCD connected on same SSI (synchronous serial 

interface) bus on developer board. So it did not write data on 

SD card. This problem solved by giving using suitable chip 

select signal. 

 

 

B. Software Implementation 

 

1. LABVIEW software: 

 

LABVIEW (short for Laboratory Virtual Instrument 

Engineering Workbench) is a system-design platform and 

development environment for a visual programming 

language from National Instruments. LABVIEW is a 

programming language which provides the graphical user 

interface and use to program the system as per the 

requirement. LABVIEW is commonly used for data 

acquisition, instrument control, and industrial 

automation on a variety of platforms including Microsoft 

Windows, various versions of UNIX, Linux, and Mac OS 

X.  

The programming language used in LABVIEW, also 

referred to as G, is a dataflow programming language. 

Execution is determined by the structure of a graphical 

block diagram (the LABVIEW-source code) on which the 

programmer connects different function-nodes by drawing 

wires.  

        In this system LABVIEW provide the graphical user 

interface to analyses the industrial data and give the 

defined output. Below flow chart explain the whole 

process of this system. 
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Figure 7. Flow chart 

 

The system is interface with sensors having analog 

output. the data from sensor is converted into digital data 

through analog to digital convertor and stored into SD card 

and it also display on GUI in LABVIEW. Sensor data is 

continuously check and if the value of data goes above the 

threshold value then an alert SMS is send to the concern 

person in the plant and take appropriate action. 

 
 

IV.  RESULTS 

 

              The  below GUI  represent the sensor values in which 

“sensor 0” represent the ADC level of the sensor data and 

“temp in C”-Represent the temperature in Celsius. 

             When the value of sensor data goes above the 

threshold value then it gives alert message in “string”. This 

alert message is also send to concern person through GSM 

module so that appropriate action can be taken. 

 

 
 

Figure 8. GUI 

 

This system stores the sensor data into excel file with name 

same as present date and time which shown as below. 

 

 
Figure 9. SD Card data 

 

When value of sensor data goes above the threshold value 

then an alert sms is send to the respective authority supervisor. 

 

 
 

 
Figure 10.  Alert sms 

 

V.  CONCLUSIONS 

 
This project is aimed for the Industrial data 

acquisition, communication and its controlling at low cost.  

The cost and complexity of the system is very less and it is 

effective due providing the user interface through LABVIEW 

software. The proposed system gives the power to manipulated 

the plant data and controlling it. It also provide the global 

connectivity through GSM through which supervisor can 

control the system with the help of SMS service. In this 

supervisor need to send the command through SMS and 

according action will be taken in the system. System also 

connected to the personal computer to provide the GUI 

interface and also data acquisition in it so user can easily 

access the data through personal computer. Also data can be 

stored into the SD card so that analysis of data can be done in 

future. 

             This system can provide the user interface with data 

communication and its acquisition so due to that controlling of 
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various devices in plant can be done. The system provide all 

these features in cost effective manner and due to fast 

computing of the embedded processor required analysis can be 

done very fast. For the future expansions more of sensor 

interface can be increased with external ADC interface to 

microcontroller. 

            This system is work on 0-3.3V so for the use of this 

system in industry, power supply module is designed in such 

way that it can reject the external noise around the system 

provide noise proof output 0-3.3V. 
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Abstract— Ultrasonic velocities (u) and densities(ρ) of  mixed 

electrolytes : NaBr + NaCl, KBr + KCl,  NaBr + NaNO3, KBr + 

KNO3, CH3COONa + NaNO3 and CH3COOK + KNO3 in 

Formamide (non – aqueous solvent)  have been measured at a 

constant frequency of 10 M Hz at 298.15 K.. Acoustical 

parameters, such as, apparent molar compressibility (Фk), inter 

molecular free length (Lf), specific acoustic impedance (Z), 

solvation number (Sn) and relative association constant (RA) 

have been obtained are computed to assess the ion-solvent and 

ion – ion interaction in these solutions. It is found that the 

interactions depend on concentration, ionic size and nature of 

metal ion. Ions behave as structure breaker for the associated 

clusters of solvent molecules, especially in dilute solution, as 

evidenced from the trend in the solvation number with 

molarity. It is also found that the strength of ion-dipole 

interaction in non aqueous solution of the metal ion is also 

dependent on concentration of the solution. 

Keywords --  ultrasonic velocities, inter-molecular free length, 

adiabatic compressibility, apparent molar compressibility, specific 

acoustic impedance and solvation  number. 

I. INTRODUCTION 

ixed electrolytes are very important as they are found 

in numerous processes in chemical industry. They 

occur in enormous quantities in the water of ocean and play 

an important role in the physiological process of body fluids 

and cell equilibria. 

From the survey of literature, it appears that no ultrasonic 

studies on the mixed electrolyte systems vis-à-vis ion-solvent 

and ion-ion interactions in purely non-aqueous media have 

been reported so far.   

         It has been known that the di-electric constant of the 

medium plays a very important role concerning the 

behaviour of electrolytes in the solutions1. The solvent 

formamide is unusual in its properties, in that it is strongly 

self-associated through extensive network of hydrogen-

bonds2,3 and it’s di-electric constant and  dipole moment 

(=109.5 and D= 3.68 at 298.15K)1 are very high. With this 

aim in view comprehensive studies on the determination of 

densities and ultrasonic velocities of some uni-univalent 

mixed electrolytes viz: : NaBr + NaCl, KBr + KCl,  NaBr + 

NaNO3, KBr + KNO3, CH3COONa + NaNO3 and 

CH3COOK + KNO3, in Formamide, an aprotic solvent, have 

been undertaken. The main thrust of this study is to examine 

the acoustic behaviour and other parameters of the above 

uni-univalent mixed electrolytes systems. 

Application of acoustic methods have showed extensive 

possibility in the fields of solution chemistry, physical 

chemistry, biochemistry, chemical engineering and process 

control for a fundamental understanding of many phenomena 

in solutions and liquid systems 11,12.  

It is also possible to estimate the solvation numbers of the 

electrolyte solutions from the molar compressibility value at 

infinite dilution. Metal ions play an important role in 

chemical and biological systems so the solvation of ions in 

these systems is a key issue to understand the chemical and 

dynamical processes 13,14.  

 Propagation of the sound wave perturbs the equilibrium 

between solute and solvent molecules and relaxation process 

are setup leading to excess absorption of the sound wave. 

Endo et al. 15 studied the ultrasonic velocity of electrolytes 

of high solubility and showed a decrease in the absorption 

with increase in concentration. Ultrasonic velocity 

parameters were used to study interactions in Binary 16- 17 

and ternary 18 systems, as well as the ion-solvent and inter 

ionic interaction in aqueous 19 , mixed aqueous 20 and non 

aqueous 21 systems.  

 Bhat and Shiva Kumar 14 studied on acoustic behaviour of 

potassium thiocyanate in aqueous and various non-aqueous 

solvents and determined the values of apparent molar 

compressibility (Φk), apparent molar volume (Φv) and 

limiting apparent molar compressibility (Φ0k), limiting 

apparent molar volume (Φ0v) . The ion – ion and ion- 

solvent interactions have been discussed in terms of these 

parameters.  

The review of literature on acoustical studies of solutions 

reveal that the ultrasonic velocity data as such do not provide 

significant information about the native and relative strength 

of various types of inter molecular and  inter- ionic 

interactions between components. Hence in present study, 

their derived parameters of  non  aqueous solutions of mixed 

electrolytes such as  adiabatic compressibility (βad), apparent 

molar  compressibility (Фk), inter molecular free length (Lf), 

specific acoustic impedance (Z), solvation number (Sn) and 

relative association constant (RA) have been calculated to 

give more emphasis on such interactions.  

 With this aim in view, ultrasonic studies of aqueous 

solutions of mixed electrolytes have been undertaken in the 

light of the following aspects: 

1. Determination of ultrasonic velocities at a constant 

frequency of 10 M Hz and a constant temperature 298.15 K, 

of  the following uni-uni valent mixed electrolytes in non 

aqueous (formamide)  mixture : NaBr + NaCl, KBr + KCl,  

NaBr + NaNO3, KBr + KNO3, CH3COONa + NaNO3 and 

CH3COOK + KNO3 Determination of the values of various 

acoustic parameters, viz; Adiabatic Compressibility (βad), 

M 
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Apparent Molar Compressibility (Φk), Inter Molecular Free 

Length (Lf), Specific Acoustic Impedance (Z), solvation 

Number (Sn) and Relative Association Constant (RA). 

2. Ascertaining the nature of ion-solvent and ion- ion 

interactions in terms of acoustic parameters.  

 

II.EXPERIMENTAL 

 

            All the chemicals used were of AR grade and were 

used as such without further purification. The digital 

electronic balance (Metteler) with accuracy ± 0.1 mg, was 

used for the mass determination. The ultrasonic velocity 

measurements were recorded on a multi-frequency ultrasonic 

interferometer (M-83; Mittal Enterprises, New Delhi) at 

298.15 K by using a cell of 10 MHz frequency. . The 

solutions of electrolytes were prepared in formamide (A. R. 

Grade) 

 

The various acoustic parameters were determined as below: 

β ad = 1 / u
2 
ρ                                                         -------     (1) 

Z = u . ρ                                                      -------     (2) 

Lf = K (β ad) 
½                                                                                

  -------     (3) 

Φk = 1000/ C . ρ 0 (β ad ρ 0 – β0 ad ρ) + M. β0 ad / ρ 0  -------      

(4) 

RA = ρ/ ρ0 . (u0 / u) 
1/3

                                          -------      (5) 

Sn   = n1/ n2 [1- βad / β0 ad]                                 -------        (6) 

 

In the above relationships, u and ρ are the ultrasonic velocity 

and density of the solution respectively. ρ, ρ0 and  βad , β0 ad 

are the density and adiabatic compressibility of the solution 

and solvent respectively. M is the molecular weight of the 

solute and C is the molar concentration of the solution. K is 

the Jacobson constant (temperature dependent constant), Z is 

the acoustic impedance, Sn is solvation number , n1 and n2 

are the no. of moles of solvent and solute respectively.  

 

III. RESULTS AND DISCUSSION 

 

  The densities (ρ), ultrasonic velocities (u) and other 

acoustic parameters of non aqueous solutions of the mixed 

uni-univalent electrolyte systems (in all the three mixed 

electrolyte sets : (NaBr + NaNO3, KBr + KNO3)  

(CH3COONa + NaNO3, CH3COOK + KNO3) and (KBr + 

KCl and NaBr + NaCl ) anion is common only cation gets 

changed,  have been determined as a function of fraction of 

ionic strength (y) due to the first electrolyte in the mixture of 

two electrolytes of constant ionic strength, µ = 1.0 Table 1& 

2 shows that the ultrasonic velocity (u) increases with y in 

the following mixed electrolyte systems: NaBr + NaNO3, 

KBr + KNO3 , KBr + KCl and NaBr + NaCl.  The increase in 

ultrasonic velocity (u) with y may be due
17 

the structure 

making properties of the first electrolyte in these mixed 

systems. CH3COONa + NaNO3, CH3COOK + KNO3,  it 

decreases with y. The increase or decrease in ultrasonic 

velocity (u) with y may be due
12

 the structure making or  

braking properties of the first electrolyte in these mixed 

systems.  

βad  is a measure of intermolecular association or dissociation. 

It also determines the orientation of the solvent molecules 

around the solute molecules. A perusal of Tables 33-50 

shows that the adiabatic compressibility βad of all the uni-

univalent electrolyte solutions are found to be less than that 

of pure formamide which is in agreement with the previous 

workers
5.
 Further, it is seen that the βad of the mixed systems: 

KBr + KCl, KBr + KNO3, decreases with y. However, in 

case of mixed electrolyte systems: CH3COONa + NaNO3, 

NaBr + NaCl, CH3COOK + KNO3, and NaBr + NaNO3,  βad 

increases with y. The decrease or increase in βad with y may 

be attributed
4,6  

 

to the structure making or breaking properties of the first 

electrolyte in these mixed systems.  

Ultrasonic waves are high frequency mechanical waves. 

Their velocities in medium depend inversely on 

compressibility of the medium reported by Hykes et al 
23 

 . 

The rapid decrease of adiabatic compressibility, with 

increase of first electrolyte concentration, clearly indicates 

the formation of a large number of tightly bound systems. 

Since the velocity increases with concentration and the 

density does so, the compressibility must decrease with 

increase in concentration. Such reduction in compressibility 

has been found in the solution due to solute molecules. The 

decreased compressibility brings the molecules to a closer 

packing resulting in a decrease of intermolecular free length 

which is evident from the Lf value. 

A perusal of Tables, shows that, at lower concentration of 

KBr in the mixture of KBr + KCl, KBr + KNO3 the 

molecules are not closer and thus inter molecular free length, 

Lf  is high. But as the concentration of KBr in mixed non- 

aqueous solution increases, the molecules come closer and 

solvent- solvent interaction will exist, thereby decreasing the 

Lf and hence internal pressure decreases.  

A continuous decrease in βad or Lf is a clear evidence for the 

existence of strong interactions. Such strong interaction may 

be due to dipole- dipole, ion - dipole, H-bonding, etc. In 

other mixed electrolyte system the value of Lf increases with 

increase in concentration of first electrolyte, which reflect the 

poor interaction. 

A perusal of Tables , shows that the acoustic impedance (Z) 

increases with y in the mixed electrolyte systems: KBr + KCl, 

KBr + KNO3, however in mixed electrolyte systems:  

CH3COONa  +  NaNO3, NaBr + NaCl and CH3COOK + 

KNO3 and NaBr + NaNO3, mixed electrolyte systems the 

acoustic impedance decreases with y. The increase in the 

value of acoustic impedance (Z) with y supports 
25

 the 

structure making property of the first electrolyte in these 

mixed electrolyte systems, while decrease in Z with y 

supports
6
 the structure breaking property of the first 

electrolyte in these mixed systems. which indicates that there 

is a significant interaction between ion- ion and ion- solvent 

molecules which considerably affect the structural 

arrangement. The increase in the values of specific acoustic 

impedance, Z with increasing KBr concentration, can be 

explained on the basis of lyophilic interaction between the 

solute – solute and solute- solvent molecules, which 

increases the intermolecular distance, making relatively 

wider gaps between the molecules and becoming the main 

cause of impedance in the propagation of ultrasonic waves. 

Mehrotra  [26,27],  

 A perusal of Tables shows that in the mixed electrolyte

 systems: CH3COONa + NaNO3, CH3COOK + 

KNO3  the relative association constant (RA) decreases with y 
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(at ionic strength  = 1.0), signifies
6
 a decrease in the 

solvation of the first electrolyte in these mixed systems. 

However, in the mixed systems: NaBr + NaNO3, KBr + KCl, 

KBr + KNO3, NaBr + NaCl,  it is seen that relative 

association constant (RA) increases with y which signifies
6
 an 

increase in solvation of  the first electrolyte in these mixed 

systems. 

The apparent molar compressibility (Фk) has been calculated 

from ultrasonic velocity (u) and density (ρ ) data (at  ionic 

strength Ф=1.0 and 2.0). For a single electrolyte system the 

concentration-dependence of the apparent molar 

compressibility (Фk) is given by the following relation
28

  

   

Фk = Ф
0

k + Sk . y       

 

A perusal of this Table shows that the values of  are 

negative in mixed systems: NaBr + NaNO3, CH3COONa + 

NaNO3, NaBr + NaCl, KBr + KNO3, CH3COOK + KNO3, 

and which signify 7, 29 the loss of compressibility of the 

surrounding formamide molecules due to strong 

electrostrictive forces in the vicinity of ions of mixed 

electrolyte systems causing electrostrictive solvation of the 

electrolytes. However in the mixed systems: KBr + KCl, the 

values of k are found to be positive. (NaBr + NaNO3, KBr + 

KNO3)  (CH3COONa + NaNO3, CH3COOK + KNO3) and 

(KBr + KCl and NaBr + NaCl) 

 The solvation number, Sn has been calculated as a function 

of y (at the ionic strength =1.0) and the values of Sn have 

been presented in Tables 33-50. It is seen that in the mixed 

systems: KBr + KCl and KBr + KNO3 the values of Sn 

increases with y which indicate
8
 the decrease in ion-ion 

interactions. However in the mixed systems: CH3COONa + 

NaNO3, NaBr + NaCl, CH3COOK + KNO3   and NaBr + 

NaNO3 decrease in the values of Sn with y signify
8
 the 

increase in ion-ion interactions. A perusal of Table shows 

that for all the mixed electrolyte systems containing K
+
 & Na

 

+ 
the values of Sn, lies between 0-3. These results are 

supported by the values of Sn reported in literature
21

. Further 

the values of Sn increases with increase in the concentration 

of KBr in KBr + KCl, KBr + KNO3.  

 

CONCLUSION 

A survey of authors` scientific investigations in the field 

ultrasound velocity measurements in electrolyte solutions 

and various liquid systems is presented. 

Out of all electrolytic combinations KBr + KNO3 and KBr 

+KCl is showing different behaviour. Hence KBr is playing 

key role in changing the physical properties of mixture 

solution, Various acoustic parameters; viz. specific acoustic 

impedance, Z, apparent molal compressibility, Φk and 

solvation number, Sn increase, while adiabatic 

compressibility, βad inter-molecular free-length, Lf  and 

relative association  number , RA decreases with increase in 

concentration of KBr, irrespective of the total concentration 

of the solution and the second electrolyte taken in the mixed 

electrolyte system. 

At any given concentration, the different acoustic parameters 

increases or decreases, this indicates the structure promoting 

nature of K
+
 and Na

+
 is balanced and subdued by the 

presence of different anions consistent with the behavior of 

anion disrupting the hydrogen bonded structure of 

formamide. 
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Table: Densities(ρ), ultrasonic velocities (u) and other acoustic parameters of  mixed electrolyte systems in formamide solution as a function of the fraction of ionic 

strength(y) due to the first electrolyte in the mixture of two electrolytes at constant ionic strength, µ= 1.0 at temperature 298.15 K 

NaBr + NaNO3  MIXED ELECTROLYTE SYSTEM 

 

 

S.NO. Mixed    ρ u 10
-5
 βad1012          Z 10

-4
 Lf k


 RA Sn 

  Electrolyte 
gm c.c

-

1
 

cm sec
-

1
 cm

2 
dyne

-1
 gm.cm

-2
sec

-1
 Å cm

2
mol

-1
     

1 0 .0 + 1.0 1.1849 1.6460 31.15 19.50 0.3488 -184.73 1.04 2.06 

2 0.05 + 0.95 1.1854 1.6440 31.21 19.49 0.3492 -177.56 1.04 2.02 

3 0.1 + 0.9 1.1860 1.6420 31.27 19.47 0.3495 -170.66 1.04 1.97 

4 0.2 + 0.8 1.1870 1.6360 31.48 19.42 0.3506 -147.29 1.04 1.82 

5 0.25 + 0.75 1.1875 1.6336 31.56 19.40 0.3511 -138.09 1.04 1.76 

6 0.3 + 0.7 1.1903 1.6244 31.84 19.34 0.3527 -105.08 1.05 1.56 

7 0.5 + 0.5 1.1924 1.6180 32.03 19.29 0.3537 -81.64 1.05 1.42 

8 0.75 + 0.25 1.1929 1.6120 32.26 19.23 0.3550 -57.44 1.05 1.26 

9 0.8 + 0.2 1.1935 1.6108 32.29 19.22 0.3552 -53.57 1.05 1.24 

10 0.9 + 0.1 1.1945 1.6088 32.35 19.22 0.3555 -45.2 1.05 1.19 

11 0.95 + 0.05 1.1950 1.6080 32.36 19.22 0.3556 -43 1.05 1.19 

12 1.0 + 0.0 1.1956 1.6064 32.41 19.21 0.3558 -37.13 1.06 1.15 

13 Pure Solvent 1.134 1.6100 34.02 ------- ------- ------- ------- ------- 
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KBr + KNO3  MIXED ELECTROLYTE SYSTEM 

   
S.NO. Mixed  ρ u 10

-5
 βad1012          Z 10

-4
 Lf k


 RA Sn 

  Electrolyte gm c.c
-1
 cm sec

-1
 

cm
2 
dyne

-

1
 

gm.cm
-

2
sec

-1
 Å cm

2
mol

-1
     

1 0 .0 + 1.0 1.1871 1.6296 31.72 19.35 0.3520 -86.00 1.04 1.63 

2 0.05 + 0.95 1.1882 1.6288 31.72 19.35 0.3520 -86.60 1.04 1.63 

3 0.1 + 0.9 1.1893 1.6285 31.71 19.37 0.3519 -88.23 1.04 1.64 

4 0.2 + 0.8 1.1916 1.6270 31.70 19.39 0.3519 -90.76 1.05 1.65 

5 0.25 + 0.75 1.1928 1.6263 31.70 19.40 0.3519 -91.66 1.05 1.65 

6 0.3 + 0.7 1.1939 1.6255 31.70 19.41 0.3519 -92.29 1.05 1.65 

7 0.5 + 0.5 1.1985 1.6225 31.70 19.45 0.3519 -95.35 1.05 1.65 

8 0.75 + 0.25 1.2048 1.6195 31.65 19.51 0.3516 -105.81 1.06 1.69 

9 0.8 + 0.2 1.2054 1.6188 31.66 19.51 0.3517 -103.94 1.06 1.68 

10 0.9 + 0.1 1.2077 1.6173 31.66 19.53 0.3516 -105.47 1.06 1.68 

11 0.95 + 0.05 1.2086 1.6165 31.66 19.54 0.3517 -105.47 1.06 1.68 

12 1.0 + 0.0 1.2097 1.6176 31.59 19.57 0.3513 -113.10 1.07 1.73 

13 Pure Solvent 1.134 1.6100 34.02      ----------     -----    --------- ---------    ------ 

  
NaBr + NaCl  MIXED ELECTROLYTE SYSTEM 

  S.NO. Mixed  ρ u 10
-5
 βad1012          Z 10

-4
 Lf k


 RA Sn 

  Electrolyte gm c.c
-1
 cm sec

-1
 cm

2 
dyne

-1
 gm.cm

-2
sec

-1
 Å 

cm
2
mol

-

1
     

1 0 .0 + 1.0 1.1657 1.6776 30.48 19.56 0.3451 -273.60 1.01 2.56 

2 0.05 + 0.95 1.1672 1.6712 30.68 19.51 0.3462 -251.44 1.02 2.41 

3 0.1 + 0.9 1.1687 1.6708 30.65 19.53 0.3460 -252.28 1.02 2.43 

4 0.2 + 0.8 1.1717 1.6637 30.83 19.49 0.3471 -229.96 1.02 2.30 

5 0.25 + 0.75 1.1732 1.6566 31.06 19.44 0.3483 -204.80 1.02 2.13 

6 0.3 + 0.7 1.1747 1.6564 31.03 19.46 0.3481 -205.64 1.03 2.15 

7 0.5 + 0.5 1.1807 1.6424 31.40 19.39 0.3502 -160.00 1.03 1.88 

8 0.75 + 0.25 1.1881 1.6208 32.04 19.26 0.3538 -84.93 1.05 1.42 

9 0.8 + 0.2 1.1896 1.6136 32.29 19.20 0.3551 -57.77 1.05 1.24 

10 0.9 + 0.1 1.1926 1.6132 32.22 19.24 0.3548 -60.45 1.05 1.29 

11 0.95 + 0.05 1.1941 1.6065 32.45 19.18 0.3560 -35.20 1.05 1.12 

12 1.0 + 0.0 1.1956 1.6064 32.41 19.21 0.3558 -37.13 1.06 1.15 

13 Pure Solvent 1.134 1.6100 34.02      ---------- 
    -----
----    --------- ------- 

   ----
--- 

   
  

KBr + KCl  MIXED ELECTROLYTE SYSTEM 
   S.NO. Mixed  ρ u 10

-5
 βad1012          Z 10

-4
 Lf k


 RA Sn 

  Electrolyte 
gm 
c.c

-1
 

cm 
sec

-1
 

cm
2 

dyne
-1

 
gm.cm

-

2
sec

-1
 Å 

cm
2
mol

-

1
     

1 0 .0 + 1.0 1.1741 1.5920 33.61 18.69 0.3623 62.38 1.04 0.29 

2 0.05 + 0.95 1.1758 1.5930 33.51 18.73 0.3618 53.94 1.04 0.37 

3 0.1 + 0.9 1.1776 1.5945 33.40 18.78 0.3612 44.20 1.04 0.44 

4 0.2 + 0.8 1.1812 1.5972 33.19 18.87 0.3600 25.75 1.04 0.60 

5 0.25 + 0.75 1.1830 1.5990 33.06 18.92 0.3594 14.01 1.05 0.69 

6 0.3 + 0.7 1.1848 1.5999 32.97 18.96 0.3589 6.27 1.05 0.75 

7 0.5 + 0.5 1.1920 1.6050 32.57 19.13 0.3567 -28.66 1.05 1.04 

8 0.75 + 0.25 1.2010 1.6110 32.08 19.35 0.3540 -71.33 1.06 1.39 

9 0.8 + 0.2 1.2028 1.6125 31.97 19.40 0.3534 -81.07 1.06 1.46 

10 0.9 + 0.1 1.2064 1.6155 31.76 19.49 0.3522 -99.52 1.06 1.61 

11 0.95 + 0.05 1.2082 1.6172 31.65 19.54 0.3516 -109.26 1.06 1.69 

12 1.0 + 0.0 1.2097 1.6176 31.59 19.57 0.3513 -113.10 1.07 1.73 

13 Pure Solvent 1.134 1.6100 34.02 
     ------
---- 

    -----
--- 

   --------
- 

   -----
--- 

   ---
--- 
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CH3COONa + NaNO3  MIXED ELECTROLYTE SYSTEM 

   S.NO. Mixed  ρ u 10
-5
 βad1012          Z 10

-4
 Lf k


 RA Sn 

  Electrolyte gm c.c
-1
 cm sec

-1
 

cm
2 

dyne
-1

 
gm.cm

-

2
sec

-1
 Å 

cm
2
mol

-

1
     

1 0 .0 + 1.0 1.1849 1.6460 31.15 19.50 0.3488 -184.73 1.04 2.06 

2 0.05 + 0.95 1.1834 1.6440 31.27 19.46 0.3495 -160.58 1.04 1.97 

3 0.1 + 0.9 1.1818 1.6428 31.35 19.41 0.3500 -140.10 1.04 1.90 

4 0.2 + 0.8 1.1788 1.6400 31.54 19.33 0.3510 -96.77 1.03 1.76 

5 0.25 + 0.75 1.1773 1.6382 31.65 19.29 0.3516 -73.62 1.03 1.67 

6 0.3 + 0.7 1.1752 1.6368 31.76 19.24 0.3522 -48.64 1.03 1.59 

7 0.5 + 0.5 1.1700 1.6300 32.17 19.07 0.3545 38.62 1.03 1.28 

8 0.75 + 0.25 1.1619 1.6220 32.71 18.85 0.3575 155.23 1.02 0.89 

9 0.8 + 0.2 1.1603 1.6216 32.77 18.82 0.3578 173.68 1.02 0.84 

10 0.9 + 0.1 1.1573 1.6180 33.01 18.73 0.3591 222.01 1.02 0.68 

11 0.95 + 0.05 1.1558 1.6160 33.13 18.68 0.3597 246.19 1.02 0.59 

12 1.0 + 0.0 1.1542 1.6152 33.21 18.64 0.3602 266.64 1.02 0.54 

13 Pure Solvent 1.134 1.6100 34.02      ------     -----    --------- ---------    ---- 
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CH3COOK + KNO3 MIXED ELECTROLYTE SYSTEM 

   S.NO. Mixed  ρ u 10
-5
 βad1012          Z 10

-4
 Lf k


 RA SN 

  Electrolyte gm c.c
-1
 cm sec

-1
 cm

2 
dyne

-1
 gm.cm

-2
sec

-1
 Å cm

2
mol

-1
     

1 0 .0 + 1.0 1.1871 1.6296 31.72 19.35 0.3520 -86.00 1.04 1.63 

2 0.05 + 0.95 1.1858 1.6293 31.77 19.32 0.3523 -77.55 1.04 1.59 

3 0.1 + 0.9 1.1846 1.6285 31.83 19.29 0.3526 -68.40 1.04 1.55 

4 0.2 + 0.8 1.1822 1.6272 31.95 19.24 0.3533 -50.07 1.04 1.46 

5 0.25 + 0.75 1.1813 1.6266 31.99 19.22 0.3535 -43.82 1.04 1.43 

6 0.3 + 0.7 1.1801 1.6258 32.06 19.19 0.3539 -33.67 1.04 1.38 

7 0.5 + 0.5 1.1755 1.6237 32.27 19.09 0.3550 -0.64 1.03 1.23 

8 0.75 + 0.25 1.1695 1.6202 32.57 18.95 0.3567 45.14 1.03 1.01 

9 0.8 + 0.2 1.1683 1.6188 32.66 18.91 0.3572 57.29 1.03 0.95 

10 0.9 + 0.1 1.1659 1.6174 32.79 18.86 0.3579 76.62 1.03 0.86 

11 0.95 + 0.05 1.1647 1.6167 32.85 18.83 0.3582 85.77 1.03 0.82 

12 1.0 + 0.0 1.1637 1.6160 32.91 18.81 0.3585 94.32 1.02 0.77 

13 Pure Solvent 1.134 1.6100 34.02      ----------     -----    --------- -------    --- 
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Abstract-- It is well-known fact that automobile brakes generate 

several kinds of noises like squeal, groan, chatter, judder, moan, 

hum and squeak. Squeal is the most prevalent, annoying and can 

be reduced by variations in geometry, parameters such as 

coefficient of friction, stiffness of material. The brake squeal 

generally occurs in the range of 1-16 kHz. Basically, two methods 

are available to study the disc brake squeal, namely complex 

eigenvalue analysis and dynamic transient analysis. Complex 

eigenvalue analysis is the standard method used for squeal 

analysis. Analytically it is very difficult to solve because of 

complex brake mechanisms. Experimental and numerical 

techniques have been developed by various researchers in order 

to study brake squeal. Experimental techniques are unable to 

predict brake squeal at the early stages of design process and also 

very costly due to associated design iterations. Therefore, finite 

element analysis has emerged as a viable approach for brake 

squeal analysis. 
This work presents Finite Element modelling and modal 

analysis of disc-pad assembly using high end software tools. 

Linear non-prestressed modal analysis and full nonlinear 

perturbed modal analysis is applied to predict frequency at 

which squeal occurs. Real and imaginary eigenfrequencies of 

unstable modes are obtained. Analysis is performed by varying 

the coefficient of friction and outer diameter of disc-pad 

assembly. Increasing friction coefficient has no desirable effect on 

squeal frequency while squeal propensity decreases as the outer 

diameter of disc is increased.  

 

Keywords - Brake Squeal, Stick-slip phenomenon, Mode coupling, 

FEM, Perturbed modal analysis. 

 

I. INTRODUCTION 

 

    During the application of the brake undesirable noise is 

produced called as brake squeal. Physically, squeal noise 

occurs when the friction coupling between the rotor and pad 

creates a dynamic instability. This leads to vibration of 

structure, which radiates a high frequency noise in the range of 

1-16 kHz. Brake nose is categorised as Low frequency Squeal 

(1000-5000 Hz) and High frequency squeal (5000-16000 Hz). 

 

A. Brake noise generation mechanisms 

There are two theories that attempt to explain why this 

phenomenon occurs. 

 

 

 

1) Mode coupling theory 

 

    If two vibration modes are close to each other in the 

frequency range and have similar characteristic, they may 

merge if the coefficient of friction between the pad and the 

disc increases. When these modes merge at the same 

frequency called couple frequency, one of them become 

unstable producing noise. This noise is called as squeal. The 

variable friction forces caused by variable normal forces are 

sources for squeal. 

 

2) Stick-slip mechanism 

 

    Stick-slip vibration is self-excited oscillation induced by dry 

friction. The resistance against the beginning of the motion 

from the state of the rest is called a stick mode while 

resistance against of an existence motion is called a slip mode. 

Stick-slip mode can be introduced by the difference between 

the coefficient of static and kinetic friction. A variable friction 

coefficient with respect to sliding velocity between pads and 

rotor provides the energy source for the brake squeal. 

 

II. FINITE ELEMENT MODELLING OF THE DISC-PAD 

ASSEMBLY 

 

A. Solid model of disc pad assembly 

 

    The solid model of disc pad assembly is modelled using 

CATIA V5 R20 software tool. The disc has a thickness of 10 

mm and the brake pads have a thickness of 15 mm. The inner 

diameter of the disc is 250 mm and outer diameter is of 350 

mm. 

 
Fig. 1 Disc-pad assembly solid model 
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B. Material properties and boundary conditions 

 

   Linear elastic isotropic materials are assigned to all the 

components of the disc-pad assembly. 

 
Table I 

Material Properties 

Young’s Modulus 2.0 E+11 Pa 

Density 7850 Kg/m
3
 

Poisson’s Ratio 0.3 

The inner diameter of the cylinder hub and bolt holes is 

constrained in all directions. Small pressure loading is applied 

on both ends of the pad to establish contact with the brake disc 

and to include prestress effects. 

 

C. FE mesh generation 

 

   The sweep method is used to generate a hexahedral 

dominant mesh of the brake system assembly. Brake discs and 

pads are meshed with 20-node structural solid element 

SOLID186 and 10-node structural solid element SOLID187 

with uniform reduced-integration element technology. 

CONTA174 (3-D, 8-node surface to surface contact) elements 

are used to define the contact surface and TARGE170 (3-D 

target segment) elements are used to define the target surface. 

The target elements are defined on the disc surface and the 

contact elements are defined on the pad surface. The brake 

disc-pad assembly is meshed with total 0f 60351 nodes and 

11473 elements. 

     

III. FINITE ELEMENT ANALYSIS OF DISC-PAD 

ASSEMBLY 

 

A. Modal analysis 

 

   Modal analysis is used to determine vibration characteristics 

such as natural frequencies and mode shapes of a structure or a 

machine component. The frequencies obtained from the modal 

solution have real and imaginary parts due to the presence of 

an unsymmetric stiffness matrix. The imaginary frequency 

reflects the damped frequency and the real frequency indicates 

whether the mode is stable or not. 

 

B. Brake squeal analysis 

 

   Disc brake squeal is an occurrence of dynamic instability 

that manifests itself at one or more of the natural frequencies 

of a disc brake system. This analysis is concerned with the 

prediction of the natural frequencies at which brake squeal 

occurs. 

 

C. Linear non-prestressed modal analysis 

 

   A linear non-prestressed modal analysis is effective when 

large deflection or stress stiffening effects are not critical and 

prestress effect is not included. This method involves a single 

linear QR damped or unsymmetric eigen solver.  This method 

is less time consuming, as the Newton-Raphson iterations are 

not required.  

 

Results 

 

   Total 30 modes are extracted by using unsymmetric 

eigensolver. The imaginary frequency reflects the damped 

frequency and the real frequency indicates whether the mode 

is stable or not. Linear non-prestressed modal analysis predicts 

unstable modes 21 and 22 at 6474.25 Hz.  

 

 
 

Fig. 2 The mode shape plots for unstable modes 
 

The mode shape plots for the unstable mode suggest that the 

bending mode of the pads and the disc have similar 

characteristics. These bending modes couple due to friction 

and produce a squealing noise. When linear non-prestressed 
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modal analysis is performed the obtained mode shape plots for 

unstable modes are shown below. 

 
 

Fig. 3 Mode shape for unstable mode 21 

 

 
 

Fig. 4 Mode shape for unstable mode 22 
 

D. Full non-linear perturbed modal analysis 

 

   The squeal analysis method used previously is less accurate 

and includes no prestress. A full nonlinear perturbed modal 

analysis is the most accurate method to solve brake squeal 

problem than linear non-prestressed modal analysis. This 

method uses nonlinear static solutions to both establish the 

initial contact and compute the sliding contact. This method 

includes prestress effects. The displacement on the brake pad 

surfaces where the pressure loading is applied is constrained in 

all directions except axial one i.e. along Z axis. 

 

1) Parametric study with increasing the outer diameter of the 

disc 

 

   A parametric study is performed on the disc-pad model 

using a full nonlinear perturbed modal solution by increasing 

the outer diameter of the disc and simultaneously the 

dimensions of the pad are increased in the range of 4% (14 

mm) upto 120%. With increasing outer diameter of disc, the 

dimensions of the pad also varied accordingly. 

Mode shapes obtained for the full non-linear perturbed modal 

analysis when the outer diameter of the disc is increased are 

shown below. 

 

 
 

Fig. 5 Mode shape for unstable mode 21 when Do=364 
 

 
 

Fig. 6 Mode shape for unstable mode 21 when Do=378 

 

 
 

Fig. 7 Mode shape for unstable mode 21 when Do=392 
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Fig. 8 Mode shape for unstable mode 21 when Do=406 

 

 
 

Fig. 9 Mode shape for unstable mode 21 when Do=420 

 

Results 

   The eigenfrequencies obtained by increasing the outer 

diameter of disc are listed below. 

 
Table II 

Eigen frequencies for mode 21 and 22 with increasing outer diameter of disc 

Do Mode 21 Mode 22 

RFRQ 

(Hz) 

IFRQ (Hz) RFRQ 

(Hz) 

IFRQ (Hz) 

364 6097.77 20.0155 6097.77 -20.0155 

378 5742.22 18.2447 5742.22 -18.2447 

392 5403.51 16.5389 5403.51 -16.5389 

406 5081.27 14.8727 5081.27 -14.8727 

420 4775.09 13.2273 4775.09 -13.2273 

 

As the size of the disc and pad is increased, the real 

eigenfrequency decreases linearly given by equation y= -

23.616x + 14678, where, y = real eigenfrequency and x = 

coefficient of friction. 

For mode 21 imaginary frequency decreases, while for mode 

22 imaginary frequency increases linearly. The relationship is 

given by equation y = ±0.1211 ±64.035. 

 

 
 

Fig. 10 Effect of increase of outer diameter of disc on real eigenfrequency 

 

 
 

Fig. 11 Effect of increase in outer diamater of disc on imaginary 
eigenfrequency. 

 

2) Parametric study with increasing the friction coefficient 

 

   The role of friction is to couple the different vibrating modes 

of sliding components. The effect of friction coefficient on the 

squeal was analysed by applying a range of friction coefficient 

values from 0.0 to 0.3 with an increment of 0.05. 

Mode shapes obtained for full perturbed modal analysis when 

coefficient of friction is increased are shown below. 
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Fig. 12 Mode shape for unstable mode 21 when 𝜇=0 

 

 
 

Fig. 13 Mode shape for unstable mode 21 when 𝜇=0.1 

 

 
 

Fig. 14 Mode shape for unstable mode 21 when 𝜇=0.2 
 

 

 
 

Fig. 15 Mode shape for unstable mode 21 when 𝜇=0.3 

 

Results 

 

   The eigenfrequencies obtained by varying coefficient of 

friction between the pad and the disc are listed in the table III. 
 

Table III 

Eigen frequencies for mode 21 and 22 with increasing friction coefficient 

 

The real frequency first decreases when friction coefficient is 

0.1 and then goes on increasing as friction coefficient 

increases. The relationship is given by the equation y = 

11.333x
2
 – 1.6857x + 6469.7, where y = real eigenfrequency 

and x = imaginary eigenfrequency. 

 

 
 

Fig. 16 Comparison of friction coefficient with real eigenfrequency 

 

𝜇 Mode 21 Mode 22 

RFRQ (Hz) IFRQ (Hz) RFRQ (Hz) IFRQ (Hz) 

0 6469.72 10.5827 6469.72 -10.5827 

0.05 6469.67 12.5436 6469.67 -12.5436 

0.1 6469.67 14.4623 6469.67 -14.4623 

0.15 6469.73 16.3521 6469.73 -16.3521 

0.2 6469.83 18.2196 6469.83 -18.2196 

0.25 6470.01 20.0685 6470.01 -20.0685 

0.3 6470.24 21.9003 6470.24 -21.9003 
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For mode 21, imaginary frequency increases and for mode 22, 

imaginary frequency decreases linearly as the coefficient of 

friction increases, given by equation y = ±37.686 ± 10.561. 

 

ig. 17 Comparison of friction coefficient with imaginary eigenfrequency 
 

 

IV. EXPERIMENTAL VALIDATION 

 

   The experimental validation for full nonlinear perturbed 

modal analysis of brake squeal prediction is carried out by 

NVH brake testing machine. NVH test standard SAE J2521 is 

used for experimental testing. The SAE J2521 procedure is 

applicable to high frequency squeal noise occurrences for on 

road cars and passenger trucks. 

The test setup consists of single ended inertia dynamometer, a 

semi-anechoic chamber, environmental controlled cooling and 

auto spectrum mic. 

 
Fig. 18 NVH brake testing bench 

 

Result 

 

 
Fig. 19 NVH brake testing machine output 

 

Not every up and down on the plot can be considered as a 

squeal event. From the spectrum shown in fig. obtained after 

testing, it is observed that at frequency 6440 Hz, there is 

distinctive peak i.e. squeal occurs. The unstable mode exists at 

frequency 6440 Hz which causes disc-pad assembly to squeal. 

 

V. RESULTS AND DISCUSSION 

 

        Full non-linear perturbed modal analysis of the disc-pad 

assembly is performed by varying the outer diameter of disc 

and the friction coefficient between disc and pad. It is found 

that modes 21 and 22 are unstable and causes squeal. 

Following table shows comparison of experimental and FEA 

results. 
Table IV 

Comparison of Experimental and FEA results 

Experimental Result FEA (ANSYS) 

Result 

% Error 

6440 Hz 6470.24 Hz 0.4674 

 

The FEA (ANSYS) result gives squeal frequency at 6470.24 

Hz while results experimentally show that the squeal occurs at 

the frequency 6440 Hz. It is quite near to FEA results. Hence, 

error of FEA results is within 1% i.e. 0.4674%. This shows 

that the squeal problems can be solved by ANSYS 14.5 with 

less error. 

 

VI. CONCLUSIONS 

 

1. As the outer diameter of disc is increased, real 

eigenfrequency decreases linearly for both modes 21 and 

22. 

2. For mode 21, imaginary eigenfrequency decreases and for 

mode 22, imaginary eigenfrequency increases as the outer 

diameter of the disc is increased. 

3. When the coefficient of friction is increased from 0 to 0.1, 

the real eigenfrequency decreases, further increase in 
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coefficient of friction real eigenfrequency increases again 

for both modes 21 and 22. 

4. For mode 21, imaginary eigenfrequency increases and for 

mode 22, imaginary eigenfrequency decreases linearly as 

the friction coefficient increased. 

5. Finite Element Analysis result error is 0.4674% which is 

within the acceptable limit of 1%. 

 

FUTURE SCOPE 

 

1. Further brake squeal analysis can be carried out by 

variations in structural design. 

2. Squeal analysis can be performed by varying parameters 

such as brake pressure, brake temperature, wear etc. 

3. The materials of the assembly can be optimized by 

composite materials. 
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Abstract—India is a tropical country with large humidity ratio 

in almost every part, more than half of the year. Demand for 

air-conditioning is rapidly increasing from last few years. 

Considering the demand and Indian climate, it is very necessary 

to develop sustainable air conditioning systems. 

 

Humid climate have very high latent load, due to infiltration 

and ventilation. In order to provide air-conditioning for such 

climate, apparatus dew point temperature (ADP) goes below 

zero degree, which decreases the efficiency of air conditioning 

system. Normal vapour compression system has ADP less than 

0°C, for such system a re-heat coil is used to heat the over cool 

air. A Hybrid air conditioning cycle can be designed that 

handles sensible and latent load separately. Latent load is 

handled by desiccant wheel; sensible load is handled by 

conventional air-conditioning system. Desiccant system can be 

powered by gas heater or solar energy or waste heat. A 

compression has been made for system with coupled desiccant 

wheel system. Calculations are based upon energy conservation 

equation and few softwares. This Compression will develop 

scope for modeling of such system 

 

Keywords— Desiccant wheel, Adsorption air-conditioner, Energy 

Conservation, HVAC system, Hybrid Air conditioning. 

I. INTRODUCTION 

 

eed for domestic refrigeration is rapidly increasing in 

India. Power shortage and unstable power supply are 

serious problems in India. Conventional air conditioning 

systems utilize harmful refrigerants and cause peak load 

crisis during summer. As world struggles with energy and 

environmental crisis, there is urgent need to develop and 

promote sustainable air conditioning systems.  

 

A solar hybrid desiccant air conditioning system, which 

combines the technologies of two-stage desiccant 

cooling(TSDC) and air-source vapor compression air-

conditioning (VAC) together, has been configured, 

experimentally investigated and theoretically analyzed [1]. It 

is proved that the two-stage rotary desiccant cooling system 

is feasible for solar driven air-conditioning application. 

Being incorporated with vapor compression system, it can 

deal with most of the latent load and thus save electric power 

greatly. 

a solar driven two-stage rotary desiccant cooling system 

and a vapor compression system were simulated to provide 

cooling for one floor in a commercial office building in two 

cities with different climates: Berlin and Shanghai. [2] 

Comparisionof  the thermodynamic and economic 

performance of the two systems was made and to obtain 

useful data for practical application. Results show that the 

desiccant cooling system is able to meet the cooling demand 

and provide comfortable supply air in both of the two regions.  

some energy conservation and techno-economic 

assessment studies of a hybrid solar space-conditioning 

system consisting of conventional vapour-compression (V-C) 

and liquid desiccant cycles were made by Y. K. YADAV[3] 

 

Lots of work on the idea of separate latent and sensible 

load handeling has been made. A desiccant based 

Dehumidifier removes moisture form supplied fresh air; this 

handles most of outside latent load. Rest of load is handled 

by AC-coil. Desiccant wheel is a moisture adsorbent material 

packed on rotary wheel, which capture moisture form 

process air. As the wheel rotate and it passes through 

regeneration section where hot air is blown which removes 

captured moisture [4]. Dhar and Singh [5] summarized 

various systems based on separate latent and sensible cooling. 

They simulated a hybrid system and demonstrated that 

energy saving can be achieved. A separate latent and sensible 

cooling system based on vapour compression was designed 

where idea of divided condenser was implemented [6]. Here 

a part of air passed over a divided section of condenser was 

used to power desiccant wheel. Solar hybrid cooling system 

was designed for a high-tech office located in the subtropical 

Hong Kong (22.3_N and 114.2_E) [7].  

 

Here comparison with Conventional vapour compression 

system was made to analyze power saving.  

One main design consideration is to provide sufficient hot 

air for regeneration of Desiccant wheel. At same time the 

moisture content of regeneration air must also be considered. 

If moisture content of regeneration air is large then less 

dehumidification is achieved in process air. So to achieve 

high dehumidification humidity content of regeneration air 

must be controlled. One solution of this is to utilize less 

humid exhaust air from the AC space. But this add more 

heating load on regenerator-heating coil.  

N 
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Design of Hybrid cycle: Refer Fig.1; Atmospheric air 

(state O) is passed through desiccant wheel from process side. 

On other side dehumidified air at high temperature (state 1x) 

is obtained. As the temperature of this air is relatively higher 

than atmospheric air, Indirect Evaporative Cooling (IEC) can 

be used to cool this air (state 1). Efficiency of Evaporative 

cooler lies between 0.6-0.7. It must be noted that at (state 1), 

temperature of air is still higher than atmospheric air, but its 

moisture content is very less. Heat gain form fan/blower will 

be very small, it can be neglected. Re-circulated air form air 

conditioned space (state 4) is then mixed with air at state 1. 

This air is mixed to (state 2). Now it passed thorough 

Cooling coil of evaporator and comes out at (state 3); supply 

air to air-conditioned space.  

On the regeneration side, the exhaust gas at (state 4); 

which has low humidity ratio, is used for regeneration. This 

air is passed though a section of condenser (state 5) 

absorbing heat. By this some amount of exhaust (waste) heat 

form condenser is utilized for heating, but still to meet 

regeneration temperature this air is finally passed though 

heating coil. Regeneration air (state 6) is now suitable for 

regeneration of desiccant wheel. 

 A Simple air-cooled VCR system is considered in this 

design. Our main goal is to calculate thermal power 

consumption; hence we will not go in detail of VCR 

parameters and heat exchanger design. 

 

Approach:  

1. Load calculation: The load for system is 

calculated for a typical Lecture-hall located at PDPU, 

Gandhinagar, Gujarat.(23.2° N, 72.7° E). Semi-empirical 

methods were used to calculate load for the building. 

Dimension of hall is 4x10x15, with a glazed glass wall of  

 

36m2 facing N-E direction. Occupancy of 60 people, 

Overall heat transfer coefficient for walls was taken 1.1, 1.2, 

1.2 for N-E wall, rest of walls, roof-floors respectively. 

Effective Temp. Difference (ETD) was taken as 20°C. And 

solar heat gain factor of 450 W/m2. Room Design temp was 

kept as 25°C and 60% RH. Average condition as in month of 

june was kept for this calculation i.e. 35°C and 70% RH.  

 

2. Air Psychrometry: Fresh air requirement was kept 20% 

of total air circulated. Coil bypass factor was kept as 0.15. 

With Outside and inside design condition as input calculation 

was made.  

 

3. Desiccant wheel calculation: Energy and mass balance 

equation for desiccant are very complicated; to simplify the 

calculation simulation software of desiccant wheel 

manufacturer was used [8]. Here Input to process and 

regeneration side, heater  

 

4. Indirect evaporative cooler: following equations was 

used to calculate the achievable temperature.  

Temp drop achievable = (dry bulb of process air – wet 

bulb of atmospheric air) x (efficiency of indirect module).  

Achievable temp = dry bulb of process air – temp drop 

achievable  

Humidity ratio in whole process remains same. As 

temperature of air coming from desiccant wheel is high, it 

can be easily cooled by indirect evaporation & the power 

consumed can be neglected.  

 

5. VCR system: A simple air cooled VCR cycle was 

considered just to evaluate the total energy input required at 

generator. With compressor, condenser, evaporator, and 
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expansion valve temperature and pressure fixed according to 

requirement.  

 

 

Calculation: The load calculation for simple system with 

given conditions:  

Sensible load and Latent load are obtained as 20 and 25 

respectively. Here latent load is high due to infiltration. 

Firstly we try to design simple system psychrometry, with 

previously mentioned bypass factor and recirculation 

requirements. As Room Sensible Heat Factor (RSHF) line is 

so steep that it does not meet saturation line, refer Fig-2. So 

load cannot be balanced by simple system. 

Thus a Re-heat coil is added such that coil-ADP is 

maintained at 5°C, for same bypass and recirculation factor. 

This process is shown on psychrometric chart in Fig-3. Here 

load on  

evaporator coil (2-3) & re-heat load (3-3x) are 75.24 kW 

& 13.3 kW respectively. In order to calculate total energy 

required to obtain 75.24 kW (about 21.5 TOR) cooling, we 

need to calculate generator heat input in LiBr Absorption 

chiller. With temperature of evaporator, condenser, absorber, 

generator set as 5, 50, 55, 110 COP comes as 0.7542 and 

Heat input to generator is 99.87kW.  

Total thermal energy= heat input to generator + Re-heat. 

i.e. 99.87+13.3 = 113.17 

 

Calculation for Hybrid system:  

State wise calculation has been done for Hybrid system. 

Consider Fig-1 for reference. State O is the outside 

temperature. State 1x is obtained from desiccant wheel 

simulation software. 50-50 regeneration to process air ratio is 

taken, rotation was set at 24 rpm. In order to obtain State 1 

efficiency equation as mentioned in IEC section is used, with 

efficiency of 70%. State 2 is obtained by mixing of re-

circulated air and fresh air, taking fresh air requirement as 20% 

of total air passing over coil. Humidity ratio at state 2 is 

lower than room design condition state 4, RSHF line form 

State 4 is drawn. State 3 lies on intersection of RSHF line 

and Grand sensible heat factor (GSHF) line. 

ADP of evaporator coil is fixed as 5°C. Line joining ADP 

and state 2 cuts RSHF line at state 3. By balancing load in 

room, total air flow rate is obtained as 2.74 m3/s and fresh 

air flow rate as 0.548 m3/s. So total cooling load on coil (2-3) 

is obtained as 36.24 kW (10.3 TOR), with bypass factor as 

0.54. Consider Fig-4 for the process on psychrometric chart. 

Here also in order to calculate total heat requirement in 

chiller. A chiller with temperature of evaporator, condenser, 

set as -10, 55°C respectively COP comes as 4.22 and energy 

input to is 48.05kW. On regeneration side, energy is required 

to heat air up to 110°C. As air is passed over condenser, 

considering heat transfer efficiency of 80%, it is heated up to 

45°C absorbing 17.16 kW from condenser. Additional 

34.94kW heat is provided to reach upto regeneration temp of 

110°C. Energy obtained from gas is 3 times more than that 

obtained from electrical power, hence considering gas energy 

as 1/3 of electrical power 

 

Hence total energy consumed by this system system = 

Energy input to Chiller + Energy required for regeneration. 

i.e. 48.05 + 34.94(1/3) = 59.69 kW 

 

II. CONCLUSIONS 

We can see that saving of about 40% is obtained by hybrid 

system. Some heat rejected form condenser utilized for pre-

heating of regeneration air for desiccant wheel results in less 

heating load on regeneration heater. From result of this study, 

Conventional A/C & desiccant wheel system can be certainly 

applied for cooling of hot and humid climate. Since Air-

condition consume around 20-40 % of total power 

consumption of commercial building, such system working 

on renewable/waste heat must be developed. Today, there are 

not many installation of renewable/waste energy based air-

conditioning in India. Such system requires more effort 

during design phase but, there is still lack of standardized 

design set and operational skill for such system. Therefore 

field experiment of these systems is necessary to have better 

overview of performance such system in real operations. 
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Abstract— Cotton crop identification based on the timely 

information has significant advantage to the different 

implications of food, economic and environment. Due to the 

significant advantages, the accurate detection of cotton crop 

regions using supervised learning procedure is challenging 

problem in remote sensing. Here, classifiers on the direct image 

are played a major role but the results are not much 

satisfactorily. In order to further improve the effectiveness, 

variety of vegetation indices are proposed in the literature. But, 

recently, the major challenge is to find the better vegetation 

indices for the cotton crop identification through the proposed 

methodology. Accordingly, fuzzy c-means clustering is 

combined with neural network algorithm, trained by 

Levenberg-Marquardt for cotton crop classification. To 

experiment the proposed method, five LISS-III satellite images 

was taken and the experimentation was done with six vegetation 

indices such as Simple Ratio, Normalized Difference Vegetation 

Index, Enhanced Vegetation Index, Green Atmospherically 

Resistant Vegetation Index, Wide-Dynamic Range Vegetation 

Index, Green Chlorophyll Index. Along with these indices, 

Green Leaf Area Index is also considered for investigation. 

From the research outcome, Green Atmospherically Resistant 

Vegetation Index outperformed with all other indices by 

reaching the average accuracy value of 95.21%. 

 

 
Keywords--- Remote sensing, Cotton crop classification, Fuzzy C-

Means clustering (FCM), neural network, 

Levenberg-Marquardt (LM) algorithm, vegetation 

indices. 

I. INTRODUCTION 

emote sensing is the multipurpose tool intended for 

probing in to the vast expanse of this the Earth. In this 

regard, it includes the application of suitable equipment‘s or 

sensors to ―capture‖ the spectral and spatial relations of 

objects and materials visible at a far-off place. Aerial and 

satellite images, called  remotely sensed images, pave the 

way for exact  mapping of land cover and enable landscape 

traits furthermore comprehensible on provincial, continental, 

and even universal scales. It is widely engaged for the 

surveillance of the earth surface to assess the modifications 

in land utilization and land extent (Tansey, K. Chambers, I. 

Anstee, I. Denniss, A. Lamb, A., 2009). It is  also profitably 

employed in the generation of mapping products for military 

and civil applications, assessment of ecological spoils, 

supervision of land utilization, radiation watch, town 

planning, development  management, soil evaluation and 

crop yield assessment (James A. S. Daniel B. C., 2002). In 

addition, it finds itself widely applied for mapping and 

categorization of land extent traits such as vegetation, soil, 

water and forests and functions as an alternative for long-

established techniques which carry out land extent 

categorization by means of costly and time-intensive field 

investigations (Govender, M. C. Naiken, V. Bulcock, H., 

2008).  

In crop yield evaluation, precise and prompt data on the 

locality and domain of key crop categories is bound to 

effectively exert monetary, food, policy, and ecological 

impacts. From times immemorial, remote sensing either 

singly or in conjunction with ground estimations has been 

widely applied in crop acreage analysis. While all 

dimensions of remotely sensed data are pertinent, it is the 

sequential data dimension that is most advantageous for 

locating main crop categories with remote sensing. The 

ostensible reason is that at any time in the course of the 

growing season, crops happen to be at diverse phases of 

maturity, and they are exhibited as differential levels of 

spectral reflectance in remotely sensed signals, thereby 

generating a crop-specific temporal record. Nevertheless, in 

spite of the elongated track record and the assurance of 

temporal supervision of crop categories, remote sensing has 

failed to come up to expectations by not being extensively 

functional in crop acreage evaluation (Ozdogan, M. Yang, Y. 

Allez, G. Cervantes C., 2010). However, the solitary crop 

class mining from coarser to medium remote sensing data 

has recently emerged as a daunting assignment. Therefore, it 

is highly essential to design a methodology and a technique 

for solitary crop class recognition from identical temporal 

images. Of late, investigations have reached an advanced 

stage in computer vision techniques performed on remotely 

sensed images like segmentation, object-oriented and 

knowledge-based techniques for categorization of crop 

domains (Argialas, D. Harlow, C., 1990). 

Here, the research is taken into the direction of classifying 

the cotton crop regions using the computer vision methods as 

like (Musande, V. Kumar, A. Roy, P.S. Kale, K., 2013) (Jia, 

K. Wu, B. Li, Q., 2013) (Omar, M., 2011, ) (Rajesh, K, D.  

Rajendra, Y. Kale, K.V. Mehrotra, S.C., 2013) (N. R. Rao, P. 

K. Garg, S. K. Ghosh,. 2007). The primary intention is to 

design and develop an approach for cotton crop classification 

of satellite images using FCM and neural network algorithm. 

The goal of this research is to provide the effectiveness in 

cotton crop classification of satellite images using the object-

based image segmentation. Initially, the traditional 

vegetation indices will be applied and then FCM clustering 

will be chosen to segment the satellite images to segment the 

satellite images so that primitive objects of variable sizes and 

shapes can be obtained from the satellite images. Then, we 

will make use of neural network classifier to classify the 

pixels in satellite images using the segmented label with its 

R 
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neighbour‘s information obtained from the previous step. 

The paper is organized as follows: section II) provides the 

motivation behind this work and section III) presents the 

proposed methodology of the crop image classification. 

Section IV) elaborates the results and its investigation report 

with the suggestion. Section V) concludes the paper. 

 

II. MOTIVATION 

 

Due to the necessity of understanding the cotton growth and 

expected cultivation for a specified time, the automated 

identification of cotton crop region has more influence 

among the researchers from the field of remote sensing. In 

olden days, segmentation techniques were applied to group 

the cotton crop regions and the success of applying the 

supervised algorithms to other fields forces the researched to 

do the same with satellite images. The application of 

supervised learning algorithm achieved good results recently. 

But, further improvement was satisfactorily achieved by 

applying those methods to different vegetation indices.  

These indices are well studied with different set of images to 

provide temporal indices data. To further improve the 

vegetation signal in remotely sensed data and present an 

estimated measure of green vegetation area, variety of 

spectral vegetation indices was developed by integrating data 

from multiple bands into single value. They associate with 

biophysical characteristics of the vegetation of the land cover. 

But, recently, the major challenge is to find the better 

vegetation indices for the cotton crop identification. The 

second challenge is to accurate detection of cotton crop 

regions using supervised learning procedure. These two 

challenges are taken into consideration and the solution is 

provided with fuzzy clustering and neural network as 

supervised procedure and the investigation with seven 

different indices. 

 

III. PROPOSED METHODOLOGY TO COTTON CROP 

CLASSIFICATION 

This section presents the proposed crop image classification 

system using FCM clustering and neural network. The 

effectiveness of the classification is achieved by combining 

the fuzzy-based segmentation with the learning-based neural 

classifier. Both the techniques are very effectives in their 

process, especially in remote sensing images. The adapting 

of both the techniques to do cotton crop identification needs 

a sequence of steps which are explained in four different 

processes. The flow chart of the proposed methodology is 

given in figure 1. The overall four different steps of the 

proposed methodology are given as follows: 1) Reading and 

Band computation of multispectral image, 2) Computation of 

vegetation indices and leaf area index, 3) Crop image 

segmentation through FCM clustering, and 4) Crop image 

classification through neural network. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 
 

 

 
 

 

 

Fig.1. Flow diagram of the proposed methodology 

 

A. Reading the Band  Computation of Multispectral Image 

The first step of the proposed system is to read the LISS-

III images which are kept as four different bands such as, R, 

G, NIR and SWIR band. The LISS-III images are stored as 

hdr format which is one of the standard formats of storing 

multiple spectral bands of satellite images. Here, the 

MATLAB syntax, called ―multiband read‖ is used to read the 

image which gives four different bands sequentially as 

mentioned above. Another one band important for 

multispectral image processing is ―B‖ band which is 

computed as per the following formulae, 

 

GRB 25.075.0                                   (1) 

 
Where, R R band of the input multispectral image 

        G G band of the input multispectral image 

B. Computation of Vegetation Index and Leaf area index 

 

Once five different bands are computed from the input 

multispectral images, six different vegetation indices and 

Green Leaf Index are computed. The sequent steps of this 

steps i given in figure 2. The intention of finding the 

vegetation indices are to analyse the performance of the 

proposed methodology over these different indices and the 

suggestion of the best band for cotton crop classification. 

These vegetation indices are taken from the literature, 

proposed by different authors to easily classify the vegetation 

area. The six different vegetation indices taken for 

investigation (Vina, A. Anatoly, A. G. Anthony, L. Nguy, R., 

Yi, P., 2011.) (Musande, V.  Kumar, A. Kale, K., 2012.) are 

Simple Ratio (SR) (Jordan, C. F., 1969.), Normalized 

Difference Vegetation Index (NDVI) (Rouse, J. W., Haas, R. 

H., Jr., Schell, J. A., Deering, D. W., 1974.), Enhanced 

Vegetation Index (EVI) (Huete, A. R., Liu, H. Q., Batchily, 

K., vanLeeuwen, W., 1997), Green Atmospherically 

Resistant Vegetation Index (GARI) (Gitelson, A. A., 

Kaufman, Y. J., Merzlyak, M. N., 1996.), Wide Dynamic 

Multispectral satellite 

image (.hdr) format 

Vegetation Indices 

Computation 

FCM Clustering 

Neural Network 

Investigation  

Crop image 

classified output 
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Range Vegetation Index (WDRVI) (Gitelson, A. A., Viña, A., 

Arkebauer, T. J., Rundquist, D. C., Keydan, G., Leavitt, B., 

2003.), Green Chlorophyll Index (CIgreen) (Gitelson, A. A., 

Viña, A., Ciganda, V., Rundquist, D. C., & Arkebauer, T. J., 

2005.). Along with these indices, Green Leaf Area Index 

(GLAI) (Vina, A. Anatoly, A. G. Anthony, L. Nguy, R., Yi, 

P., 2011.) is also taken for investigating to find whether the 

taken index is suitable to do crop identification. 
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Fig.2. Computation of vegetation indices and leaf area index 

 

C. Crop Image Segmentation through FCM  clustering 

To achieve the task of segmentation, the indices matrix is 

converted to data matrix where the number of rows is equal 

to number pixels and number columns are equal to five 

which is accumulation of four neighbour pixels and the 

current one. Here, segmentation is carried out then using 

clustering by inputting the data matrix. Clustering is one of 

the methods for image segmentation after the introduction of 

k-means clustering algorithm (J. McQueen, 1967,), which is 

well-known algorithm for clustering due to its simplicity. 

Due to the success of k-mean clustering for image 

segmentation, variants of k-means clustering algorithms are 

developed by different researchers. One of the most accepted 

methods of clustering after the introduction of k-means 

clustering is FCM (J.C. Bezdek, 1981.), which is a well-liked 

algorithm integrating the fuzzy concept in finding the cluster 

centroids. The objective of clustering problem can be 

represented in another way utilizing the fuzzy membership 

function along with the distance variable. Let the objective 

function of FCM (J.C. Bezdek, 1981.) 
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The detailed steps of the FCM algorithm is explained in the 

following sub steps: 

 

 

1. Initialize the membership matrix randomly. 

 

 

2. Compute the centroids based on the following equations 
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3. Update the membership matrix 














































m

j

bji

bji

b
ij

mx

mx

u

1

1

1

1

1

                    (12) 

 

4. Go to step 2 until maximum iteration is reached 
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Fig.3. Steps of Crop image classification 

 

D. Crop Image Classification using Feed Forward Neural 

Network 

This section describes the cotton crop classification 

through the feed forward neural network (FFNN) which is 

trained using LM algorithm. To train the neural network, the 

data matrix given for the clustering will be concatenated with 

the segment label generated clustering. The reformulated 

input is given to neural network for training along with the 

ground truth information which is used to learn the neural 

network whether the input pixels are cotton crop or not. The 

FFNN used in the proposed architecture has six input layer 

and one output layer. The input of the neural network is pixel 

value and its four neighbourhoods along with segmented 

label of the clustering and the output layer provides the 

information whether its cotton crop or not. The proposed 

neural network architecture for the classification method is 

given in figure 4. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig.4. Pixel-based classification through Feed forward neural network 

 

The proposed neural network should learn the input data 

through the weight optimization algorithms. Here, we have 

used LM algorithm for weight learning procedure. Initially, 

the weights are randomly taken and every iteration, the 

weights are changed based on the following equation. In LM 

algorithm, the new weights are updated using the following 

equation given as: 

www tt 1                                   (13) 

 

Where, 
w  is computed as follows, 
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The Jacobean matrix )(vJ
 
is defined by: 
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)(ve  Is the error computation in the previous iteration,  are 

the mean values, I and is the identity matrix. 

 

In testing phase, the optimal weights learned by LM 

algorithm is kept and the trained neural network provides the 

output value for any inputs by multiplying an adding the 

weights value. Then, a threshold is fixed to convert the 

output score values into Boolean value which provides 

whether the input is cotton crop pixels or not. 

 

IV. RESULT AND DISCUSSION 

 

This section presents experimental results and the detailed 

analysis of the proposed system with different vegetation 

indices. Section A. discusses the study area and section B) 

discusses the experimental outcome in visualized format and 

the investigation report was given in section c. 
 

A. Study area and Dataset Description 

The study area utilized for this research was Aurangabad 

(19° 53′ N, 75° 23′ E) region, in Maharashtra province of 

India. Here, satellite image with temporal variations through 

temporal LISS-III images were selected for cotton crop 

identification from Indian Remote Sensing Satellite (IRS-P6). 

The image taken from the specified area consists of five 

images which are taken from May 2010 to February 2011. In 

that time, three important scenarios were considered like pre-

sowing (one image), flower to open ball (three images) and 

harvesting (one image) stage respectively. These three set of 

scenarios with five different satellite images are taken for the 

experimental purpose of this study 
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B. Experimental Result 

      The sample results of ‗May2010‖ are given in figure 5. 

The four bands of input satellite image is given from figure 

5.1 to 5.d and seven indices images is given from figure 5.f 

to 5.l. Then, segmented images are given in figure 5.m and 

the neural network training plot is given in figure 5.n. The 

final output generated by the neural network is given figure 

5.o. 

  
(a) Input image-G band (b) Input image-R band 

  
(c) Input image-NIR band (d) Input image-SWIR 

band 

  
(e) Input image-B band (f) SR image 

  
(g) NDVI image (h) EVI image 

  
(i) GARI image (j) WDRVI image 

  
(k) CIgreen (l) GLAI image 

 

 
(m) FCM segmented 

output in SR image 

(n) Neural network- 

Training plot 
Fig. 5. Sample results of image, ―May2010‖ 

 

 

 
 

(5.1) Final output by neural network in SR image 

 

 

 

Image Name Accuracy graph 

May2010 

 
Nov2010 
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Dec2010 

 
Jan2011 

 
March2011 

 
 

Fig.6. Individual Accuracy of five different images 

 

C. Investigation of Different Vegetation Indices 

 

To investigate the performance of the different vegetation 

indices, five different input images are taken and the 

classification system read the input individually to do the 

classification through different indices. For each index, the 

accuracy was computed and plotted in figure 6. The accuracy 

is the ratio of correctly classified pixels to the total number 

of pixels in the image. For the image May2010 and Nov2010, 

the maximum accuracy was reached by the GARI measure 

which outperformed better as compared with other measures. 

Similarly, the maximum accuracy was reached in Dec2010 

image was by EVI measure and NDVI measure. For the 

Jan2011, NDVI measure and GLAI measure proved better 

classification as compared with other measures taken for 

investigation. For the images of Mar2011, GARI measure 

proved better crop region by reaching the maximum accuracy. 

Figure 7 plots the average accuracy of the five different 

images taken for the investigation. In the average 

performance, GARI measure outperformed with all other 

indices by reaching the accuracy value of 95.21%. Then, 

NDVI measure achieved the second rank with the accuracy 

of 93.57% and subsequently the CIgreen, GLAI and SR 

measure obtained the accuracy of 91.57%, 91.44% and 90.97% 

 

 

Vegetation 

indices 

Accuracy 

SR 0.9097 

NDVI 0.9357 

EVI 0.8978 

GARI 0.9521 

WDRVI 0.8993 

CIgreen 0.9157 

GLAI 0.9144 

 

Fig.7. Average Accuracy of five images 

 

V. CONCLUSION 

We have presented a methodology for cotton crop 

identification using fuzzy clustering combined with neural 

network algorithm which makes use of Levenberg-Marquardt 

algorithm for training. The input multispectral image was 

given to the proposed method to compute the six different 

vegetation indices along with the GLAI. Then, for every 

index, the proposed method was performed by applying 

FCM clustering for segmentation and neural network for 

classification. Finally, the accuracy of detecting the cotton 

crop region was computed for all measures. Here, the 

experimentation was done with five LISS-III satellite images 

taken from Maharashtra province of India. The main 

intuition of suggesting the better vegetation indices for 

cotton crop identification was performed with these five 

time-series images of pre-sowing (one image), flower to 

open ball (three images) and harvesting (one image) stage 

respectively. From the experimental outcome, the suggestion 

is to keep on with GARI measure which outperformed with 

all other indices by reaching the average accuracy value of 

95.21%. In future, the research can be extended with, 

predicting the change of cultivation regions with time 

information through time series prediction model.  
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Abstract—Orthogonal Frequency Division Multiplexing(OFDM) 

has been currently under intense research for wireless 

transmission due to its robustness against multipath fading. 

However, it has some limitations such as the Peak-to-average 

power ratio (PAPR), which restricts its use. It reduces the 

efficiency of the system. The aim of this paper is to analyze the 

performance of system over clipping technique. Wavelet based 

system is also suggested. Results of both systems are compared. 
 
Keywords—Fast Fourier Transform (FFT), Discrete Wavelet 
Transform (DWT), Clipping, Bit Error Rate (BER) 
 

I. INTRODUCTION 
 

n Orthogonal Frequency Division Multiplexing (OFDM) 
system is a multi-carrier system which utilizes a parallel 

processing technique allowing the simultaneous transmission 

of data on many closely spaced, orthogonal sub-carriers. 
Inverse Fast Fourier transform (IFFT) and fast Fourier 

transform (FFT) in a conventional OFDM system are used to 

multiplex the signals together and decode the signal at the 
receiver respectively. The system adds cyclic prefixes (CP) 

before transmitting the signal. The purpose of this is to 

increase the delay spread of the channel so that it becomes 
longer than the channel impulse response. The purpose of this 

is to minimize inter-symbol interference (ISI). However, the 
CP has the disadvantage of reducing the spectral containment 

of the channels. Wavelet transforms have been considered as 

alternative platforms for replacing IFFT and FFT [1], [2], [5], 
[6], [7]. By using the transform, the spectral containment of 

the channels is better since it does not use CP [1], [2], [5], [6]. 

One type of wavelet transform is namely as Discrete Wavelet 
Transform OFDM (DWT-OFDM). It employs Low Pass Filter 

(LPF) and High Pass Filter (HPF) operating as Quadrature 
Mirror Filters satisfying perfect reconstruction and 

orthonormal bases properties. The transform uses filter 

coefficients as approximate and detail in LPF and HPF 
respectively. The approximated coefficients is 

sometimesreferred to as scaling coefficients, whereas, the 

detailed is referred to wavelet coefficients [3]. Sometimes 
these two filters can be called sub-band coding. Since the 

signals are divided into sub-signals of low and high 
frequencies respectively.  

The purpose of this paper is to perform simulation study 
on the FFT and wavelet based OFDM for Clipping as a PAPR 
reduction technique. This paper is divided into four main 
sections: section II will briefly explain conventional FFT-
OFDM, section III will describe in detail the models for  

 
DWT-OFDM, section IV will discuss the different channel 

models and section V will describe the simulation result of 
both transforms over MATLAB platform. 

 
II. FOURIER-BASED OFDM (FFT-OFDM) 

 
An OFDM transceiver system is shown in Fig. 1. The inverse 
and forward transform blocks are concerned in more attentions 
since they can be FFT-based or DWT-based OFDM. The 

system model for FFT-based OFDM will not be discussed in 
detail as it is well known in the literature. Thus, we merely 
present a brief description about it [4]. The data generator 
produces in random binary form. It is first being processed by 

a constellation mapping. BPSK modulator is used for this 
work to map the raw binary data to appropriate QAM 
symbols. These symbols are then input into the IFFT block. 
This involves taking N parallel streams of BPSK symbols (N 

being the number of sub-carriers used in the transmission of 
the data) and performing an IFFT operation on this parallel 
stream. The output in discrete time domain is as follows: 
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Where, Nsis the number of subcarriers, T is the symbol duration, and 

fc is the carrier frequency [4]. At the receiver, theprocess is 
reversed to obtain the decoded data. The CP is removed to 
obtain the data in the discrete time domain and then processed 
to FFT for data recovery. The output of the FFT in the 
frequency domain is as follows: 
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Figure 1 An OFDM transceiver with inverse and forward 

transform blocks 

A 



International Conference on Multidisciplinary Research & Practice                                                            P a g e  | 382 

Volume I Issue VIII                                                                  IJRSI                                                                  ISSN 2321-2705 

 

 
As the number of subcarriers increases, it reduces the 

bandwidth requirement and complexity of system. 
Orthogonality permits the proper demodulation of the symbol 
streams without the requirement of non-overlapping spectra. 
Another way of specifying the sub-carrier orthogonality 
condition is to require that each sub-carrier have exactly 
integer number of cycles in the interval T. As the data is 
concerned in the Power Spectral Density (PSD) form for 
frequency domain, maximum numbers of high peak 
amplitudes are reduced [5][7]. 
 

III. WAVELET-BASED OFDM (DWT-OFDM) 
 

A wavelet is a waveform of effectively limited duration 
that has an average value of zero. The comparative difference 
between wavelets and sine waves, which are the basis of 
Fourier analysis is that sinusoids do not have limited duration, 
they extend from minus to plus infinity and where sinusoids 
are smooth and predictable, wavelets tend to be irregular and 
asymmetric. As the well-known technique of signal analysis 
Fourier analysis consists of breaking up a signal into sine 
waves of various frequencies, similarly, wavelet analysis is the 
breaking up of a signal into shifted and scaled versions of the 
original (or mother) wavelet [10].  

The Discrete Wavelet Transform (DWT) is used in a 
variety of signal processing applications, such as video 

compression, Internet communications compression, object 
recognition and numerical analysis[3]. The advantage of 
wavelet transform over other transforms such as Fourier 
transform is that it is discrete both in time as well as scale. The 

transform is implemented using filters. One filter of the 
analysis (wavelet transform) pair is a low-pass filter (LPF), 
while the other is a high-pass filter (HPF). Each filter has a 
down-sampler after it, to make the transform efficient[10]. 
The wavelet transform divides the signal into the 

approximation coefficients and detail coefficients as shown in 
figure 2. 

 

 
 
 

 
 
 

Figure 2 Block diagram of filter analysis   
One of the advantages of using wavelet transform is that 

due to the overlapping nature of wavelet properties, the 
wavelet based OFDM does not need cyclic prefix to deal with 
delay spreads of the channel[7][8].  

The wavelet functions forms a subspace orthogonal to the 
basis formed by the scaling function. The scaling and the 
wavelet function both satisfy some dilation equation.  

(t) (2tn).h(n) 

 
If ø (t) should be orthonormal to its translated, then h[n] 
should satisfy the orthonormality condition. 
 

h[n].h[n 2m]m and 

 

[1]n
h[n]0 

 
Given a sequence g[n] get searched, such that the function 
satisfying the Dilation equation. 
 
 
 
 
 
 
 
 
 
 
 
 
 
 

 

Figure 3 Wavelet based OFDM system  
In wavelet decomposition process, both the detail and 
approximation coefficients can be split into a second level 
details and approximations. These two sets of coefficients are 
obtained by performing convolution between the input signals 
and wavelet filter coefficients. Decomposition process is 
repeated by a series of high-pass (HP) and low-pass (LP) 
filters until we obtain wavelet sequence that is orthogonal in 
nature [5]. The original signal is then reconstructed by 
performing the reverse operation of this decomposition. One 
thing about wavelet packet analysis that attracts 
communication system more is its accurate reconstruction 
using wavelet coefficients. 
 

IV. SIMULATION RESULTS 
 
Various parameters used for system are shown in table 1.The 
performance of FFT-OFDM and DWT-OFDM has 
beeninvestigated by means of computer simulation. Different 
wavelets are available for implementation of discrete wavelet 
transform. Haar, Daubechies, Symlet and Coiflet wavelets are 
considered for analyzing the response of system. 

 
TABLE 1. SIMULATION PARAMETERS 

 
Sr.no. Parameters Used Values Used Values 

  for FFT for   DWT 
    

1. Number of bits 52 52 

 per symbol   
    

2. Number of 10000 10000 

 symbols   
    

3. FFT/ DWT size 64 - 
    

4. Number of sub- 48 48 

 carriers   
    

5. SNR length 0:5:30 0:5:30 
    

6. Modulation type BPSK BPSK 
    

 
A.  Simulation results for FFT based system 
 

The graphical results show the bit error rate 
probabilities of both the systems. Figure 4 shows the BER 
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performance for FFT based OFDM system. 
 
 
 
 
 
 
 
 
 
 
 
 
 
 

 

Figure4. BER analysis for FFT OFDM using AWGN channel 

BER performance is observed for Theoretical value. It 
is compared with the simulated result. It is observed that 
result for both is much more similar. As number of symbols 
increases, it improve the quality performance.  

In clipping method, the amplitude of generated OFDM 
signal is clipped for different threshold values and that 
resultant data is passed through system. For each threshold 
value, PAPR is calculated. So the result window is PAPR Vs 
Threshold value. As the threshold value increases, it 
increases the Mean square value of data. PAPR value and 
MSE are inversely proportional to each other. So that, as 
MSE increases, decrement in PAPR value and vice versa. 
 
 
 
 
 
 
 
 
 
 
 
 
 

 
Figure 5. PAPR performance for FFT OFDM using Clipping 

technique 

 
B. Simulation results for DWT based system  

Wavelet family contains different types of wavelets. 
For the simplification we have considered Haar, Daubechies, 
Symlet and Coiflet wavelet functions. BER performances for 
these wavelets are shown in figure 6. Each wavelet has its own 
orthogonality property. 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 

Figure6. BER performances for different wavelets 

 
It is observed that performance for Haar wavelet is 

better than other wavelets. Coiflet gives the worst 
performance. Data is rotated for 7 times iterations. Number of 
iterations may vary, according to the requirement. 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 
 

 
Figure7 PAPR performance using Clipping technique for different 

wavelets 

  
In this case, as we have increase the number of 

iterations then also BER remain constant after particular value 
of SNR. If the result is compared with the FFT OFDM then, 
Haar wavelet gives the similar performance as simulated result 

of FFT-OFDM. But for other wavelets, BER value does not 
reach to 0 levels. Haar wavelet is more suitable for wavelet 
based system. For large number of data, clipping is suitable 
because operation is independent on length of original data. 

Because of clipping in amplitude, high peak interference is 
avoided. Haar wavelet gives the better performance than other 
wavelets. As threshold value increases, the PAPR value also 
goes on increasing. Daubechies wavelet has very large change 

in PAPR value. 
 

V. CONCLUSION 
 

PAPR performance is observed for both FFT and 
Wavelet based OFDM systems. In wavelet system, number of 
wavelets is used to observe the result. It is observed that, 
Wavelet gives the better performance than FFT system. For 
same input data, PAPR reduction is more in wavelet system. 
Clipping technique avoids the data loss. As amplitude 
decreases, peak power also decreases, which results decrease 
in PAPR. Wavelet function has its own orthogonality property, 
so circuit design using wavelet is also simple. Different types 
of the techniques are available for reduction of PAPR. In 
future, these techniques are also implementable using Wavelet 
system. 
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Abstract- Once the most beloved commodity plastics have now 

become a liability. With Environmental degradation ,improper 

waste disposal it is high time we search for alternatives which  

can also alleviate stress from conventional sources of energy 

from producing it. Bio-plastics are environment-friendly and 

biodegradable hence provide an effective way to replace the 

conventional plastics. In this paper we review starch as a source 

for producing bioplastics. We discuss how to generate bioplastic 

films from different starches, Role of plasticizers (especially 

glycerol and sorbitol) in producing them, discuss their 

properties and conclude with its importance and find ways to 

bring this technology to India.  

 

Keywords- Starch, Biodegradable, Bioplastics, Plasticizers, Non-

conventional sources. 

I. INTRODUCTION 

bout 4% of the world’s total petroleum reserves are 

used for plastic preparation, which are getting 

exhausted precipitously. The volatile oil prices in past few 

years, due to the political tensions in the Middle East and 

Africa, the major crude oil producing regions have actuated 

research in the area of bioplastics. They are derived from 

biological resources like starch from corn, tapioca, cassava, 

wheat, rice, etc. which are easily available in bulk quantities. 

II. STARCH 

The starch granules consist of amylose and branching points 

of amylopectin molecules. Amylose constitutes linear chains 

of the starch, with glucose residues linked by α-D-(1-4) 

bonds. Depending on the species, it constitutes 20- 30% of 

starch. Amylopectin has a branched structure and is 

composed of 300-6000 D-glucose units which are joined by 

α-glycosidic linkages between C-1of one D-glucose unit to 

C-6 of other D-glucose unit. The amylopectin content in 

starch is about 70% by weight that varies on the source. 

III. EXTRACTION OF STARCH 

Extraction of starch from potato, maize, corn etc. involves 

crushing of potato or maize or corn into a paste and then 

soaking in a bowl filled with water. The mixture is squeezed 

properly and the paste has to be crushed after an interval of 

30 minutes for three to four times. Then paste is sieved and 

cloudy water collected in separate bowl. Water is vaporised 

and starch is obtained. 

IV. PREPARATION OF BIOPLASTIC FILM 

Starch is casted with glycerol and flexibiliser sorbitol and 

mixed directly with distilled water to make batches with a 

total weight of 25 g along with acid like HCl. The mixture is 

then heated from 30 to 95
○
C and maintained at 95

○
C for 10 

min, with regular shaking (75 rpm) and constant heating rate 

to obtain a thick gelatinized suspension neutralized by 

adding base like NaOH. The final product spread out evenly 

on acrylic plate and dried to get plastic film. 

V. PLASTICIZERS 

A. Requirement 

The glass transition temperature (Tg) of dried starch is about 

240°C [40,41]more than thermal degradation point (220°C) 

[27].This high glass transition temperature is due to the 

presence of strong inter-molecular and intra-molecular 

hydrogen bonding between the starch macro-

molecules[40,41]. Thermoplastic starch (TPS) polymers 

derived solely from starch are very water sensitive and can 

undergo significant molecular weight change during 

processing [28]. Therefore, modifications are made in starch 

by incorporating plasticizers, for the breakdown of the 

crystalline granules and decrease the Tg and melting 

temperature (Tm) [30]. Decrease in Tg with increase of 

glycerol concentration can be related to hydrophilicity of this 

plasticizer. By exposing the hydrophilic hydroxyl groups, 

water molecules adsorption in starch films on its more active 

sites is facilitated on addition of glycerol. Due to water’s low 

molecular weight and its plasticizing effect, its addition to 

starch films, acts as a mobility enhancer and an increase in 

molecular mobility of amorphous and partially crystalline 

polymers due to an increase in free volume thus, decreasing 

glass transition of films. 

B. Function 

A semi-crystalline granule of starch is converted into a 

homogeneous material with hydrogen bond broken between 

the starch molecules. This process is called gelatinization and 

it leads to loss of both crystallinity and double helices [30].  

Starch–starch interactions are replaced by starch–plasticizer 

interactions.  This plasticized mouldable thermoplastic 

material called TPS which is similar to the other synthetic 

thermoplastic [18, 18, 20, 21].  

C. Selection 

Polyols like Glycerol, Glycol, Sorbitol, Xylitol, Maltitol, 

Ethylene glycol ,Propylene glycol, Butane diol 

[6,7,8,31,40,41],Sucrose, Fructose, Mannose[43,44], Fatty 

acids (such as myristate or palmitate) etc. are used. Though 

water is good plasticizer it is not used alone as it gives a 

brittle product when equilibrated with ambient humidity [6, 7, 

and 8] and due to evaporation of water. Glycerol due to its 

low cost, non-toxicity, high boiling point (292 °C) and some 

economic benefits like during the hydrolysis and/or trans-

esterification of lipids (triglycerides) into fatty acids for the 

biodiesel industry is used widely. But it leaches out due to 

aging and humidity exposure 

A 
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D. Recent Studies 

Multi-functional ionic liquid plasticizers such as 1-allyl-3-

methylimidazolium chloride [34] and 1-butyl-3-methyl 

imidazolium chloride as a plasticizer [29] and a 

compatibilizing agent of starch have been reported. Because 

of their unique properties which includes non-volatility, non-

flammability, low viscosity, chemical stability, 

electrochemical stability [12]. They have a tendency to form 

strong hydrogen bonds with starch due to high concentration 

of chloride ions like in 1-butyl-3-methylimidazolium 

chloride that showed a much higher elongation at break in 

the rubbery state than the glycerol-plasticized TPS samples 

[29].  

E. Improvisations 

Chemical modification is an effective method for improving 

the performance of starch based bioplastics. For example 

Hydroxylation [3,4], Acylation [2], Oxidation, 

Acetylation[42] of starch by substituting the ester or ether 

groups for the hydroxyl group.  

The starch acetates have higher thermal stability and 

hydrophobicity due to the reduction of the hydroxyl group 

due to acetylation.  Other changes that have been recently 

reported in the literature include blending of TPS with 

protein, PVA, poly-caprolactone, poly-hydroxybutyrate, 

poly-methacrylate, polystyrene mostly in the presence of 

urea and polyol plasticizers.  

VI. PROPERTIES OF TPS AND FACTORS AFFECTING 

THEM 

A. Storage 

Samples containing high concentration of starch are stored 

below its Tg so as to increase its process to reach 

thermodynamic equilibrium and the chain mobility becomes 

more uniform as the glassy starch reaches a thermodynamic 

equilibrium.  

B. Water Vapour Permeability(WVP) 

Water vapour permeability (WVP) decreases with increase of 

glycerol content  as unplasticized starches form brittle films 

with pore or cracks, which facilities the water vapour 

permeation,[9,10] then, formation of pores or cracks are 

avoided on adding glycerol at a concentration of 20 g 

glycerol/100 g starch, forming a compact structure, resulting 

in a probable decrease in WVP values.  

C. Effect of Temperature 

As temperature increases, starch molecules vibrate more 

vigorously, thus breaking the intermolecular hydrogen bond 

and allowing penetration of water. As a result, there is more 

free water available to facilitate the movement of particles in 

suspension yielding low shear stress values. Activation 

energies and frequency factors varied at different shear rates.  

D. Solubility in Water 

Potential applications require water insolubility to enhance 

product integrity and water resistance. It has been found that 

film solubility decreases with the increase in alkaline 

treatment time before gelatinization. The amylose polymer is 

more flexible in alkaline solution than in neutral water. As 

pH increases, a progressive increase in negative charge on 

the polymer molecule (due to enhanced ionization degree) is 

expected which results in an expansion of the amylose coil 

from charge repulsion [35]. 

E. Plasticizer effect on Moisture Control 

As glycerol concentration is increased, a small drop on water 

sorption is first observed and a further increase produces 

water sorption to increase. At lower glycerol content, there is 

a competition between glycerol and water for hydrophilic 

sites on film surface. Glycerol present in film formulation 

reduces the amount of active sites available for water fixing 

and film moisture content declines. When glycerol content 

reaches 10–12% of starch, film moisture content increases. 

These results could be related to structural modifications of 

starch network produced by the plasticizer. 

F. Plasticizer Effect on Film Thickness 

Starch based films when plasticized with 40 %- 50% of the 

plasticizer were thicker than those plasticized with 30%. 

Moreover starches plasticized with glycerol were thicker 

than those with sorbitol. This can be explained as these 

plasticizers can penetrate the starch network at a faster rate 

as compared to others forming a thicker and stronger filmed 

than un-plasticized films as said by Galdeano et al. (2009).  

G. Mechanical Properties 

With the decrease in Young’s modulus and tensile strength 

there is an increase of glycerol in the starch film. Direct 

interactions and proximity between starch chains reduce on 

the incorporation of plasticizer such glycerol in a starch 

network. According to Lourdin et al[15,16,17], the ratio of 

amylose to amylopectin determine the mechanical properties 

of starch films. On heating of starch granules in water, 

swelling takes places resulting in collapse and rupturing of 

the amylose and amylopectin. The ruptured amylopectin has 

low affinity towards interaction and gives weak, cohesive 

and flexible amylopectin films. While amylose being present 

in high solution have a higher tendency to interact with the 

hydrogen bonds forming stiffer and stronger gels [25,26,36]. 

H. Biodegradability 

These materials are degraded into the environment over 

comparatively short periods of time. In addition, studies are 

undertaken using biodegradation enzymes which rapidly 

degrade the TPS by using α-amylase. Amylose is partially 

resistant to attack by α-amylase because of the residual 

starch in the material. The use of other types of enzymes that 

can accelerate the process of biodegradation requires further 

investigations. 

VII.   INDIAN SCENARIO 

The emergence of bioplastics in India is inchoate due to 

lower awareness levels in comparison to the European 

market, where bioplastic production is done commercially at 

large scale. Despite an increasing interest in the bioplastic 

industry of India, lack of environmental concern, price, and 

regulation are the key factors that are affecting its growth. A 

well regulated body responsible for carrying out research in 

this is needed since we cannot deny that this technology is 

the future. 
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VIII. CONCLUSIONS 

Bioplastics are obtained from Renewable plant resources 

hence give variety of options for deriving plastics. One 

metric ton of bio-plastics generates between 0.8 and 3.2 

fewer metric tons of carbon dioxide and uses less energy 

than their conventional counter-parts [16]. Also it doesn’t 

contain any harmful chemicals like bisphenol A, that some of 

the normal plastics do. So, we safely  conclude that to a 

financial executive they are a means at cost savings and for 

savvy industrialists and mankind bioplastics is the future that 

should not be ignored.  

REFERENCES 

[1] Abdorreza MN, Cheng LH, Karim AA, Food Hydrocolloids 2011; 25: 

56–60 

[2] Alissandratos A, Baudendistel N, Flitsch SL, Hauer B, Halling PJ, 
BMC Biotechnology 2010 ;10 

[3] Chaudhary AL, Miler M, Torley PJ, Sopade PA, Halley PJ, 
Carbohydrates Polymer,2008;74:907–913 

[4] Chaudhary AL, Torley PJ, Halley PJ, McCaffery N and Chaudhary 

DS, Carbohydrates    Polymer  2009;78:917–925 
[5] Flores S, Fama L, Rojas A,  Goyanes S, Gerschenson L, Food 

Research International 2007; 40: 257–265 

[6] Forssell P, Mikkila J, Moates G, Parker R, Carbohydrates Polymer 
1997; 34:275–282 

[7] Forssell PM, Hulleman SHD, Millarinen PJ, Moates GK, Parker R., 

Ageing of rubbery thermoplastic barley and oat starches, 
Carbohydrates Polymers 1999; 39: 43–51 

[8] Forssell PM, Mikkila JM, Moates GK, Parker R., Phase and glass 

transition behavior of concentrated barley starch–glycerol–water 
mixtures, a model for thermoplastic starch, Carbohydrate Polymers 

1997; 34:275–282 

[9] Garcia MA, Martino MN, Zaritzky NE, Edible starch films and 
coatings characterization: Scanning electron microscopy, water vapor 

transmission and gas permeabilities, Scanning 1999; 21: 348–353. 

[10] Garcia, M A, Martino MN, Zaritzky N E; Microstructural 
characterization of plasticized starch-based films, Starch/Starke  2000; 

52, 118–124 

[11] Graaf R A, Karman AP, Janssen L, Starch 2003; 55: 80–86 

[12] Kubisa P, Prog. Polymer Science 2004; 29: 3–12 

[13] Liu P, Yu L, Wang X Y, Li D, Chen L, Li X, Journal of Cereal 

Science 2010; 51: 388–391 
[14] Liu Z, Han J H, Film-forming characteristics of starches, Journal of 

Food Science 2005; 70(1), E31–E36 

[15] Lourdin D, Coignard L, Bizot H, Colonna P, Influence of equilibrium 
relative humidity and plasticizer concentration on the water content 

and glass transition of starch materials, Polymer 1997; 38(21): 5401–

5406 
[16] Lourdin D, Valle G, Colonna P, Della Influence of amylose content 

on starch films and foams, Carbohydrate Polymers 1995; 27: 275–

280 
[17] Mali S, Grossmann MVE, Garcia MA, Martino MM, Zaritzky NE, 

Microstructural characterization of yam starch films, Carbohydrate 

Polymers 2002; 50: 379–386 
[18] Mali S, Grossmann MVE; Effects of yam starch films on storability 

and quality of fresh strawberries, Journal of Agricultural and Food 

Chemistry 2003: 7005–7011 
[19] Mali S, Karam LB, Ramos LP, Grossmann MVE, Relationships 

among the composition and physicochemical properties of starches 

with the characteristics of their films, Journal of Agricultural and 

Food Chemistry 2004; 52(25): 7720–7725 

[20] McHugh TH, Krochta JM, Sorbitol vs glycerol— plasticized whey 

protein edible films: Integrated oxygen permeability and tensile 
property evaluation, Journal of Agricultural and Food Chemistry 

1994; 42(4): 841–845 

[21] Raphaelides S, Dimitreli G, Exarhopoulos S, Kokonidis G, Tzani E, 
Carbohydrates Polymer 2011; 83: 727–736 

[22] Reddy N, Yang YQ, Biotechnology Bioengineering 2009; 103: 1016–

1022   
[23] Riaz MN, Processing biodegradable packaging material from starches 

using extrusion technology, Cereal Foods Word 1999; 44:705–709 

[24] Rindlav-Westling A, Hulleman SHD, Gatenbolm P, Formation of 

starch films with varing crystallinity, Carbohydrate Polymers 1997; 

34: 25–30 

[25] Rindlav-Westling A, Standing M, Hermansson AM, Gatenholm P, 

Structure, mechanical and barrier properties of amylose and 

amylopectin films, Carbohydrate Polymers 1998; 36: 217–224 
[26] Russell P, Journal of  Cereal Science 1987; 6: 133–145 

[27] Sagar AD, Merrill E W, Journal of  Application  Polymer Science 

1995 ;58:1647–1656 
[28] Sankri A, Arhaliass A, Dez I, Gaumont A, Grohens Y, Lourdin D, 

Pillin I, Rolland-Sabate A, Leroy E, Carbohydrates Polymer  2010; 

82: 256–263 
[29] Taghizadeh A and Favis BD, Carbohydrates Polymer 2013; 92:1799–

1808 

[30] Talja RA, Helen H, Roos YH,  Jouppila K, Carbohydrates Polymer 
2007; 67: 288–295 

[31] Tharanathan RN, Starch—the polysaccharide of high abundance and 

usefulness, Journal of Scientific and Industrial Research 1995; 54: 
452–458 

[32] Tharanathan, RN, Biodegradable films and composite coatings: Past, 
present and future. Trends in Food Science and Technology, 2003;14: 

71–78 

[33] Wang N, Zhang X,  Liu H, He B, Carbohydrate Polymer 2009; 76: 

482–484 

[34] Whistler RL, Bemiller JN, Paschall EF, Starch: chemistry and 

technology, London: Academic Press, 1984; 267–274: 570–579 
[35] Wurzburg OB, Cross-linking starches, In O. B. Wurzburg (Ed.), 

Modified starches: Properties and uses. Boca Raton: CRC 

Press;1986:41–53 
[36] Yang C, Lai H, Lii C Y, The modified alkaline steeping method for 

the isolation of rice starch, Food Science 1984;11: 158–162 

[37] Yang J, Yu J, Ma X, Carbohydrates  Polymers 2006; 63: 218–223 
[38] Yang J, Yu J, Ma X, Chin. Chem. Lett. 2006;17: 133–136 

[39] Yu J, Gao J, Lin T, Journal of Application Polymer Science 1996; 62: 

1491–1494 
[40] Yu J, Wang N, Ma X, Starch/Staerke  2005;57: 494–504 

[41] Zamudio-Flores P B, Torres A V, Salgado-Delgado R, Bello-Perez L 

A, Journal of Application  Polymer Science 2010; 115: 991–998  
[42] Zhang Y, Han J H, Plasticization of pea starch films with 

monosaccharides and polyols, Journal of Food Science 2006; 71(6): 

253–261 
[43] Zhang Y, Han J, H, J. Food Sci; 2008:73, 313–324 

  



International Conference on Multidisciplinary Research & Practice                                                                 P a g e  | 388 

 

Volume I Issue VIII                                                                   IJRSI                                                                         ISSN 2321-2705 
 

A Review Paper on Analysis of Automobile Radiator 
 

Ramesh J. Ladumor
1
, Prof. V. Y Gajjar

2
, Prof. K.K.Araniya

3
 

Mechanical Engineering Department 

Shree S’ad Vidya Mandal Institute of Technology, Bharuch, Gujarat, India 

           

         
 

Abstract— An Automotive engine cooling system takes out of 

excess heat produced during engine operation. An automobile 

cooling system regulates engine surface temperature for engine 

optimum efficiency. Recent advancement and development in 

engine for power forced engine cooling system to develop new 

strategies to improve its performance efficiency. Also to reduce 

fuel consumption along with controlling engine emission to 

mitigate environmental pollution norms. This paper throws 

light on parameters which influence radiator performance 

along with reviews some of the conventional and modern 

approaches to enhance radiator performance. This review 

paper Focus on the various research papers regarding 

experimental, CFD and Numerical analysis to improving 

automobile radiator efficiency. 

Keywords- CFD (computational fluid dynamics), Cooling 

System,  Radiator. 

 

 

I. INTRODUCTION 

adiators are heat exchangers used to transfer heat or 

thermal energy from one medium to another for the 

purpose of cooling and heating. Automobile radiator is used 

to cool down automotive engine. If it’s not done various 

problems like knocking, piston deformation, cylinder 

deformation etc. can happen. If radiator works properly 

cooling system will work properly in turn engine 

performance will increase. 

 

                 Radiators are used for cooling internal combustion 

engines, mainly in automobiles but also in piston-engine 

aircraft, railway locomotives, motorcycles, stationary 

generating plant or any similar use of such an engine. 

Internal combustion engines are often cooled by passing a 

liquid called engine coolant through the engine block, where 

it is heated, then through the radiator itself where it loses heat 

to the atmosphere, and then back to the engine in a closed 

loop. Engine coolant is usually water-based, but may also be 

oil. It is common to employ a water pump to force the engine 

coolant to circulate, and also for an axial fan to force air 

through the radiator [22], [23]. 

 

 

 

 

 
 

Fig.1.Radiator with its Components 

 

 

II. LITERATURE SURVEY 

 Yiding Cao and KhokiatKengskool [1], had gave 

application of the heat pipe in an automotive engine was 

introduced. In this application, heat pipes were incorporated 

into the radiator of the automotive engine for more efficient 

heat transfer. The cooling load of the radiator can be 

increased for heavy-duty engines, while the power 

consumption of the cooling fan can be reduced for higher 

energy efficiency. 

 Heat pipes including two-phase closed thermo siphon were 

two-phase heat transfer devices with an effective thermal 

conductance hundreds of times higher than that of copper. 

For the terrestrial applications, gravity was often used to 

assistant the return of the liquid condensate and no wick 

structure was needed inside the heat pipe. A small amount of 

working liquid was filled in a tube or other type of container. 

Air was evacuated from the container and the container was 

sealed. Heat was applied to the evaporator section, which 

causes the liquid to vaporize. The vapor then flows from the 

hotter section due to the higher vapor pressure to the colder 

section of the heat pipe, where it was condensed. The liquid 

condensate then returns to the evaporator section from the 

condenser section under the assistance of gravity.  

 

 Hwa-Ming Nieh, Tun-Ping Teng, Chao-Chieh Yu 

R 
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[2], This study adopts an alumina (Al2O3) and titanium 

(TiO2) Nano-coolant to enhance the heat dissipation 

performance of an air-cooled radiator. The two-step synthesis 

method is used to produce different concentrations of Al2O3 

and TiO2/water (W) Nano fluid by using a 0.2 wt. % chitosan 

dispersant, and the Nano fluid is mixed with ethylene glycol 

(EG) at a 1:1 volume ratio to form NC1 to NC6(Nano 

Coolant). The experiments were conducted to measure the 

thermal conductivity, viscosity, and specific heat of the NC 

with different concentrations of nanoparticles and sample 

temperatures, and then the NC was used in an air-cooled 

radiator to evaluate its heat dissipation capacity, pressure 

drop, and pumping power under different volumetric flow 

rates and heating temperatures. 

The experimental results show that the heat dissipation 

capacity and the EF of NC are higher than EG/W, and that 

the TiO2 NC are higher than Al2O3 NC in most of the 

experimental data. The enhanced percentage of the average 

EF increases as the concentration and volumetric flow rate of 

the TiO2 NC increases. 

 

 M. Naraki and S.M. Peyghambarzadeh [3], In 

this research, the overall heat transfer coefficient of 

CuO/water Nano fluids is investigated experimentally under 

laminar flow regime (100 _ Re _ 1000) in a car radiator.  The 

Nano fluids in all the experiments have been stabilized with 

variation of pH and use of suitable surfactant. The results 

show that the overall heat transfer coefficient with Nano fluid 

is more than the base fluid. The overall heat transfer 

coefficient increases with the enhancement in the Nano fluid 

concentration from 0 to 0.4 vol. %. Conversely, the overall 

heat transfer coefficient decreases with increasing the Nano 

fluid inlet temperature from 50 to 80 C. 

In this article, the experimental overall heat transfer 

coefficient in the automobile radiator has been measured 

using CuO/water Nano fluid at different air and liquid 

volumetric flow rates, various Nano fluid concentrations and 

several inlet temperatures of the liquid. Also, the results have 

been statistically analyzed using Taguchi method. 

 

 Rahul Tarodiya, J. Sarkar, J. V. Tirkey [4], the 

used of “Nano fluids” have been developed and these fluids 

offer higher heat transfer properties compared to that of 

conventional automotive engine coolants. Energetic analyses 

as well as theoretical performance analyses of the flat fin 

tube automotive radiator using Nano fluids as coolants have 

been done to study its performance improvement. Effects of 

various operating parameters using Cu, SiC, and Al2O3 and 

TiO2 Nano fluids with 80% water-20% ethylene glycol as a 

base fluid are presented in this article. Use of Nano fluid as 

coolant in radiator improves the effectiveness, cooling 

capacity with the reduction in pumping power. SiC-80% 

H2O-20% EG (base fluid) yields best performance in radiator 

having plate fin geometry followed by Al2O3-base fluid, 

TiO2-base fluid and Cu-base fluid. The maximum cooling 

improvement for SiC is 18.36%, whereas that for Al2O3 is 

17.39%, for TiO2 is 17.05% and for Cu is 13.41% as 

coolants. Present study reveals that the Nano fluids may 

effectively use as coolant in automotive radiators to improve 

the performance.  

 

 Efeovbokhan, Vincent Enontiemonria, Ohiozua, 

OhiremeNathaniel [5], The cooling properties of a locally 

formulated coolant (sample C) vis-a-vis, its boiling 

characteristics and specific heat capacity were investigated 

alongside with a common coolant-water (as sample A) and a 

commercial coolant (sample B). The results of the 

investigation showed that sample C gave the best 

performance compared to the other two samples A and B: the 

boiling points of sample C was 1100C, sample A 1000C, and 

sample B 1010C. This means that the possibility of a boil-out 

of sample C from the radiator is little compared to samples A 

and B. Also, for the same quantity of coolant more heat 

would be required to raise sample C to its boiling point than 

for samples A and B. In other word, better cooling would be 

achieved using sample C. 

 

 S.M. Peyghambarzadeh, S.H. Hashemabadi, 

S.M. Hoseini , M. Seifi Jamnani [6], Traditionally forced 

convection heat transfer in a car radiator is performed to cool 

circulating fluid which consisted of water or a mixture of 

water and anti-freezing materials like ethylene glycol (EG). 

In this paper the heat transfer performance of pure water and 

pure EG has been compared with their binary mixtures. 

Furthermore, different amounts of Al2O3 nanoparticle have 

been added into these base fluids and its effects on the heat 

transfer performance of the car radiator have been 

determined experimentally. Liquid flow rate has-been 

changed in the range of 2–6 l per minute and the fluid inlet 

temperature has been changed for all the experiments. The 

results demonstrate that Nano fluids clearly enhance heat 

transfer compared to their own base fluid. In the best 

conditions, the heat transfer enhancement of about 40% 

compared to the base fluids has-been recorded. 

 

 S.M. Peyghambarzadeh, S.H. Hashemabadi, M. 

Naraki, Y. Vermahmoudi, [7], the heat transfer 

performance of the automobile radiator is evaluated 

experimentally by calculating the overall heat transfer 

coefficient (U) according to the conventional ɛ-NTU 

Technique. Copper oxide (CuO) and Iron oxide (Fe2O3) 

nanoparticles are added to the Water at three concentrations 

0.15, 0.4, and 0.65 vol. % with considering the best pH for 

longer stability. In these experiments, the liquid side 

Reynolds number is varied in the range of 50-1000 and the 

inlet liquid to the radiator has a constant temperature which is 

changed at 50, 65 and 80 _C. The effects of these variables 

on the overall heat transfer coefficient are deeply 

investigated. 

 Nano fluids showed greater heat transfer 

performance comparing with water. 

 Increasing liquid and air Re increases the overall 



International Conference on Multidisciplinary Research & Practice                                                                 P a g e  | 390 

 

Volume I Issue VIII                                                                   IJRSI                                                                         ISSN 2321-2705 
 

heat transfer coefficient. 

 Increasing the inlet liquid temperature decreases the 

overall heat transfer coefficient. 

 

 D. Madhesh, R. Parameshwaran, S. Kalaiselvam, 

[8] an investigate the heat transfer potential and rheological 

characteristics of copper–titania hybrid Nano fluids using a 

tube in the tube type counter flow heat exchanger. The Nano 

fluids were prepared by dispersing the surface functionalized 

and crystalline copper–titania hybrid Nano composite in the 

base fluid, with volume concentrations ranging from 0.1% to 

2.0%. The surface functionalized and highly crystalline 

nature of hybrid nano composite have contributed to the 

creation of effective thermal interfaces with the fluid 

medium, thereby enabling the achievement of achieving 

improved thermal conductivity and heat transfer potential of 

Nano fluids. The effective thermal conductivity and diffusion 

kinetics of hybrid nano composite in the fluid medium paved 

the way for the improved heat transfer Characteristics of 

hybrid nano fluid. 

 

 Navid Bozorgan, Komalangan Krishnakumar, 

Nariman Bozorgan [9] , The heat transfer relations between 

airflow and Nano fluid coolant have been obtained to 

evaluate local convective and overall heat transfer 

coefficients and also pumping power for Nano fluid flowing 

in the radiator with a given heat exchange capacity. In the 

present study, the effects of the automotive speed and 

Reynolds number of the Nano fluid in the different volume 

concentrations on the radiator performance are also 

investigated. The overall heat transfer coefficient of Nano 

fluid is greater than that of water alone and therefore the total 

heat transfer area of the radiator can be reduced. However, 

the considerable increase in associated pumping power may 

impose some limitations on the efficient use of this type of 

Nano fluid in automotive diesel engine radiators. 

 L. Syam Sundar, Manoj K. Singh, Igor Bidkin, 

Antonio C.M. Sousa [10] , A magnetic Nano fluid was 

prepared by dispersing magnetic Ni nanoparticles in distilled 

water. The Nano-particles were synthesized by chemical co-

precipitation method and characterized by X-ray diffraction 

and atomic force microscopy. The average particle size was 

measured by the dynamic light scattering method. Thermal 

conductivity and absolute viscosity of the Nano fluid were 

experimentally determined as a function of particle 

concentration and temperature. In addition, the Nusselt 

number and friction factor were experimentally estimated as 

a function of particle concentration and Reynolds number for 

constant heat flux condition in forced convection apparatus 

with no phase change of the Nano fluid flowing in a tube. 

The experiments were conducted for a Reynolds number 

range of 3000–22,000, and for a particle concentration range 

from 0% to 0.6%. The results indicate that both Nusselt 

number and friction factor of the Nano fluid increase with 

increasing particle volume concentration and Reynolds 

number. For 0.6% volume concentration, the enhancement of 

Nusselt number and friction factor is 39.18% and 19.12%, 

respectively, as compared to distilled water under the same 

flow conditions. It was verified the classical Gnielinski and 

Notter–Rouse correlations under predict the Nusselt number 

of the Nano fluid; therefore, new generalized correlations are 

proposed for the estimation of the Nusselt number and 

friction factor based on the experimental data. 

 

 Changhua Lin, Jeffrey Saunders, Simon Watkins 

[11], A theoretical model for the calculation of Specific 

Dissipation (SD) was developed. Based on the model, the 

effect of ambient and coolant radiator inlet temperatures on 

SD has been predicted. Results indicate that the effect of 

ambient and coolant inlet temperature variation on SD is 

small (less than 2%) when ambient temperature varies 

between 10 and 50°C and coolant radiator inlet temperature 

between 60 and 120°C. The effect of coolant flow rate on SD 

is larger if there is a larger flow rate variation. Experimental 

results indicate that a 1 % variation at 1.0 L/s will cause 

about ±0.6% SD Variation. Therefore the flow rate should be 

carefully controlled. 

 

 Shaolin Maoa, Changrui Cheng, Xianchang Li, 

Efstathios E. Michaelides [12], A thermal/structural 

coupling approach is applied to analyze thermal performance 

and predict the thermal stress of a radiator for heavy-duty 

transportation cooling systems. Bench test and field test data 

show that non-uniform temperature gradient and dynamic 

pressure loads may induce large thermal stress on the 

radiator. A finite element analysis (FEA) tool is used to 

predict the strains and displacement of radiator based on the 

solid wall temperature, wall-based fluid film heat transfer 

coefficient and pressure drop. These are obtained from a 

computational fluid dynamics (CFD) simulation. The FEA 

results predict the maximum value of stress/strain and target 

locations for possible structural failure and the results 

obtained are consistent with experimental observations. The 

results demonstrate that the coupling thermal/structural 

analysis is a powerful tool applied to heavy-duty cooling 

product design to improve the radiator thermal performance, 

durability and reliability under rigid working environment. 

 

 M.M. Elias, I.M. Mahbubul, R. Saidur, M.R. 

Sohel, I.M. Shahrul, S.S. Khaleduzzaman, S. Sadeghipour 

[13] , Nano fluid is a new type of heat transfer fluid with 

superior thermal performance characteristics, which is very 

promising for thermal engineering applications. This paper 

presents new findings on the thermal conductivity, viscosity, 

density, and specific heat of Al2O3 Nano particles dispersed 

into water and ethylene glycol based coolant used in car 

radiator. The Nano fluids were prepared by the two-step 

method by using an ultrasonic homogenizer with no 

surfactants. Thermal conductivity, viscosity, density, and 

specific heat have been measured at different volume 

concentrations (i.e. 0 to 1 vol. %) of nanoparticles and 

various temperature ranges (i.e. from 10 °C to 50 °C). It was 
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found that thermal conductivity, viscosity, and density of the 

Nano fluid increased with the increase of volume 

concentrations. However, specific heat of Nano fluid was 

found to be decreased with the increase of nanoparticle 

volume concentrations. Moreover, by increasing the 

temperature, thermal conductivity and specific heat were 

observed to be intensified, while the viscosity and density 

were decreased. 

 

 Adnan M. Hussein, R.A. Bakar, K. Kadirgama, 

K.V. Sharma [14], The increasing demand of Nano fluids in 

industrial applications has led to increased attention from 

many researchers. In this paper, heat transfer enhancement 

using TiO2 and SiO2 nano powders suspended in pure water 

is presented. The test setup includes a car radiator, and the 

effects on heat transfer enhancement under the operating 

conditions are analyzed under laminar flow conditions. The 

volume flow rate, inlet temperature and Nano fluid volume 

concentration are in the range of 2–8 LPM, 60–80 °C and 1–

2% respectively. The results showed that the Nusselt number 

increased with volume flow rate and slightly increased with 

inlet temperature and Nano fluid volume concentration. The 

regression equation for input (volume flow rate, inlet 

temperature and Nano fluid volume concentration) and 

response (Nusselt number) was found. The results of the 

analysis indicated that significant input parameters to 

enhance heat transfer with car radiator. These experimental 

results were found to be in good agreement with other 

researchers' data, with a deviation of only approximately 4%. 

  

                Adnan M. Hussein, R.A.Bakar, K.Kadirgama 

[15], The heat transfer enhancement for many industrial 

applications by adding solid Nano- particles to liquids is 

significant topics in the last10years.This article included the 

friction factor and forced convection heat transfer of SiO2 

Nano particle dispersed in water as a base fluid conducted in 

a car radiator experimentally and numerically. Four different 

concentrations of Nano fluids in the range of 1–2.5 vol% 

have been used. The flow rate changed in the range of 2–8 

LPM to have Reynolds number with the range 500–1750. 

The results showed that the friction factor decreases with an 

increase in flow rate and increase with increasing in volume 

concentration. Furthermore, the inlet temperature to the 

radiator has in significantly affected to the friction factor. On 

the other side, Nusselt number increases with increasing in 

flow rate, Nano fluid volume concentration and inlet 

temperature. Meanwhile, application of SiO2 Nano fluid with 

low concentration scan enhance heat transfer rate up to 50% 

as a comparison with pure water. The simulation results 

compared with experimental data, and there is a good 

agreement. Likewise, these results compared to other 

investigators to be validated. 

  

 C. Oliet, A. Oliva, J. Castro, C.D. Perez-Segarra 

[16], A set of parametric studies performed on automotive 

radiators by means of a detailed rating and design heat 

exchanger model developed by the authors. This numerical 

tool has been previously verified and validated using a wide 

experimental data bank. A first part of the analysis focuses 

on the influence of working conditions on both fluids (mass 

flows, inlet temperatures) and the impact of the selected 

coolant fluid. Following these studies, the influence of some 

geometrical parameters is analyzed (fin pitch, louver angle) 

as well as the importance of coolant flow lay-out on the 

radiator global performance. This work provides an overall 

behavior report of automobile radiators working at usual 

range of operating conditions, while significant knowledge-

based design conclusions have also been reported. The 

results show the utility of this numerical model as a rating 

and design tool for heat exchangers manufacturers, being a 

reasonable compromise between classic Ԑ-NTU methods and 

CFD. 

 

 Rahul A. Bhogare B. S. Kothawale [17], Nano 

fluids are potential heat transfer fluids with enhanced thermo 

physical properties and heat transfer performance can be 

applied in many devices for better performances (i.e. energy, 

heat transfer and other performances). Evaluating the heat 

transfer enhancement due to the use of Nano fluids has 

recently become the center of interest for many researchers. 

This newly introduced category of cooling fluids containing 

ultrafine nanoparticles (1–100 nm) has displayed fascinating 

behavior during experiments including increased thermal 

conductivity and augmented heat transfer coefficient 

compared to a pure fluid. In this paper, a comprehensive 

literature on the applications and challenges of Nano fluids 

have been compiled and reviewed in Automobile sector. 

 

 A. Witry, M.H. Al-Hajeri, Ali A. Bondok [18], the 

thermal performance of an automotive radiator plays an 

important role in the performance of an automobile cooling 

system and all other associated systems. For a number of 

years, this component has suffered from little attention with 

very little changing in its manufacturing cost, operation and 

geometry. As opposed to the old tubular heat exchanger 

configurations used in automotive radiators, plate heat 

exchangers currently form the backbone of today's process 

industry with their advanced performance Reaching levels 

the designers of tubular heat exchangers can only dream of 

the aluminums roll-bonding technique widely used in 

manufacturing the cooling compartments for domestic 

refrigeration units is one of the cheapest methods for heat 

exchanger manufacturing. Using this technique, it is possible 

to manufacture a wide range of heat exchanger 

configurations that can help augment heat transfer whilst 

reducing pressure drops. CFD results obtained for a patterned 

plate heat exchanger using the CFD code FLUENT show 

tremendous levels of possible performance improvement on 

both sides of the heat exchanger. 

For the internal flow, heat transfer augmentation caused by 

the repetitive impingement against the dimple obstructions 

renders such geometries equal to those of aerospace industry 
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pin-fins whilst lowering pressure drops due to the wider 

cross-sectional areas. For the external flows, the wider and 

wavy nature of the surface area increases heat transfer 

leaving the addition of extra surface roughness add-ons as an 

option. 

  

                 S.M. Peyghambarzadeh, S.H. Hashemabadi, M. 

Seifi Jamnani, S.M. Hoseini [19], In this paper, forced 

convective heat transfer in a water based Nano fluid has 

experimentally been compared to that of pure water in an 

automobile radiator. Five different concentrations of Nano 

fluids in the range of 0.1-1 vol. % have been prepared by the 

addition of Al2O3 nanoparticles into the water. The test liquid 

flows through the radiator consisted of 34 vertical tubes with 

elliptical cross section and air makes a cross flow inside the 

tube bank with constant speed. Liquid flow rate has been 

changed in the Range of 2-5 lit/min to have the fully 

turbulent regime (9*10
3
< Re< 2.3*10

4
). Additionally, the 

effect of fluid inlet temperature to the radiator on heat 

transfer coefficient has also been analyzed by varying the 

temperature in the range of 37-49
0
C. Results demonstrate 

that increasing the fluid circulating rate can improve the heat 

transfer performance while the fluid inlet temperature to the 

radiator has trivial effects. Meanwhile, application of Nano 

fluid with low concentrations can enhance heat transfer 

efficiency up to 45% in comparison with pure water. 

 

                 Gokhan Sevilgen, Muhsin Kilic [20], A three-

dimensional steady-state numerical analysis was performed 

in a room heated by two-panel radiators. A virtual sitting 

manikin with real dimensions and physiological shape was 

added to the model of the room, and it was assumed that the 

manikin surfaces were subjected to constant temperature. 

Two different heat transfer coefficients for the outer wall and 

for the window were considered. Heat interactions between 

the human body surfaces and the room environment, the air 

flow, the temperature, the humidity, and the local heat 

transfer characteristics of the manikin and the room surfaces 

were computed numerically under different environmental 

conditions. Comparisons of the results are presented and 

discussed. The results show that energy consumption can be 

significantly reduced while increasing the thermal comfort by 

using better-insulated outer wall materials and windows. 

 

  S. Vithayasai, T. Kiatsiriroa, A. Nuntaphan [21], 
the effect of electric field on the performance of automobile 

radiator is investigated in this work. In this experiment, a 

louvered fin and flat tube automobile radiator was mounted 

in a wind tunnel and there was heat exchange between a hot 

water stream circulating inside the tube and a cold air stream 

flowing through the external surface. The electric field was 

supplied on the airside of the heat exchanger and its supply 

voltage was adjusted from 0 kV to 12 kV. From the 

experiment, it was found that the unit with electric field 

pronounced better heat transfer rate, especially at low frontal 

velocity of air. The correlations for predicting the air-side 

heat transfer coefficient of the automobile radiator, with and 

without electric field, at low frontal air velocity were also 

developed and the predicted results agreed very well with the 

experimental data. 

 

III. CONCLUSIONS 

 From the review of literature, it can be analyzed the 

Automobile radiator cooling system is very important in an 

internal combustion engine. From literature survey, different 

findings are concluded. 

 The efficiency of radiator increase by inserting heat 

pipe in radiator core. 

 The heat capacity dissipation and the efficiency 

factor (EF) of Nano coolant (NC) are higher than 

ethyl glycol-water (EG/W), and the TiO2 NC are 

higher than Al2O3 NC. The overall heat transfer 

coefficient increases with enhancing volumetric 

flow rate of the Nano fluid significantly. 

 Cooling capacity and effectiveness increase with 

increase in mass flow rate of air and coolant. Also 

increasing the inlet liquid temperature decreases the 

overall heat transfer coefficient.  

 The overall heat transfer coefficient decreases with 

increasing inlet temperature of the Nano fluid. 

 Nano fluid offer higher heat-transfer properties 

compared to that of conventional automotive engine 

coolant. 

 Requirement of pumping power reduce with the use 

of Nano fluid in radiator. 

 A blend of 50/50 mix of water and ethylene glycol 

in which corrosion inhibitors have been 

incorporated is much more effective than using 

water and ethylene glycol alone. While water alone 

is good coolant but the enormous corrosion 

problems associated with it, is enough to discourage 

its use.  

 The heat transfer behaviour of the Nano fluid were 

highly depended on the particle concentration, the 

flow condition and depended on the temperature. 
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Abstract--Composite materials have many engineering 

application for manufacturing, packaging, automobile 

industry etc. For the machining of these composite 

Materials, many accurate and cost effective machining 

processes have been used to reduce the machining time and 

worker timings.The work piece of particulate reinforcement 

metal matrix composite (PRMMC's) of Aluminium as 

Matrix material and Alumina (Al2O3) and Silicon Carbide 

(SiC) powder as reinforcement material is prepared by the 

metal stir casting process with different percentage variation 

in proposition of Silicon Carbide (SiC) powder to 

Aluminium matrix. Then the work piece of the composites 

are carried out for machining on CNC milling to evaluate 

surface roughness with different process variables which are 

speed, feed and depth of cut. Analysis of the prepared 

machining parts is carried out using Design of 

Experiments(Taguchi technique) with mixed level array of 

L18 matrix and L6 matrix. For confirmation of analysed 

result, outcome was tested by ANNOVA method.   

Keywords-- Composite, DOE, ANNOVA, reinforcement, CNC, 

MMC, CMC, PMC.  

            I. INTRODUCTION 

n modern scenario of development of manufacturing 

process, with the development of technology, more and 

more challenging problems are faced by the engineers and 

technologists in the field of manufacturing.  

Simultaneously, many new complex geometrical shaped 

components have been developed to overcome such 

problems. But some of those components are very 

difficult to machine due to their complex shapes. Besides 

machining of those are time consuming and costly for 

mass production also. So, to achieve higher accuracy with 

higher rate of production, need of automation and 

controlled machining processes is raised. As result CNC 

(Computer numerical controlled) machines are 

introduced. Periodic metals and their alloys are not 

capable of full filling every required properties for 

specified application. But combination of two or more 

material could be the solution for such issue. So 

composite materials have been introduced dramatically. 

Composites are made up of individual materials referred 

to as constituent materials. There are two main categories 

of constituent material 1.Matrix 2. Reinforcement. The 

matrix is the monolithic material into which the 

reinforcement is embedded, and is completely continuous. 

This means that there is a path through the matrix to any 

point in the material, unlike two materials sandwiched 

together. The reinforcement material is embedded into the 

matrix. The reinforcement does not always serve a purely 

structural task (reinforcing the compound), but is also 

used to change physical properties such as wear 

resistance, friction coefficient, or thermal conductivity. 

The reinforcement can be either continuous, or 

discontinuous. 

Classification of Composites: 

A. On the basis of matrix material : 

 Metal Matrix Composites (MMC)  

 Ceramic Matrix Composites (CMC) 

 Polymer Matrix Composites (PMC) 

B. On the basis of reinforcement material structure : 

 Particulate Composites 

 Fibrous Composites 

Manufacturing Techniques of MMC 

 Solid state method 

 Liquid state method 

 Semi-solid state method 

 Vapour state method 

 

Design of Experiments (DOE) or experimental design is 

the design of any information-gathering exercises where 

variation is present, whether under the full control of the 

experimenter or not. A proper design of experiment is 

essential to obtain maximum information about the 

process in minimum number of trials for limiting the time 

and cost involved in experimentation. 

Methodology of DOE: 

 Comparative Experiment 

 Screening Experiment 

 Modelling Experiments 

Types of DOE: 

 Full Factorial 

 Fractional Factorial 

 Screening Experiments 

 Response Surface Analysis 

 EVOP 

 Mixture Experiments 

 

The Taguchi method involves reducing the variation in a 

process through robust design of experiments. The overall 

objective of the method is to produce high quality product 

at low cost to the manufacturer. The Taguchi method was 

developed by Dr.Genichi Taguchi of Japan who 

maintained that variation. Taguchi developed a method 

for designing experiments to investigate how different 

parameters affect the mean and variance of a process 

performance characteristic that defines how well the 

process is functioning. The experimental design proposed 

by Taguchi involves using orthogonal arrays to organize 

I 
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the parameters affecting the process and the levels at 

which they should be varies. Instead of having to test all 

possible combinations like the factorial design, the 

Taguchi method tests pairs of combinations. This allows 

for the collection of the necessary data to determine which 

factors most affect product quality with a minimum 

amount of experimentation, thus saving time and 

resources. The Taguchi method is best used when there is 

intermediate number of variables (3 to 50), few 

interactions between variables, and when only a few 

variables contribute significantly. The Taguchi arrays can 

be derived from software called MINITAB. The arrays 

are selected by the number of parameters (variables) and 

the number of levels (states). Analysis of variance on the 

collected data from the Taguchi design of experiments can 

be used to select new parameter values to optimize the 

performance characteristic.  

 

   II. EXPERIMENT METHODS 

Aluminium alloy 6061 is one of the most extensively used 

of the 6000 series Aluminium alloys. It is a versatile heat 

treatable extruded alloy with medium to high strength 

capabilitie and from [1] For making the composite with 

high strength, hardness and fracture toughness x6061 

matrix is the best.  

Composition: 

Table I:COMPOSITION of ALUMINIUM ALLOY 6061 

Component Amount (wt. %) 

Aluminium Balance 

Magnesium 0.8-1.2 

Silicon 0.4 – 0.8 

Iron Max. 0.7 

Copper 0.15-0.40 

Zinc Max. 0.25 

Titanium Max. 0.15 

Manganese Max. 0.15 

Chromium 0.04-0.35 

Others 0.05 

Typical properties of Aluminium alloy 6061 include: 

 Good toughness 

 Good surface finish 

 Excellent corrosion resistance to 

atmospheric conditions 

 Good corrosion resistance to sea water 

 Can be anodized 

 Good weldability and brazability 

 Good workability 

 Widely available 

Physical Properties: 

 Density: 2.7 g/cm
3
 

 Melting Point: Approx. 580°C 

 Modulus of Elasticity: 70-80 GPa 

 Poissons Ratio: 0.33 

Thermal Properties: 

 Co-Efficient of Thermal Expansion (20-

100°C): 23.5x10
-6

 m/m.°C 

 Thermal Conductivity: 173 W/m.K 

Electrical Properties: 

 Electrical Resistivity: 3.7 – 4.0 x10
-6

 Ω.cm 

Among various discontinuous reinforcement material 

used, silicon carbide is one of the most inexpensive and 

low density reinforcement available in large quantities. 

Silicon carbide powder of 120 mesh by different weight 

percentage to the aluminium (Al6061) i.e. 5%. 10%, 15% 

was measured using weighing scale. Silicon Carbide (SiC) 

powder then first preheated to remove the moisture in it. 

Alumina (Al2O3) powder with 120 mesh was weighted 

using weighing scale. 

From literature review we observed that the between 

Al2O3and SiC reinforced material Al2O3 reinforced 

composite material has higher density, hardness and 

higher tensile and yield strength compare to SiC 

reinforced composite material. But % increase in 

properties are less in Al2O3 reinforced material thanSiC 

reinforced material so we decide to use constant weight 

percentage of Al2O3 and make variation of 5%,10% and 

15% in SiC particle in base matrix. 

Manufacturing Process: 

Stir Casting: Stir Casting is a liquid state method of 

composite materials fabrication, in which a dispersed 

phase (ceramic particles, short fibres) is mixed with a 

molten matrix metal by means of mechanical stirring. 

 
Fig.1   Stir Casting Setup 

 

 

 

Fig.2   Design and Application of stirrer 
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Fig.3 Sand Muller and Preparation of Mould 

 

Fig.4   Pouring of Prepared Composite in Mould and Obtained Casting 

Similar method was followed to get a different weight 

percentage i.e. 5%, 10%, 15% by changing the (Silicon 

Carbide) SiC particles weight fraction and keeping 

additional percentage of alumina (Al2O3) constant. 

Material Testing: 

Work piece are machined on lathe machine to set 

dimension of test specimen to 110×110×12 mm to 

perform Hardness test and for CNC Milling work. 

Hardness Test Hardness of work piece is on measured on 

BRINELL’s hardness testing machine with 5 mm ball 

diameter and 250kg load. Test performed for 3 test 

specimen (Each from different percentage variation). 

Table II: HARDNESS VALUE of 5% SiC & 5% Al2O3 REINFORCED 

MATERIAL 

Specimen Inden

t Dia. 

BHN Speci

men 

Indent 

Dia. 

BHN 

5a 2.2 62.41 5f 2.4 51.87 

5b 2.2 62.41 5g 2.3 56.79 

5c 2.3 56.79 5h 2.2 62.41 

5d 2.2 62.41 5i 2.3 56.79 

5e 2.3 56.79 5j 2.2 62.41 

Average Hardness 59.108 

Table III: HARDNESS VALUE of 10% SiC & 5% Al2O3 

REINFORCED MATERIAL 

 

Specim

en 

Inden

t Dia. 
BHN Specimen 

Inden

t Dia. 

 

BHN 

10a 1.9 84.86 10f 2.15 65.51 

10b 2.1 68.84 10g 2.3 56.79 

10c 2.2 62.41 10h 2.2 62.41 

10d 2.1 68.84 10i 2.2 62.41 

10e 2.1 68.84 10j 2.4 51.87 

Average Hardness 65.278 

Table IV: HARDNESS VALUE of 15% SiC & 5% 

Al2O3REINFORCED MATERIAL 

Speci

men 

Indent 

Dia. 
BHN 

Speci-

men 

Indent 

Dia. 
BHN 

 15a 2.2 62.41 15d 2 76.26 

15b 2.1 68.84 15e 2.2 62.41 

15c 2.15 65.51 15f 2.1 68.84 

Average Hardness 67.5 

 

Table V: HARDNESS VALUE MEASURED in ERDA, VADODARA 

 

CNC Machining & Surface Roughness Test: 

CNC milling machine used for making geometry on the 

specimen. 

 

Table VI: SPECIFICATION ofMTAB CNC XLMILL 

Table Size 360mm × 132mm 

Travel X Axis 225mm 

Travel Y Axis 150mm 

Travel Z Axis 115mm 

Spindle to Table 

Distance 

70mm to 185mm 

Spindle Column 110mm 

Spindle Nose Taper ISO 30 

ATC 6 Stations 

ATC-Maximum Tool 

Diameter 

16mm 

ATC-Maximum Tool 

Length 

40mm 

ATC-Direction Bi Direction 

Programmable Spindle 

Speed 

150-4000  

Selection of Process and Response Variables of DOE The 

experiment is seen as a "black box", where only input and 

output are considered. Following are the process variables 

which selected for the machining of MMCs.  

Process variables:  

 Spindle speed  

 Feed  

 Depth of cut 

 Material variation(Percentage amount of 

filler material is varied in different sets of 

combinations in MMC) 

Response variables •  

 Surface finish 

 

 

Specimen BHN1 BHN2 Average 

BHN 

5a 61.2 63.3 62.25 

10f 68.3 64.2 66.25 

15a 68.7 66.3 67.5 
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Table VII: PROCESS VARIABLES AND THEIR LEVELS FOR DOE 

Parameter Unit Level 1 Level 2 Level 3 

% variation  5% 10% 15% 

Spindle 
Speed 

RPM 2000 2400 2800 

Depth of 
Cut 

mm 0.2 0.3 0.4 

Feed Rate mm/min 50 60 70 

 

 

Fig. 5  SURFACE ROUGHNESS NOTATIONS on PLATE 

 

Table : SURFACE ROUGHNESS for SPECIMEN 

CODE Ra1 Ra2 Ra3 Ra Ave 

5a 3.113 2.872 3.782 3.255667 

5b 4.227 4.287 4.059 4.191 

5c 3.577 7.346 2.356 4.426333 

5d 2.8516 3.192 3.2543 3.0993 

5e 3.562 3.478 3.6059 3.548633 

5f 3.598 3.787 3.472 3.619 

5g 1.966 2.08 2.716 2.254 

5h 3.239 2.58 3.691 3.17 

5i 3.582 3.358 2.905 3.281667 

10a 3.995 3.186 3.729 3.636667 

10d 3.263 3.537 3.506 3.435333 

10c 3.846 3.987 3.732 3.855 

10g 2.448 1.607 1.995 2.016667 

10e 2.427 2.93 2.712 2.689667 

10f 3.222 3.199 2.747 3.056 

10j 2.004 1.729 2.004 1.912333 

10h 2.521 2.579 2.414 2.504667 

10i 2.535 2.647 2.392 2.524667 

15a 1.995 1.598 1.835 1.809333 

15b 1.325 1.643 0.886 1.284667 

15c 0.872 0.824 0.821 0.839 

15d 3.183 1.9 3.268 2.783667 

15e 2.045 2.701 2.333 2.359667 

15f 1.151 1.943 1.414 1.502667 

DOE for L18 Array 

 

Table VIII: RESPONSE TABLE for SIGNAL to  NOISE RATIOS 

Level % Spindle 
Depth Of 

Cut 
Feed Rate 

1 -10.558 -11.546 -8.346 -9.800 

2 -8.855 -9.398 -10.126 -9.394 

3  -8.175 -10.647 -9.926 

Delta 1.703 3.370 2.301 0.532 

Rank 3 1 2 4 

 *Smaller is better 

Table IX: RESPONSE TABLE for MEANS 

Level % Spindle Speed Depth Of Cut Feed Rate 

1 3.427 3.800 2.696 3.105 

2 2.848 3.005 3.257 3.065 

3  2.608 3.460 3.242 

Delta 0.579 1.192 0.765 0.177 

Rank 3 1 2 4 
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Fig.6   MAIN EFFECT PLOT for MEANS 

 

Fig.7   MAIN EFFECT PLOT for SN RATIO 

 

 

 

DOE for L6 Array 

From L18 experiment we can observe that feed rate has 

very less contribution about only 1% on surface roughness 

and ranked last in Taguchi analysis. Spindle speed is 

having 50% of significance over result and depth of cut is 

having it at 20%. So we decided to take feed rate as 

constant (50mm/min) for next phase of experiment. As 

further said, Spindles speed is having the most 

significance, 3 levels of it were set for next array. For 

depth of cut, 2 levels were set for L6 array. 

Values of input parameter and output parameters are 

shown in table below for L6 array.It is clear that all the 

process variables will not impact same amount of effect 

on further result of machining. So we will eliminate one 

process variable in further experiment. But for better 

assurance, all the factors will be considered during initial 

stage. After assuringinsignificant effect of any variable it 

will be eliminated for cost reduction. We can choose 

levels of remainingvariables after reduction of least 

effective factor for CNC milling. 

Taguchi Design: 

Taguchi Analysis: Surface Roughness versus Depth of 

Cut, Spindle Speed  

 

 

Table X: INPUT & OUT PARAMETER for L6 ARRAY 

 

 

 

 

 

 

Table IX: RESPONSE TABLE for SIGNAL to  NOISE RATIOS 

Level Depth of Cut Spindle Speed 

1 -1.934 -7.021 

2 -6.629 -4.816 

3  -1.006 

Delta 4.695 6.015 

Rank 2 1 

 

 

Table X : RESPONSE TABLE for MEANS 

Level Depth of Cut Spindle Speed 

1 1.311 2.297 

2 2.215 1.822 

3  1.171 

Delta 0.904 1.126 

Rank 2 1 

 

Fig.8   MAIN EFFECT PLOT for MEANS 

 

Fig.9   Main Effect Plot for Sn Ratio 

 

% 

Depth of Cut Spindle 

Speed 

Surface Roughness SNRA2 FITS1 RESI1 

15% 0.2 2000 1.994 -5.99450308 2.097666667 -0.103666667 

15% 0.2 2400 1.0685 -0.57549053 1.187416667 -0.118916667 

15% 0.2 2800 0.9745 0.224363131 0.751916667 0.222583333 

15% 0.3 2000 2.8855 -9.204421573 2.781833333 0.103666667 

15% 0.3 2400 1.9905 -5.979243638 1.871583333 0.118916667 

15% 0.3 2800 1.2135 -1.680795613 1.436083333 -0.222583333 
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CONCLUSION 

Within the frame of current research work the following 

conclusions can be derived.  

 SiC and Al2O3 particles can be successfully used as a 

reinforcing material to produce Metal- Matrix 

Composite  

MMC) component in aluminum matrix for better 

strength to weight ratio.  

 Experimental result shows that Percentage weight of 

Sic and Al2O3 influence the hardness of 

Al/SiC/Al2O3 metal matrix composites. As the 

percentage weight of of SiCp increases hardness 

increases.   

 From Taguchi analysis conclusions can be drawn out 

that spindle speed has more effect on surface 

roughness compared to depth of cut and percentage 

variation. Feed rate has very less effect on surface 

roughness.  

 From Taguchi analysis we can conclude that with 

increase in percentage variation and spindle speed of 

SiC particle surface roughness is decrease.  

 From Taguchi analysis we can conclude that with 

increase in feed rate and depth of cut surface 

roughness is increases. 
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Abstract——In this paper, a comprehensive computer-aided 

design (CAD) procedure for three phase induction motor  is 

presented. The basic output equations are derived and used for 

the design algorithm. The developed CAD program gives the 

design data and the calculated performances of the motor. The 

design variables such as air gap flux density, slot electric 

loading, winding factor, stator current density, slot space factor, 

flux density in the stator back iron, etc., are assumed. Three 

different motors  rating are designed using the developed 

program, and then finite-element analyses are carried out to 

validate the designs. 

 

Keywords—induction motor, computer-aided design (CAD) of 

motor, finite-element (FE) analysis. 

 

I. INTRODUCTION 

 

lectrical motors are extensively used in commercial and 

industrial applications. Electrical motors are an 

important part of any electrical system because they consume 

about 65% to 70% of all electricity generated. Among all the 

motors, induction motors are the most widely used electric 

motors in industry. It offers reasonable performance, low 

maintenance, robust construction, a manageable torque-speed 

curve, stable operation under load and satisfactory efficiency. 

Development of a computer-aided design (CAD) program for 

the design and performance evaluation of three-phase 

induction motors  is attempted, and the details of the steps 

involved along with a flowchart and recommendations are 

given in this paper. The design data of the motor obtained 

from this program, if needed, can be used as the input for 

further optimization of the designs using finite-element (FE) 

techniques. The design algorithm includes a complete design 

procedure, data libraries like standard wire gauge, magnetic 

material properties, etc. and an interactive input and output 

facility. Three different  motors are designed using the 

developed program. The results are analyzed using a FE 

method, and the validity of the developed CAD programis 

established. 

 

II. CONCEPTUAL DESIGN 

 

The main purpose of designing an induction motor is to 

obtain the complete physical dimensions of all the parts of 

the machine  to satisfy the customer specifications. The 

following design details are required. 

A .Main Dimensions 

B.Stator Design 

C.Rotor Design 

D.Performance Calculation. 

 

Output Equation 

kVA rating of machine of a 3- phase induction motor  is  
33 10 (1)Ph PhQ E I kVA  

Where,
 

Eph=Induced emf  per  phase. 

Iph=Current per phase. 

The output equation of 3-phase induction motor is, 
2

0 (2)sQ C D Ln kVA

3

0, 11 10 avWhere C Output Co efficient B ac Cos
 

   

Bav=Specific magnetic loading. 

ac=Specific electric loading. 

L=stack length. 

D=Stator bore Diameter. 

ns=synchronous speed inr.p.s. 

Estimation of main dimensions (D, L) 

So, from equation (2)  

2

0

(3)
s

Q
D L

C n


D and L are calculated based on assumption of length to pole 

pitch ratio. Dimensions of magnetic circuits are calculated 

based on flux and permissible flux density of magnetic 

materials. 

III. COMPUTER AIDED DESIGN (CAD) 

 

The flowchart of the developed CAD program for the three 

phase induction motor is given in fig. 1. Motor specifications, 

type of configuration, material types, and other assumed data 

for the design are the input. The outer loop is to set and 

correct the assumed efficiency.  The CAD program designs 

the motor and calculates the actual efficiency. The correction 

loop is active till the error between the assumed efficiency 

and the actual efficiency is within the given limit. As given 

in the flowchart of the developed CAD program in Fig. 2, the 

calculation of the main dimensions, stator design, rotor 

design, and the performance calculations are the main four 

stages of the design. The airgap flux density, slot electric 

loading, winding factor, stacking factor, stator current 

density, slot space factor, flux density in the stator back iron, 

etc., are assumed as fixed input parameters in the design. The 

phase current is decided by the power requirement, and 

induced emf decides the number conductors per slot. 

 

CAD and FE analysis of Three Phase Induction 
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Fig.1. Flowchart for CAD of three phase induction motor 

Three motors with the following ratings were designed using 

the developed CAD program: 2.2 kW,415 V,50 Hz,4-pole; 

3.73 kW,415 V,50 Hz,4-pole; 37 kW,415 V,50 Hz,4-pole. 

Table 1 

DESIGN OUTPUTS  OF THE THREE PHASE 

INDUCTION MOTORS OBTAINED USING THE 

DEVELOPED CAD PROGRAM 

 

Performance 2.2 kW 3.73 kW 37 

kW 

Full load efficiency(%) 81.83 85.96 92.9 

Stator outer diameter(mm) 206.1 239.5 440.7 

Stator inner diameter(mm) 105 124.8 268.2 

Stack length(mm) 125 147.1 316 

Length of air gap(mm) 0.43 0.471 0.782 

Total loss(kW) 0.488 0.609 2.78 

Output power(kW) 2.2 3.73 37 

Input power(kW) 2.688 4.34 39.78 

 

IV.VALIDATION OF THE CAD RESULTS BY FE 

ANALYSIS 

 

The accuracy of the developed CAD program is established 

by conducting 3-D FE analyses of the designed motors . FE 

analysis is carried out by MotorSolve IM. MotorSolve IM is 

a comprehensive tool within which modelling ,design 

iteration and design validation can be carried out for 

induction machines. To facilitate this, user friendly and 

powerful modelling features as well as multiple types of 

analysis options of varying degrees of approximation and 

complexity have been implemented. These include 

equivalent circuit based analysis, AC analysis, PWM and 

dynamical motionsimulations. FE results is given in Table II 

 

Table 2 

DESIGN OUTPUTS  OF THE THREE PHASE 

INDUCTION MOTORS OBTAINED USING THE FE 

ANALYSIS 

 

Performance 2.2 kW 3.73 kW 37 kW 

Full load efficiency(%) 81.80 85.8 92.7 

Torque(Nm) 14.9 24.9 243 

Power factor 0.814 0.83 0.86 

Total loss(kW) 0.490 0.620 2.91 

Output power(kW) 2.2 3.73 37 

Input power(kW) 2.68 4.37 39.8 

 

 

A comparison of CAD and FE results is given in Table 3. It 

is observed that the results are within the acceptance 

tolerance; however, the minor difference between the two 

can be attributed to the empirical design coefficients and 

formulae used in the CAD program. 

 

Table 3 

A comparison of CAD and FE results of  2.2 kW,415 V,50 

Hz,4-pole three phase induction motor 

 

Performance CAD FE 

SOFTWARE 

Full load efficiency(%) 81.83 81.80 

Power factor 0.80 0.814 

Total loss(kW) 0.488 0.490 

Output power(kW) 2.2 2.2 

Input power(kW) 2.688 2.68 

Flux density in stator 

core(Wb/m
2
) 

1.185 1.12 

Flux density in stator 

teeth(Wb/m
2
) 

1.50 1.57 

Flux density in rotor 

teeth(Wb/m
2
) 

1.36 1.37 

Flux density in air 

gap(Wb/m
2
) 

0.45 0.44 

 

The flux density plot of  2.2 kW,415 V,50 Hz,4-pole three 

phase induction motor is shown in fig. 2. 
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Figure 2 

 

The torque-speed characteristics of the designed motor, 

obtained using FE analysis  is given in fig. 3 

. 

 

       Figure 3 

 

 

The efficiency curve obtained using FE analysis is shown 

in fig.4. 

 

 

Figure 4 

 

V. CONCLUSION 

 

A comprehensive CAD procedure involving the derivation of 

the output equation and one self-corrective loops for the 

efficiency for the three phase induction motor is presented. 

The result of three different rating motors arrived using 

developed CAD program. The CAD-based designs are 

validated using the FE analyses. The results of FE analysis 

and CAD are fairly matching. 
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Abstract-This paper reviews some of current development of 

design and analysis of large opening nozzle on cylindrical shell. 

There are various parameter to design large opening nozzle on 

shell and check as per principal of American Society of 

Mechanical Engineering (A.S.M.E.) Sec VII Division – 1.Due to 

large opening the cylindrical shell are weakened and geometry 

discontinuity in the shell because of high stress distribution 

under the required of high steam flow rate, internal pressure, 

temperature, external axial loads etc. The high stress gradient 

such zone may cause structure changes, breakage of fibers, 

microcraking, delamination, changes material behaviour which 

may lead to fracture of structure members. The stress 

development is to analysis by using ANSYS, a versatile Finite 

Element Package.  

Keywords— Large opening nozzle, ASME code, Internal pressure, 

Temperature, Flow rate, Stress analysis, stress effects.   

I.    INTRODUCTION 

n recent year the use of structure which contain a large 

opening nozzle on cylindrical shellas shown in fig. 1.also 

called two intersection of cylindrical shell has continually 

increasing trend. Many engineering installation now involved 

such as boilers, reactor pressure vessel, pipe network in 

chemical plants, off-shore oil drilling tower, Fluid supply 

system etc. Large opening nozzle in these cylindrical 

shellbecause of the ratio of nozzle dia. To shell dia. exceed 

1/2 and 1/3 that is 0.9 > 1/2 and 0.9 > 1/3 as per ASME 

pressure vessel design code. The large opening nozzle on 

shell these geometric discontinuities alter the stress 

distribution in the neighborhood of discontinuity so that 

elementarystress equations no longer prevail. Such 

discontinuities are called ―stress raisers‖ and the regions in 

which they occurare called the areas of stress concentrations. 

There are high stress concentrations which exceed the yield 

stress value of shell material. In addition, because of 

complicated shape at the boundary, it is easy in production to 

form various weld defects. It is necessary to research the 

behavior of elasto - plastic fatigue in the area of a large 

opening at the working temperature.  

II.   STRESS CONCENTRATION 

In a cylindrical shell weakened by a large opening, the stress 

distribution caused by an internal pressure load applied to the 

shell will differ considerably from that in an un-weakened 

shell. The maximum stress will be much larger if there is a 

circular hole in the shell than in the case where there is no 

penetration. This causes the rise in the stress distribution. 

Around the hole, to study the effect of stress concentration 

and magnitude of localized stresses, a dimensionless factor 

called Stress Concentration Factor (SCF), is used to calculate 

the stress rising around hole. The determination of S.C.F 

includes basic concept of engineering like maximum 

stress/strain and nominal stress etc. This factor is ratio 

between the maximum average stress generated in the critical 

zone of discontinuity and the stress produce over the cross 

section of that zone.Ktis defined by Eq. (1) is used  

 

Kt=
𝝈𝒎𝒂𝒙

𝝈𝒏𝒐𝒎𝒊
(1) 

 

 
 

Fig. 1 Large opening nozzle on cylindrical shell 

 
 

III.    REVIEW 
 

To extensive literature survey is carried out for study of large 

opening nozzle on shell to analysis of stress concentration. 

 

A. Literature Review of Opening on Cylindrical/Shell 

 

Zaid Khan et al [1]they studied about the effect on large 

opening structure stability of vessel and its design as per 

ASME Code.The main objective of this paper is to design 

and analysis the effect on large opening and structure 

stability of pressure vessels. There are various parameter to 

design large opening pressure vessels and checked according 

to the principles specified in American Society of 

Mechanical Engineering (A.S.M.E) sec VIII Division 1. And 

various parameter of filter sheet designed vessels and 

checked according to the principles specified in American 

Society of Mechanical Engineering (A.S.M.E) sec VIII 

Division 1. The stress developed in the pressure vessels and 

tube sheet is to analyzed by using ANSYS, a versatile Finite 

Element Packageas shown in fig. 2 ANSYS model of nozzle. 

In this Paper, Thin pressure vessels having a large exhaust 

opening has been kept very near to the Filter sheet are 

designed according to the guideline given in ASME code Div 

I and Div II. Efforts are made in this paper to understand the 

I 
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various stresses in the large opening pressure vessels and 

design using ASME codes &standards to legalize the design. 

The ASME has established what have become internationally 

accepted rules for design and fabrication large openings of 

pressure vessels. And to determine effect present on the large 

opening and causes for failure and taking incorporate 

remedial action in the design to prevent failure. 

 

 

 
 

Fig.2ANSYS model of nozzle 

 

K.I. Shnerenko et al [2]they studied about the stress 

distribution in a composite cylindrical shell With a large 

circular opening.One of the major and most difficult 

problems faced in the mechanics of composite shells is the 

determination of the stress–strain distribution near structural 

and manufacturing holes, inclusions, and interfaces. Because 

of high stress gradients,such zones may cause structural 

changes, breakage of fibers, microcracking, delamination, 

and large deformation, which may lead to fracture of 

structural members. Thin-walled shell structures are 

addressed in. The authors provide formulationsand solution 

methods for stress problems based on various design models 

[4, 7] that account for specific features in the deformation of 

composites. Due to the development of computer technology, 

the need has arisen for efficient numerical methods intended 

to solve a wide class oftwo-dimensional problems using the 

most general design models.Here we solve the stress–strain 

problem for a deep cylindrical composite shell with a circular 

opening using thevibrational difference method.This problem 

is solved by variational difference method and analysis the 

low shear stiffness region. The end of result is obtained that 

the stress gradient at the periphery of the increase with its 

radius. 

 

Ying-Zeng Guo et al [3]they studied about the reliability 

analysis of the reinforcement of a large opening in pressure 

vessel.This paper was Experimental results of strain gauge 

measurements on full scale vessel with large openingare 

reported. Opening in the cylindrical shell are larger than one-

half of the inside diameter of the shells; that is their nozzle 

radius to shell radius ratio exceed 0.5.In opening deformation 

located at the tongue root of the nozzle intersecting on shell. 

The nozzle tongue rootas shown in fig. 3Perspective drawing 

of the nozzle showing open dermation of tongue root are the 

main cause of high gradient stress concentration in the area 

of large opening. The local strain approach is used to predict 

the fatigue life of a pressure vessel with a large opening. The 

nominal stress value of all the measuring point can be 

computed from actually measured strain value. 

 

 

 
Tongue root 

Fig. 3Perspective drawing of the nozzle showing 

open dermation of tongue root 
 

M.D. Xue et al [4] authors told about the stresses at the 

intersection of two cylindrical shells. The stress analysis 

based on the theory of a thin shell is carried out for two 

normally intersecting cylindrical shells with large diameter 

ratio. Here in this paper the modified Morley equation 

instead of Donnell shallow shell equation which is applicable 

to𝝆𝟎 = (𝑹 𝑻 )𝟏/𝟐 ≫ 𝟏 is used for the analysis of the shell 

with cut out. In since 1960s Eringen et al. obtained analytical 

solution based on Donnell shallow shell equation for 

𝝆𝟎 =  
𝒓𝟎

𝑹    ≤ 𝟎.𝟐𝟓  and  𝝆𝟎 = (𝑹 𝑻 )𝟏/𝟐 < 1  , where 𝑟0 

and R are radii Of the nozzle and the vessel respectively and 

T is the thickness of the vessel. In this equation the error was 

present so in this paper the solution shell with cut – outs has 

been improved and extended to the 

 

case of shell with attached nozzles. The results obtained by 

present method are in agreement with those from the finite 

element method (FEM) and experiments for  𝝆𝟎  ≤ 𝟎. 𝟖.  the 

results have been verified upto d/D = 0.8. 

Mani N Thanigaiyarasu et al [5]in this paper authors 

represent the stress analysis of Steam Generator shell nozzle 

junction for sodium cooled fast breeder reactor. The Steam 

Generators (SG) decides the capacity factor in Sodium 

cooled Fast breeder Reactor (SFR) plants and hence they are 

designed with high reliability. One of the critical locations in 

SG is the shell nozzle junction. This junction is subjected to 

an end bending moment and internal pressure. Since the shell 

nozzle junction is the critical location of SG a double-ended 

guillotine rupture will result in leakage of large quantity of 

sodium, which is not desirable. safetyrequirements demand 

that Leak Before Break criteria with assumed initial flaw 

have to be demonstrated. To demonstrate LBB, the basic 

requirement is topredict the state of stress precisely in the 

shell nozzle junction under various loading conditions. An 

efficient finiteelement modeling for shell nozzle junction has 

been presented in which shell elements are employed to 

idealize thewhole region. These results are used for the 
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analysis of leak before break concept. The shell nozzle 

junction model is analyzed with three load cases as given in 

table 1. Three locations are considered like extrados, crown 

and intrados and for each location, three layer stresses are 

calculated. The von mises stress values are plotted in the 

form of graph by taking von mises stress in y-axis and the 

angles around the circumference in x-axis. Half symmetry 

model is taken for analysis. 0o indicates the value in the 

extrados and 90o indicates the values in the crown and 180o 

indicates the value in the intrados. From the results of 

analysis, it can be observed that the maximum stress occurs 

at the junction of pull out region and the nozzle and 

maximum displacement occurs in the middle of pullout 

region. High stress concentration is developed at this location 

due to abrupt change in the geometry and the consequent 

change in stress flow. In this location, the crack is formed 

and can do further analysis. 

 

V.N. Skopinsky et al [6]Modeling and stress analysis of 

nozzle connections in ellipsoidal heads of pressure vessels 

under external Loading. Timoshenko shell theory and the 

finite element method are used. The features of 

the structural modeling of ellipsoid-cylinder shell 

intersections, numerical procedure and SAIS special-purpose 

computer program are discussed. A parametric study of the 

effects of geometric parameters on the maximum effective 

stresses in the ellipsoid-cylinder intersections under loading 

was performed. The results of the stress analysis and 

parametric study of the nozzle connections are presented. 

Results show that it is necessary to pay more attention to the 

effective stresses in the shells in these loading cases. 

Although the stresses due to the external loadings are 

secondary stresses with respect to primary stresses from the 

internal pressure, these stresses should be taken into 

consideration in a complete stress analysis for nozzle 

connections of a pressure vessel. 

 

B. Literature Review of Stress Concentration Factor 

aroundOpening 

 

Avinash Kharat1 et al [7] Stress Concentration at Openings 

in Pressure Vessels. From this paper is cleared that study of 

the effect of change in size, position, location of the opening 

in pressure vessel to study the stress concentration is 

essential. Such problem was suggesting use of DBA (Design 

By Analysis) that includes no-linearity. This approach is 

helpful seen that the Finite Element Method is efficient 

method to use as compare the analytical and experimental 

results to use for simulating the effect. 

 

Aleksandar petrovic [8]Stress analysis in cylindrical 

pressure vessel with  load applied to the free end of 

nozzle.Author applied a finite element method  was 

determine the state of a stress in the cylindrical shell.The 

purpose of this paper is to investigate and determined the 

influence of forces that can act on a nozzle , in cylindrical 

pressure vessel . The case when nozzle , in the form of 

cylindrical pipe is fixed to the cylindrical shell in such a way 

that the nozzle axis forms an angle between 0̊ to 90̊  with a 

tangent to the cylindrical shell was investigated. the 

envelopes  use to algebraic function were determination of 

these maximum stress value. And also used to comparison of  

as experimental method of strain gauge as strip used to 

determined a maximum stress region. The stress value 

obtined from the algebric function were within -12.5 and 

+12.8% of  those from finite elements. The defference 

between stresses deduced from strain guage reading on 

experimental and calculated stresses was maximum of 12%. 

 

P Makulsawatudom et al [9] presented work on elastic 

stress concentration factors (SCFs) for internally pressurized 

thick cylindrical vessels with radial and offset circular and 

elliptical crossholes. Three forms of intersection between the 

crosshole and main bore are considered: plain chamfered and 

blend radius. The minimum SCF was found to occur for the 

plain intersection configuration, with the peak stress at the 

crotch corner between the main bore and crosshole on the 

longitudinal plane of symmetry. Incorporating a chamfer or 

blend radius at the intersection reduces the stress 

concentration at the main bore but introduces higher peak 

stress elsewhere in the chamfer or blend region. The 

finiteelement analysis parametric investigation confirmed the 

well-known result that the SCF is reduced when the 

intersection between the crosshole and main bore surface has 

an elliptical profile. The radial elliptical crosshole reduces 

the SCFs significantly but in general leads to greater 

manufacturing cost. The offset circular crosshole, which is 

cheaper and easier to construct, also reduces the stress 

concentration effect although the reduction is less than that 

of an elliptical crosshole. The investigation considered two 

relatively small openings, typical of instrumentation tapping, 

bursting caps or fluid entry/exit ports in thick high-pressure 

vessels. Overall, the stress concentration effect was greater 

for the smaller hole, although the difference was only about 

5%. When the effect of crosshole end-cap thrust was 

considered, the SCF did not change significantly but was 

slightly alleviated. 

 

 

IV.    SUMMARY OF THE LITERATURE REVIEW 

 

 Form the literature review it is seen that ASME providing 

solutions for more general cases and requires higher factor of 

safety. Also limit load and stress concentration formulae are 

not available for nonstandard shapes and intersections and 

geometrical discontinuity. The code does not consider for 

openings in thin shell but some researchers have shown that 

openings in thin shell are changing stress concentration value 

by considerable amount. 

Most of research is study about evaluatedmaximum stress 

concentration factor region and effect of geometry 

discontinuity around the intersection of neighborhood region    

with help analysis of finite element method used. Some 

paper was analysis the limit of opening size on shell with 

cut-outs. Most of them have used parametric method to study 

the effect of the different design parameter like thickness, 

diameter of the nozzle and cylindrical/shell, opening size. 

Most of the research have used experimental method(stain 

gauge strip) in which the results are obtained directly. 

From above discussion it is cleared that study of the effect of 

change in size, position, location of the openings in pressure 
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vessel to study the stress concentration is essential. The 

position and location of the opening on cylinder is not 

studied in past by researchers and there is no code provision 

for such design. For such problems codes are suggesting use 

of DBA (Design by analysis) that includes non-linearity. 

Majority of research have preferred design by analysis than 

design by code. This approach is helpful in simulating the 

exact mode of failure in pressure vessel. From the above 

literature it is also seen that the finite element method was 

used by most of the researchers to compare the analytical and 

experimental results. So it is clear that finite element method 

is the efficient method to use for simulating the effect. 

V.    CONCLUSIONS 

Stress concentration is one of the most important factors to 

be studied in the cylindrical shell opening. Form this critical 

literature review we can conclude that there is wide 

applicability of finite element analysis in ANSYS 14.5 and 

design calculation as per ASME codeand inPVElite 2014 

software validation the calculations ofthe large opening 

nozzle on cylindrical shell.  This evaluated the maximum 

effected region to induced stress concentration factor and 

reducing effect same and quality will be increase. 
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Abstract-- This paper represents the review on vibration analysis 

of composite plates. As we know that vibration and composite 

material are two main growing research topics now a days. 

Almost all the structural components subjected to dynamic 

loading in their working life and vibration affects working life of 

the structure so it is very important in designing a structure to 

know in advance its response and to take necessary steps to 

control the structural vibration and its amplitude. Composite 

material gives opportunity to designer and engineer to increase 

material efficiency, resulting in cost reduction and better 

utilization of resources. Composites materials application are 

wide in aerospace industries, automobile sector, manufacturing 

industries etc. 

 Presents study involves extensive experimental work to 

investigate the free vibration of woven fiber glass/epoxy 

composites plates in free-free boundary condition and I am 

interested to do research in fixed-free boundary condition of 

composite plates. Vibration of plates depends greatly on its 

thickness, aspect ratio, boundary condition and fiber orientation. 

In this paper we studies different mode frequency for free 

vibration according to change in aspect ratio, thickness and fiber 

orientation. The specimens of woven glass fiber and epoxy matrix 

composite plates are manufactured by the hand-layup 

techniques. Elastic parameters are determined experimentally by 

tensile testing of specimens. An experimental investigation is 

carried out using modal analysis technique to obtain the natural 

frequencies by using FFT analyzer. Also another analysis runs on 

ANSYS to validate the results. This study may provide valuable 

information for researchers, engineers and composite material 

industries in design applications. 

Keywords-Composite material, vibration, Modal analysis, finite 

element analysis, FFT analyzer, Fixed-free Boundary condition. 

I. INTRODUCTION 

iterature review is focused on the different types of 

analysis of composite materials. Basically composite 

material is a combination of two or more number of materials. 

It is simply made by putting several materials together and 

creating a product that is stronger than the sum of their 

materials. History of advance composites begin in 1970s in 

aerospace industries, but now a days after only four decades, it 

is developed in most of the industries. There is possibility that 

increase in composite material characteristics using the latest 

technology and various manufacturing methods have raised its 

application range. Along with progress in technology, metallic 

parts are replaced by composite materials in various industries. 

In many cases materials encounter vibrations in machines and 

mechanisms. The effect of vibration is very prominent 

whether it is small in amplitude or large. Considering the aero 

plane wings the effect of vibration can be severe as those are 

flexible structures. Due to the effect of vibration, strain in the 

wings increases. This can cause instability. To make the 

structure more flexible without compromising its strength, 

vibration study is very important. But still the effect of 

vibration could not be minimized to satisfy level. 

In this paper work, vibration analysis of glass/epoxy 

composite plate under free-free boundary condition is 

conducted for analyze the effect of factors such as thickness of 

composites, fiber orientation angle and aspect ratio on the 

natural frequency. Lots of researchers do their work on free-

free boundary condition hence I wish to do research in the 

field of Fixed-free boundary condition of composite plate and 

find out mode shape and natural frequency changes. 

A.  Scope 

The scope of the study includes the following: 

 Fabrication of Glass/Epoxy composite plate of 

having specific thickness. 

 Experimental Modal analysis work conducted on 

FFT analyzer and also on ANSYS. 

 Affecting parameters are fiber orientation angle, 

aspect ratio and thickness. 

II. METHODOLOGY 

In the present study, it is very important and necessary to 

develop proper composite plate fabrication method. There are 

lots of fabrication methods to develop composite plate. It is 

essential for the reader to know how these materials are 

made.The selection of afabrication process obviously depends 

on the constituent materials in the composite, with the matrix 

material being the key. The name of fabrication processes 

given below:- 

1. Hand lay-up. 

2. Spray-up. 

3. Automated lay-up. 

4. Pultrusion process. 

5. Filament winding. 

6. Resin transfer molding. 

Hand lay-up method was used to fabricate composite 

plate. Perfect plan is necessary to achieve good results in 

conducting research. Simulation is carried out using analysis 

software ANSYS. FRF result, DOE data, and simulation 

results are compared. 

A. Experimentation 

1. Geometric Property 

 Woven fibered glass composites plates are taken as a 

specimen to construct and test. Seven numbers of plates are 

L 
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taken. Plates prepared by hand lay-up by placing various 

layers of glass fiber on each other. The maximum length of 

plate is 25 cm. The average thickness of the specimen was 

measured by a screw gauge having a least count of 0.01mm. 

2.  Fabrication Method 

 The most common materials are glass fiber and 

polyester resin, although higher performance materials can 

also be used. The single sided mold is invariably operatedat 

room temperature using an ambient curing resin. The 

reinforcementmay be in the form of chopped strand mat or an 

aligned fabric such as woven roving’s. The usual feature of 

hand laminating is a single sided female mold,which is often 

itself made of glass fiber reinforced plastics (GRP), bytaking a 

reversal from a male pattern. The GRP shell is often 

stiffenedwith local reinforcement, a wooden frame or light 

steel work to make it.The mold surface needs tobe smooth 

enough to give an acceptable surface finish and release 

propertiesand this is provided by a tooling gel coat that is 

subsequentlycoated with a release agent. The latter prevents 

the matrix resin frombonding to the mold surface and 

facilitates the de-molding operation. Itis common practice to 

use a surface tissue immediately after the gel coatto mask any 

reinforcement print-through on the outer surface. Once the gel 

coat has hardened sufficiently, the reinforcement is laid in one 

layer at a time. Catalyzed resin is then worked into the 

reinforcementusing a brush or roller. This process is repeated 

for each layer of reinforcementuntil the required thickness is 

built up. For thick laminates,pauses need to be taken after a 

certain number of layers have been depositedto allow the 

exothermic heat to dissipate before additional layers 

aredeposited. Local reinforcements can be used to provide 

stiffness in specificareas and lightweight formers such as 

foams or hollow sections canbe laminated in for the same 

purpose. The process remains an important one for low 

volume manufacture, althoughincreasingly stringent emission 

regulations are forcing severalmanufacturers to explore the use 

of closed mold alternatives. 

 The percentage of fiber and matrix was 50:50 in 

weight at first, which will vary afterwards according to 

experiments. Fiber orientation also changes to study the 

different orientations of fibers on vibration. Below figure 

shows the hand lay-up techniques.  

 

Fig. 1.Wet/Hand lay-up fabrication process 

3.  Determination of material constants 

 The fibers used in modern composites have strengths 

and stiffness’s far above those of traditional bulk materials. 

The characteristics of woven fiber glass/epoxy composites 

plate which can be determined completely by two material 

constants E and ʋ. Composite plate having 8 layers is 

manufactured to evaluate the material constants. The constants 

E and ʋ are determined experimentally by performing tensile 

test on specimen as describe in ASTM standard: D 638-08 and 

D 3039/D 3039 M-2006. The specimen of same size plates 

were cut themselves by diamond cutter or by hex saw. After 

cutting in the hex saw, it was polished in the polishing 

machine. At least three specimens were tested and mean value 

adapted. 

III. TESTING 

FFT analyzer is used to analyze vibration in the 

specimen of having fixed-free boundary condition. 

A. Test setup 

Apparatus:  Following apparatus will be used to perform the 

experiment: 

 Impact Hammer. 

 Accelerometer. 

 Multi-channel Vibration Analyzer (At least two-channel). 

 A PC or a Laptop loaded with software for modal 

analysis. 

 Test-specimen (A cantilever held in a fixture). 

 Power supply for the PC and vibration analyzer, 

connecting cables for the impact hammer and 

accelerometer, fasteners and spanner to fix the specimen 

in the fixture, and adhesive/wax to fix the accelerometer). 

The connections of all the instruments are done as per 

the guidance manual. The plate was excited by impact 

hammer. The plate is at Free-Free condition. 

B. Test procedure 

 Prepare the plate: Measure the length on the fixture that 

holds the composite plate and leave the margin of that 

length on the plate. Divide the remaining length of plate 

into six parts and mark node numbers at each division – 

from 1 to 7. Let node 7 bethe fixed end. Fix the 

accelerometer to the plate at node 4 but on the face of the 

plate opposite to the marking and node number up. Fix 

the plate into slot on the fixture so that simply supported 

beam is formed. 

 Connect the wires and cables. 

 Switch on the power supply.  Open the software of 

vibration analysis and experimental modal analysis 

installed on the PC/laptop.  Provide necessary inputs and 

make necessary settings in the software.  Ensure that there 

is proper supply and communication between the devices 

connected. 
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 Now we shall provide impacts by the impact hammer on 

the nodes marked on the simply supported beam one by 

one.  Impacts will be given on nodes 2, 3, 4, 5,6 and 7; 

node 7 is fixed and node 1 is free. Accelerometer is 

connected at node 5.   Signals from the impact hammer 

and the accelerometer will be received by the vibration 

analyzer for each impact provided one by one and will be 

compared and analyzed by the software.  Curve known as 

Frequency Response Function (FRF) will be generated by 

the software that is used to find the natural frequencies of 

the plate. 

 Observe the curve and read frequencies that correspond to 

peaks of the FRF. 

 

Fig. 2. Experimental setup 

C. Ansys FEA model 

FEA involves three stages of activity: 

 Preprocessing 

 Processing 

 Post processing. 

In the study, FEA is conducted using ANSYS software. 

To modal the composite plate linear layer Shell 99 element is 

used. The plate is at free-free boundary condition. Degrees of 

freedom are UX, UY, UZ, ROTX, ROTY, ROTZ. 

IV. DATA ANALYSIS 

 

Plate 
Mode 

no. 

Experimental 

frequency(Hz) 

Simulation 

frequency(Hz) 

Error 

(%) 

Glass/epoxy plate 

with aspect ratio 

1:1 

1 224.6 210.7 6.18 

2 576 618 7.29 

3 1298 1197 7.78 

Glass/epoxy plate 

with aspect ratio 

1:1.5 

1 332 283 14.75 

2 791 881 10.21 

3 1562 1467 6.11 

 

Table1.Natural frequency with various aspect ratios. 

Plate 
Mode 

no. 

Experimental 

frequency(Hz) 

Simulation 

frequency(Hz) 

Error 

(%) 

Glass/epoxy plate 

with aspect ratio 
1:2 

1 400.4 308 21 

2 927.7 960 3.61 

3 1845 1787 3.14 

 
Table 2.Natural frequency with various aspect ratios. 

Plate 
Mode 

no. 

Experimental 

frequency(Hz) 

Simulation 

frequency(Hz) 

Error 

(%) 

Glass/epoxy plate 

with [45/-45] fiber 
orientation 

1 224.6 223.86 0.32 

2 476 584 18.15 

3 1093 1.37 5.12 

Glass/epoxy plate 

with [30/-60] fiber 
orientation 

1 255.13 262 2.67 

2 661 634 3.36 

3 1296 1214 6.3 

 

Table 3.Natural frequency with various fiber orientations. 

This table clearly shows that the change in aspect 

ratio and fiber orientation changes the natural frequency of 

plate.  

V. RESULT AND DISCUSSION 

The experiment shows lower value at [45/-45] fiber 

orientation and increases natural frequency for [30/-60]. 

Maximum 6 % error possesses between experimental and 

simulation results. Natural frequency increases with increase 

in the aspect ratio. Experimental values and simulation study 

are compared with each other. There are lots of errors between 

experimental value and simulation value because:  

1. Same plates are not used for tensile test and vibration test. 

2. No accurate lay-up on the plates because of hand operation. 

3. Speed and environment of testing.     

 I am also expecting a same kind of results that as 

thickness, aspect ratio and fiber orientation changes natural 

frequency and mode shapes also changes. Above results 

graphs shown below:-  

 

Fig. 3.Effect of fiber orientation on natural frequencies. 
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Fig. 4.Effect of aspect ratio on Natural frequency. 

VI. CONCLUSIONS 

Composites have attractive mechanical and physical 

properties. The values of fundamental natural frequencies of 

the plate obtained by a combination of Fiber glass epoxy and 

resin in various aspect ratios and various fiber orientation of 

the plate. FFT analyzer plays very important role to validate 

the results of ANSYS. Experimental and analytical both 

results showing the same result pattern which is satisfactory. 

Manufacturing consideration plays an important role 

in design part. I have also wanted to analyze the effect of 

different fabrication factors such as curing time, curing 

temperature and volume fabrication ratio so as to optimize the 

fabrication process. This is the future scope of this paper.  
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Abstract— Severe natural Hazard, like e.g. tsunamis or 

earthquakes, often lead to catastrophes with spectacular 

consequences. In these days natural disasters caused loss 

hundreds of thousands of human, damage to infrastructure, 

disturbance of financial activity and loss of billions of money 

worth of material. The overall goal of this study focuses on 

developing a tsunami evacuation map to contribute to a tsunami 

early warning information system for Indian subcontinent. This 

presents the hazard mapping for Tsunami and strategy for 

Tsunami evacuation for Okha (22.4667° N, 69.0667° E) and 

western coast of Gujarat state on Indian subcontinent. The need 

for the study is to aware people for the hazard of tsunami and 

saving maximum lives when tsunami occurs there.  The past 

historical earthquakes of Tsunamigenic source of  Makran 

subduction zone which was responsible for causing tsunami on 

western coast of Gujarat state of for Indian subcontinent are 

studied. The outcomes of this study can be utilized by public 

policy and decision makers in developing disaster management 

strategies. 

 

Keywords— earthquakes, tsunami evacuation map, ANN 

I. INTRODUCTION 

sunami is a Japanese word meaning harbour wave. A 

tsunami is an anomalous sea level elevation seen some 

times as a series of waves with a long wavelength and period 

(time between crests) generated by a large, impulsive 

displacement of sea water (1). Time between crests of the 

wave can vary from a few minutes to over an hour, but 

generally are in the range of 15 to 25 minutes. One of the 

major hazards due to tsunamis, even of small amplitudes, are 

the very strong currents that can be generated, that can rip the 

tie lines and moorings of vessels and cause serious damage 

to piers and docks (2).  For anyone in tsunami evacuation 

zones, strong ground shaking from an earthquake is the 

natural warning that a tsunami might be coming. People on 

the beach or in harbour areas should evacuate for any felt 

earthquake and, if strong shaking lasts for 20 seconds or 

more, all people within evacuation areas should move inland 

or to higher ground. However, strong earthquake shaking can 

also cause additional hazards, such as landslides or downed 

power lines, which can inhibit or prevent safe evacuation (3). 

Identification of these potential hazards along evacuation 

routes, evacuees might be routed through areas where they 

could become injured while moving away from potential 

tsunami inundation areas. The state tsunami program 

provides assistance to jurisdictions that request help 

preparing or reviewing evacuation plans to address local-

source tsunamis (4). However, for local jurisdictions that 

would like to evaluate these potential evacuation hazards 

using their own resources, the following step-by-step 

guidance is provided as, A tsunami evacuation plan (TEP) is 

a plan that will be invoked if a tsunami alarm has been 

triggered. Hence a TEP will affect a variety of preparedness 

measures to be activated in the case of tsunami alert. The 

purpose of a TEP is to save the life of those persons that 

might be affected by the incoming tsunami waves (5). 

Tsunamis may arrive at Indonesian shores within 20-40 

minutes after the earthquake that has triggered it. In some 

locations arrival times can be even shorter. It is vital that 

individuals, families and institutions have the capacity to 

react in a quick and appropriate manner to avoid the 

damaging waves and their impacts (6). Therefore, local 

evacuation plans and warning arrangements are needed. To 

achieve this, it needs the involvement of many stakeholders, 

from local authorities to different elements in the community. 

II. POSSIBILITY OF TSUNAMI IN GUJARAT 

Five of the great earthquakes in Makran may have 

ruptured the plate boundary in four different rupture 

segments of lengths of about 200 km each in 1483 (58–60°E), 

1851 and also 1864 (61–63°E), 1945 (63–65°E), and 1765 

(65–67°E) (7). Out of all these earthquakes only the 1945 

earthquake is known to have caused a large tsunami, 

followed by a large aftershock in 1947 immediately to the 

south. The western Makran zone has no clear record of 

historic great earthquakes. Absence of frequent earthquakes 

indicates either that seismic subduction occurs or that the 

plate boundary is currently locked and experiences great 

earthquakes with long repeat periods (8).  

One of the most deadly tsunamis ever recorded in the 

Arabian Sea occurred with its epicenter located in the 

offshore of Pansi in the northern Arabian Sea, about 100 km 

south of Churi (Baluchistan), Pakistan , at 21.56 UTC (03.26 

IST) on November 28, 1945. More than 4000 people lost 

their life along the Makran coast of Pakistan by both the 

earthquake and tsunami. The tsunami was responsible for 

great loss of life and destruction along the coasts of India, 

Pakistan, Iran. The earthquake’s Richter Magnitude (Ms) 

was 7.8 (Pendse, 1948) & the Moment Magnitude (Mw) was 

revaluated to be 8.1 (7). 

Different points of bathymetry from Makran Subduction 

Zone to Cities of interest are shown in figure 2. Different 

points indicating depth of sea floor is prepared by using 

global mapper. This profile is shown in figure 2. This profile 

is prepared using World Bathymetry data of 30 grid SRTM 

Data. 

T 
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Fig. 1: Great Earthquakes in MSZ.(V.M Patel et. al., 2011) 

 
Fig. 2: Makran Subduction Zone to Okha City bathymetry profile 

III. METHODOLOGY 

The Step wise procedure of evacuation mapping is as 

following:  

Step 1: The mapping is stepwise process. In mapping of 

tsunami first the satellite image showing population is geo-

referenced with the SRTM data of Gujarat. 

Step 2: The contours are generated in the geo-referenced 

image. Than the coastal regions are shown using different 

colors and hazard map is prepared by showing 1 to 6 m 

heights by different colors. 

Step 3:  The details of topography and colors indicated is 

shown in maps.  

Step 4: The evacuation maps are then prepared according 

to recommendations. 

Fig. 3: proposed methodology for Tsunami Evacuation Map 

IV. RESULTS AND ANALYSIS 

 

The satellite image of Okha city is shown in the sketch. 

The population density is assumed to be dense in densely 

populated area as shown in satellite map. Various thematic 

maps are generated for parameters to be analysed. Figure 4 

shows Road map of Okha city, Figure 5 shows Population 

map with existing routes, Figure 6 shows snap shot of Geo-

reference map of Okha city, Figure 7 shows snap shot of 

Hazard map of Okha city and Figure 8 shows Snap shot of 

Evacuation map of Okha city.An easy way to comply with 

the conference paper formatting requirements is to use this 

document as a template and simply type your text into it. 

 
Fig. 4: Road map of okha city 

 
Fig. 5: Population map with existing routes (Source: Google Earth) 

 
Fig. 6:  Snap shot of Geo-reference map of Okha city 
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Figure 7: Snap shot of Hazard map of Okha city 

 
Fig. 8: Snap shot of Evacuation map of Okha city 

A vertical evacuation refuge from tsunamis is a building 

or earthen mound that has sufficient height to elevate 

evacuees above the level of tsunami inundation, and is 

designed and constructed with the strength and resiliency 

needed to resist the effects of tsunami waves. (FEMA P646).  

Vertical evacuation structures can be intended for general use 

by the surrounding population, or by the occupants of a 

specific building or group of buildings. Choosing between 

various options available for vertical evacuation structures 

will depend on emergency response planning and needs of 

the community, the type of construction and use of the 

buildings in the immediate vicinity, and the project-specific 

financial situation of the state, municipality, local community, 

or private owner considering such a structure. (FEMAp646).  

 

Fig. 9: Vertical Evacuation Structures proposed at Okha  

V. MODELLING AND PREDICTION  

Numerical modeling of tsunamis is commonly carried out 

to better understand events that have occurred either during 

or before historical times. Numerical modeling can also help 

to predict the effects of a future tsunami. Tsunamis which are 

mainly generated by the movement of sea bottom due to 

earthquakes belong to long waves. In the theory of such 

waves, the vertical acceleration of water particles are 

negligible compared to the gravitational acceleration except 

for an oceanic propagation of tsunami. As the problem under 

study that requires the approximation to be very accurate, 

feed-forward, back-propagation networks are used for the 

modeling purpose. The Levenberg-Marquardt algorithm is 

well suited to functionalize approximation or prediction 

problems with networks of moderate size and number of 

parameters (20).  

Figure 8 shows the ANN structure used for predicting the 

run-up height of Tsunami wave. The simulated model was 

trained for 76 test data and tested for 10 data sets. The 

conclusions on the actual data for this problem were 

validated. 

VI. CONCLUSION 

Evacuation is the most important and effective method to 

save human lives during a tsunami. An important factor in 

establishing evacuation measures during a tsunami is an 

accurate representation of the timing of people’s responses to 

the emergency. In this study, with the help of satellite 

technology tsunami evacuation map is generated for western 

coast of Gujarat state of for Indian subcontinent. In this study 

evacuation map of study area is generated in an open source 

map digitalization tool. Vertical Evacuation Suggestions of 

study area are derived from further analysis of geo 

referenced map. These Vertical Evacuation Suggestions are 

provided based on various parameters related topography and 

geology of study area. These results of this study can be 

utilized by public policy and decision makers in developing 

disaster management strategies. 

 

Fig.10. ANN structure used for predicting Run-up Height 

VII. FUTURE WORK  

The tsunami forecast model can be used warn the officials 

and disaster prevention and administration unit of the state. 

The authors proposed to implement the vertical evacuation 

structure for Okha. The automated alert can also be generated 

using the same model which could suggest the disaster 

preventive action to be taken to subdue the effects in affected 

areas. similar studies can be carried out for other tsunami 

prone areas all over the world. 
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Abstract- The document describes a method for creation of a 

virtual world involving a gadget named Live Braille for 

navigation of blind in the real world. The method involves the 

development of a glove with number of vibrators that can 

vibrate and the ‘sense of touch’ of the blind will help the 

person. These vibrators are controlled by the ultrasonic 

sensors mounted on the fingertips of the glove. The vibration of 

particular vibrator tells the blind about the environment 

around. 

Keywords— Braille, ultrasonic, vibrator, LIDAR, e-Vision. 

I.   INTRODUCTION 

ver the years, constant development has undertaken the 

domain of gadgets, GPS navigation, night vision but no 

potential device has come up for the navigation of the blind 

in normal world that is ergonomically, economical, 

universally applicable, robust and most importantly reliable. 

Live Braille is a ground up navigation and support tool for 

the blind that proves to provide the best real life navigation 

at the lowest price point possible. The fundamental concept 

behind live braille is telling the blind the ‘distance’ and 

‘direction’ of the obstacles in 0-180 degree field of view and 

5 directions in all at a time with the ‘sense of touch’ of the 

person. 

II.  FIGURE DESCRIPTION 

A.  Fig. 1 blueprint of the area covered by gadget 

 

1 Close range square blocks. Range less than 3m. This is 

done to simulate better and more accurate result for a 

close range with more block density. 

2 Outer indicator ring that supports the Braille compass. 

3 The position of the person 

4 Front object indicator in case a block in 1m range 

elevates and vibrates. 

5 Braille compass: the maximum range of the gadget i.e. 

upto 5 m maximum. 

6 Circular ring blocks to simulate natural long distance 

view which is almost circular in nature.  
 

B. Fig. 2 Live Braille Prototype. 

 

 
Fig. 1 blueprint of the area covered by gadget 

III.  DETAILED WORKING AND DESCRIPTION 

Starting with ‘distance’ live braille consists of ultrasonic 

sensors mounted on the glove at the position of the finger 

tips. These sensors tell the distance of any hindrance, 

obstacles etc. from the fingertip to the microcontroller 

which is embedded in the glove itself. Since there are 5 

fingers all in different direction which when opened in full 

stretch make an angle of roughly 0-180 degrees every finger 

tells the distance of obstacle in its direction. Now there are 

two sensors on the top of the hand and the bottom of the 

hand to look for barriers in order to protect the head and the 

bottom sensor to look out for stairs (ascending/descending), 

pits and sudden irregularities in the path the blind walks on. 

Now if we club the second and third finger of every hand 

from the index finger and use only one ultrasonic sensor for 

them we have 6 sensors in all. 

Till now, the ultrasonic sensors have found out the distance 

of obstacle from every finger and told the microcontroller, 

the distance up to a precision of 0.3mm but the blind needs 

to be informed about this. Now, in order to convey this 

useful information to the blind, one can use any of the two 

senses- hear or touch. Hearing has some own practical 

drawbacks. The most important of it is that it can take only 

one data at a time so if the person is using a pair of 

headphones to know the distance he might not be able to 

hear the horn of an approaching car or a whistle of a police 

man or any other surrounding disturbance that is necessary 

to be listened. In other words, the blind trades his hearing 

ability for a partial ability of sight. Just to counter this, Live 

Braille, uses the sense of touch. 

Every finger is not only equipped with ultrasonic distance 

sensors but also four vibrators. The distance of an obstacle 

is classified into 3 sectors i.e. 0-50cm (about to hit), 50-

200cm (close-by obstacle) and 200 to 400cm (a faraway 

obstacle). So every finger has ultrasonic sensor that tells the 

distance of an obstacle in the direction of the finger with the 

help of the vibrators mounted on the finger itself. There are 

two vibrators, mounted on upper part of the hand as well as 

on the lower part of the hand.  

Now, to enhance the optimisation of the product, a fault 

indication system for every vibrator will be installed and in 

case, there is a fault, the unit sends an SMS to the Live 

Braille outlet instantly telling the failed part, the location of 

the blind, the user number and the model of the Live Braille 

unit. In return, the service station responds by sending an 

automated SMS regarding the severity of the fault, the 

precautions to be taken up and the time and costing it will 

take for getting repaired.  

Some advanced features can also be installed on Live 

Braille like remote wireless switching of appliances, google 

maps and voice over navigation support, voice recognition, 

automatic SMS and calling service. 

 

O 
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Fig. 2 Live Braille Prototype 

As, it is said, enhancement of technology is a never ending 

process, so stopping Live Braille from its enhancement will 

also be wrong. 

As it was observed that the term ‘virtualisation’ was used 

for blinds, but still blinds were not able to completely adapt 

in the virtual world. This leads to the origin of ‘e-Vision’, 

the most advanced version of Live Braille that would prove 

to be a boon for the blinds. 

With e-Vision, a blind person needs to wear two products in 

the form of cap and broad wrist bands. These two products 

will help in creating the virtual eyes for the blinds to 

visualise the beauty of nature and also to achieve 

independency. 

Again starting from the ‘distance’, e-Vision will be making 

use of LIDAR the most advanced technology for obstacle 

detection instead of ultrasonic sensors. With the ranging 

ability of forty metres and ability to predict the surroundings 

map, this technology will revolutionise the market of all 

navigation products existing for blinds. 

LIDAR is a cumulative effect of two technologies namely 

LASER (high speed emissions) and optics. Combination of 

speed and accuracy is the most desirable approach in order 

to obtain any stable system. 

If LIDAR is combined with the technology of GPS (global 

positional system) and an IMU (Inertia Measurement Unit), 

the sensor data can be translated into static points for 

multiple uses in a system. As e-Vision has already achieved 

the state of GPS in the form of advanced Live Braille, thus 

LIDAR can be made in optimum use. 

This was all about how the obstacle will be sensed 

throughout, now the turn of physical interpretation comes. 

This time, the complete set up will be made on person’s 

wrist and cap, and thus, freeing the persons’ hand from 

carrying any sort of physical arrangement. LIDAR will be 

attached in the middle of cap, and whatever response it will 

be capturing, will be sent to the mechanism on the wrist of a 

person.  

Multiple vibrators will be attached in a pattern such that 

every pattern can form any of the twenty six English 

alphabets. Whenever, any stationary or non-stationary 

obstacle approaches the person, The LIDAR will send its 

output to this pattern and hence, the main vibrator on top of 

pattern will turn on, indicating the person about the 

approaching obstacle. To make the obstacle more precise, 

the pattern will indicate the type of obstacle (stationary 

(tree, standing car) or non-stationary (approaching car, 

human)) in the form of BRAILLE – the peculiar language, 

specially made for blinds so that they can read. By sensing 

the motion of vibrators, they can know about the type of 

hindrance they faced on their way. This was all about 

navigation. 

Now, talking about all those special static points that can be 

obtained using GPS and IMU, can be used to make the 

entire map in the BRAILLE language, helping blinds to 

recognise the places and ways they visit. 

This was all about the navigation systems. Further, a 

tourism mode will also be added to the product, which, no 

doubt, will raise the cost of the product but for those who 

can afford the price to be raised by 1k$, it is the best salient 

feature, they have ever experienced.  

Tourism is accompanied by photography and getting 

acknowledged with the history about the places or 

monuments, they are visiting. Both these things will be 

facilitated to them in e-Vision where they can independently 

click photographs without asking anyone to help. This 

would be loved by blinds who are reluctant to click selfies. 

A small webcam will be placed on cap which will be in 

alignment with the LIDAR sensor. Whenever, the user 

switches to tourism mode, the blind can command the 

camera to click a picture. 

Once, the image is clicked, it is processed in order to extract 

the requisite information from it. After the processing and 

automatic image annotation, again the role goes to speech 

processing module which will be informing the user about 

all the facts and describes everything about the image 

captured. In this way, blinds would be able to enjoy, not the 

complete, but at least, the partial virtual eyes. 

IV.  CONCLUSIONS 

The live braille board provides a completely novel method 

for the navigation of a blind in the real world which cost 

effective, reliable, easy to use and robust. The concept of 

creating the virtual world is fundamentally revolutionary 

that sets a landmark and since it is the world of the blind 

more and more intelligence and technology can be 

integrated into it, So that even the blinds can taste the 

wonders of technology. 
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Abstract— Shell and tube heat exchangers are widely used in 

process industries for exchange of heat from one fluid to 

another by indirect means. Design of heat exchanger is lengthy 

and iterative procedure and overall cost of heat exchanger 

depends upon various independent variables. Here in present 

study, we have considered ammonia condenser for study 

purpose. As ammonia is produced widely in urea 

manufacturing industries. In present study, we have studied 

effect of various independent variables like tube outside 

diameter, tube length and baffle spacing on heat transfer 

coefficient and pressure drop. 

Keywords— Ammonia, HTRI, Condenser design, Shell and 

tube heat exchanger  

I. INTRODUCTION 

eat transfer between process fluids is an inseparable 

part of most of the chemical processes[1]. Heat 

exchangers are equipment, which is used in chemical 

industries for exchange of heat. Several types of heat 

exchangers are used in industrial processes. These include 

double pipe heat exchangers, shell-and-tube exchangers, 

plate-and-frame exchangers and many others[2]. From all of 

the mentioned heat exchangers, shell-and-tube heat 

exchangers are widely used in heating and air conditioning, 

chemical processes, power generation, refrigeration, 

manufacturing and medical applications. Shell-and-tube heat 

exchanger provide advantage of high surface area to volume 

ratio and is adaptable to various operating conditions[3]. 

Design of shell-and-tube is an iterative procedure, which 

is constrained by maximum allowable pressure drop. Before 

starting design, designer have to specify certain independent 

process variables like outside diameter of tube, geometry of 

tube pitch, baffle spacing and number of tube side pass 

partition are independent and can affect design significantly. 

These independent variables have pronounced effect on heat 

transfer coefficient and pressure drop. So trial and error 

procedure is required to find optimum design of shell-and-

tube heat exchanger. 

Computational tools like HTRI and HTFS are extensively 

used for rating and thermal design purpose of the heat 

exchangers however, they do not consist any optimization 

techniques. These softwares also require input in terms of 

independent variables, which will govern overall design. 

In present study, effect of independent variables are 

studied in terms of their effect on heat transfer coefficient 

and pressure drop for ammonia condenser using HTRI. This 

paper will provide rough estimate to designer for initial 

selection of independent variables, so that optimum design 

can be converged with less number of iterations.   

II. PROBLEM STATMENT 

Ammonia enters into condenser at 7000 Kg/h, 120 °C 

temperature and 16 bar (a) pressure. At inlet ammonia is in 

superheated condition. At exit subccoled ammonia liquid is 

obtained at 26 °C. Cooling water is used as a cooling 

medium. Water comes from cooling tower so that maximum 

temperature of water is 20 °C. Discharge head of water pump 

is 6 kgf/cm
2
. Water temperature is maintained by induced 

draft fan in cooling tower. Ammonia vapour is allocated on 

shell side while cooling water is allocated on tube side. 

III. RESULTS AND DISCUSSION 

Effect of one independent variable is studied while 

keeping rest of the independent variables constant. Several 

independent variables like outside diameter of tube, tube 

length, baffle spacing and number of tube side pass partition 

are considered for present work. Influence of independent 

variables are encountered with constant process parameters. 

Process parameters which are remained constant are 

tabulated in Table 1. For the given problem, observations are 

reported in rating mode of HTRI. For rating shell inside 

diameter was kept 1.1 meter. 

Table 1. Constant Process Parameters 

Sr. No. Process Parameter Value 

1 Hot fluid flow rate 1.944 kg/s 

2 Cold fluid flow rate 53.7 kg/s 

3 Hot fluid inlet temperature 120 °C 

4 Hot fluid outlet temperature 26 °C 

5 Cold fluid inlet temperature 20 °C 

6 Cold fluid outlet temperature 32 °C 

7 Hot fluid inlet pressure 1600 kPa 

8 Cold fluid inlet pressure 600 kPa 

 

In entire study, units and nomenclature listed (as per Table 

2) against their name are used. 

 

H 
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Table 2. Nomenclature and units for variables and parameters 

 

Sr. 

No. 

Parameter/Variable Nomen

clature 

Unit 

1 Tube outside diameter d0 mm 

2 Tube inside diameter di mm 

3 Tube side heat transfer 

coefficient 

hi W/m
2
°

C 

4 Shell side heat transfer 

coefficient 

ho W/m
2
°

C 

5 Tube side Pressure drop ∆pt kPa 

6 Shell side Pressure drop ∆ps kPa 

7 Tube length L m 

8 Baffle Spacing BS m 

 

A.  Effect of tube outside diameter 

Effect of tube outside diameter is encountered on tube 

side and shell side heat transfer coefficient and tube side and 

shell side pressure drop. For constant wall thickness of tube, 

with increase in tube outside diameter tube inside diameter is 

increased. Due to increase in tube inside diameter, tube side 

velocity decreases for constant volumetric flow rate and 

number of tubes in given shell decreases. Relation between 

tube outside diameter and velocity is shown in Figure 1. 

Decrease in tube side fluid velocity cause reduction in tube 

side heat transfer coefficient as there will be overall 

reduction in Reynold’s number. For forced convection heat 

transfer, heat transfer coefficient is strong function of 

Reynold’s number. For shell side fluid, velocity increases as 

the tube OD increases. This increase in shell side fluid 

velocity is justified as shell side cross flow area decreases 

with increase in tube OD. But shell side heat transfer 

coefficient do not vary significantly with the tube OD. Effect 

of tube OD is more sensitized on tube side heat transfer 

coefficient than shell side heat transfer coefficient. 

 

 
 

Figure 1. Relation between shell side and tube side fluid velocity and tube 
OD (Shell ID = 1.1 m, Baffle cut = 25%, Baffle spacing = 0.2 m, Layout 

angle = 30o, Tube length = 5.486 m) 

 

On the same line results are observed for tube side and 

shell side pressure drop. Tube side pressure drop decreases 

as tube OD increases, because tube side velocity decreases 

with increase in tube OD. For shell side fluid, pressure drop 

increases slightly as shell side fluid velocity has increased. 

But effect on tube side pressure drop is more pronounced 

compared to shell side pressure drop. Observation for shell 

side and tube side heat transfer coefficients and pressure 

drops are tabulated in Table 3. 

Table 3. Relation between tube OD and shell and tube side heat transfer 
coefficient and pressure drop. 

Sr. 

No. 

Tube 

OD 

Tube side 

heat 

transfer 

coefficient  

Shell side 

heat 

transfer 

coefficient 

Tube 

side 

Pressure 

drop 

Shell 

side 

Pressur

e drop 

1 6.35 17694 2906.74 1465.16 4.529 

2 9.525 9441.4 2711.92 221.412 4.698 

3 12.7 7189.4 2471.27 95.288 4.644 

4 15.875 6212.56 2427.53 60.183 4.547 

5 19.05 5680.59 2365.46 45.326 4.458 

6 22.225 5414.96 2290.73 38.355 4.373 

 

B. Effect of tube length 

Effect of tube length on tube and shell side heat transfer 

coefficient and tube and shell side pressure drop is studied. 

Increase in tube length will not affect tube and shell side heat 

transfer coefficient and shell and tube side pressure drop 

much as tube and shell side cross flow area will not change 

with tube length. There is slight reduction in shell side 

velocity due to pressure drop along the length of heat 

exchanger. Obtained results are tabulated in Table 4. 

Table 4. Relation between tube length and shell and tube side heat transfer 

coefficient and pressure drop. 

Sr. 

No. 

Tube 

length 

Tube side 

heat 

transfer 

coefficient  

Shell side 

heat 

transfer 

coefficient  

Tube 

side 

Pressure 

drop 

Shell 

side 

Pressure 

drop 

1 1.892 4656.86 2381.94 18.068 3.847 

2 2.438 4651.09 2417.07 20.293 4.141 

3 3.048 4649.47 2373.4 22.515 4.429 

4 3.658 4652.98 2451.63 24.746 4.678 

5 4.267 4654.13 2368.95 26.958 4.925 

6 4.877 4655.31 2449.88 29.187 5.184 

7 5.486 4655.66 2423.51 31.413 5.398 

8 6.096 4657.41 2401.11 33.638 5.585 

 

C. Effect of baffle spacing  

Effect of baffle spacing was investigated on shell side 

heat transfer coefficient and shell side pressure drop. With 

increase in baffle spacing shell side heat transfer coefficient 

remains almost constant because for condensation outside 

tubes and horizontal condenser shell side heat transfer 

coefficient do not depend upon baffle spacing as per equation 

1[4]. Slight decrease in heat transfer coefficient with increase 

in baffle spacing was observed because de-superheating and 

sub-cooling heat transfer coefficients depends upon shell side 

cross flow velocity. 
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-----(1) 

Where,  

  
Wc = Total condensate flow in (kg/s) 

L = Length of tube 

Nt = Tube in bundle 

Nr = Average number of tube in vertical tube row. 

ρv = Density of vapor 

ρL = Density of liquid 

g = Acceleration due to gravity, 9.81 m/s
2 

Shell side pressure drop decrease very slightly with 

increase in baffle spacing as shown in Figure 2. This 

behavior is justified as increase in baffle spacing increases 

shell side cross flow area, therefore reducing shell side 

velocity. Reduction in shell side velocity reduces pressure 

drop. While tube side pressure drop is not dependent upon 

baffle spacing therefore tube side pressure drop remains 

constant (58.296 kPa). 

 

 
Figure 2. Effect of baffle spacing on shell side pressure drop. (Shell ID = 1.1 
m, Baffle cut = 25%, Tube side number of passes = 4, Layout angle = 30o, 

Tube OD = 19.05 mm, Tube Length = 4.267 m) 

D. Effect of number tube side passes 

Effect of variation in number of tube side passes were 

studied on tube and shell side heat transfer coefficient and 

tube and shell side pressure drop. Effect of change in passes 

on number of tubes, tube and shell side heat transfer 

coefficient and tube and shell side pressure drop is tabulated 

in Table 5. 

For fixed internal diameter of shell, increase in number of 

passes decreases number of tubes. Due to reduction in tube 

side area with increase in tube side passes, tube side velocity 

increases and tube side turbulence is increased. As tube side 

heat transfer coefficient is strong function of Reynolds’ 

number, tube side heat transfer coefficient increases. With 

increase in tube pass from 1 to 16, tube side heat transfer 

coefficient increases almost 18.5 times. While shell side heat 

transfer coefficient do not change appreciably with number 

of tube side passes. 

Increase in tube side passes also affects tube side pressure 

drop considerably. Increase in number of passes from 1 to 16, 

increases tube side pressure drop almost 165 times. While 

the same has negligible effect on shell side pressure drop. 

Table 5. Relation between numbers of tube passes tube and 

shell heat transfer coefficient and pressure drop 

Pass No. 

of 

tubes 

Tube 

Velo

city 

(m/s) 

Shell 

Velo

city 

(m/s) 

Tube 

side 

heat 

transfer 

coeffici

ent 

Shell 

side 

heat 

transfe

r 

coeffic

ient 

Tube 

side 

press

ure 

drop  

shell 

side 

press

ure 

drop 

1 1543 0.18 0.58 740.01 1918 6.93 4.71 

2 1498 0.37 0.49 1905.9 2239 9.45 4.57 

4 1424 0.77 0.47 3496.9 2210 22.3 4.58 

6 1364 1.13 0.43 5604.2 2155 58.2 4.4 

8 1324 1.58 0.42 7186.1 2172 129 4.38 

10 1282 2.47 0.44 8781.9 2204 252 4.38 

12 1244 2.51 0.45 10390 2230 441 4.38 

16 1164 4.17 0.43 13665 2211 1148 4.37 

 

IV. CONCLUSIONS 

In present work, performance of ammonia condenser is 

evaluated in terms of tube and shell side heat transfer 

coefficient and pressure drop. The main findings of the work 

is as follows: 

1. Increase in tube OD and increase in tube side 

number of passes has pronounced effect on tube side heat 

transfer coefficient and pressure drop. So, while designing 

one has carefully select tube OD and number of tube side 

pass partition plate. 

2. Increase in length of tube, makes no significant 

change in tube and shell side heat transfer coefficient and 

pressure drop. 

3. For condenser, increase in baffle spacing does not 

make any significant impact on shell side heat transfer 

coefficient. As condensation coefficient does not depend on 

baffle spacing. It also does not have any considerable effect 

on pressure drop as well. So for condensers, purpose of 

baffles is only to support tube bundle. 

4. Increase in number of tube side passes increase tube 

side heat transfer coefficient significantly but it also suffers 

from the drawback of high tube side pressure drop. Change 

in number of tube side passes, do not affect shell side heat 

transfer coefficient and pressure drop. 
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Abstract-The matter of great concern is that there exists wider 

gap between the proportion of the technologies generated by the 

public agricultural research system and technologies adopted 

by the farmers in India. One of the vital reasons for such wide 

gap is due to the lack of an appropriate extension/technology 

transfer model in agriculture that could establish better linkage 

between scientists and farmers in order to facilitate effective 

dissemination in a timely manner. Hence there is a need to 

develop suitable approach for technology transfer in 

agriculture. In order to bridge the gap between the technologies 

and the farming community, e-Velanmai project has been 

introduced. Under e-Velanmai, various applications and the 

projects are developed. Agricol, is one such application that can 

bridge the gap and it helps to provide the farming community 

with better solutions for the diseased plants in quickly manner. 

 

Keywords- ICT-Information and communication Technology, FC-

Field coordinator, BTM-Block Technology Manager, SMS-

Subject Matter Specialist, e-Velanmai 

 

I. INTRODUCTION 

‘e-Velanmai’ is a combination of personal and ICT based, 

demand driven, participatory and sustainable extension 

approach and timely agro advisory services by scientists to 

the registered farmers using ICT tools(Internet, Computer, 

Digital Camera, Mobile Phone etc.) on need and/or regular 

basis with necessary follow up actions attempted by field 

Extension Coordinators. The specific objective are, to 

upscale the e-Velamai model of technology transfer to 

farmers in 26 command areas of Tamil Nadu and explore the 

possibilities to sustain the project. 

 The technology transfer model typically followed 

the communication model proposed by Berlo(1969) which 

included the elements of communication(Fig 1) namely; 

Source(Experts/FC consultation based on data/BTM/SMS), 

Message(technical advice), Channel(ICT tools), 

Receiver(Farmers) and Effect(follow-up). 

 

 

 

 

   

 

 

 

 

 

 

 

 

 

 

   

                          Fig 1. Elements of communication model 

 

II. EXISTING SYSTEM 

A. Initial System 

  Initial step of the ICT based 

technology transfer in e-Velanmai project is to provide 

the solution to the farmer with the help of Field 

coordinators. First step, the farmers call the nearby field 

coordinator. The FC visits the farmers field and capture 

the diseased plant  images by using any one of the ICT 

based tools. FC send the images to the scientists in the 

agricultural university. The scientists and experts 

analyze the images and diagnose the problem. The 

appropriate solution for the problem has been send to the 

FC. Then FC provide the solution to the farmer and help 

them to adopt the solutions in their fields. 

 

ICT 

Tools 

Expert Team 

Farmers Field Coordinator 

Expert 

Advice 

Diagnostic 

Information 
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Fig 2. Schematic representation of Existing System 

B. Advancement in Existing System 

 The initial step has the drawback of more time 

consumption to adopt the solutions by farmers provided by 

the experts. So in order to overcome the above drawback 

some technology advancement has been made to existing 

system. Initially the farmer calls the FC and FC visits the 

farmer’s field. The diseased plant images are captured by FC, 

it has been send to the scientists and experts in agricultural 

university. After the analyze and diagnose of problem, the 

solutions are directly send to the farmers mobile. So the 

farmer’s can quickly adopt the solutions in their fields. 

 

 

Fig 3. Advancement in Existing System 

C. Drawbacks Of Existing System 

 Currently the system works on small number of 

blocks(for eg:20 blocks). But the difficulty may arise 

when the number of blocks has been increased. In future 

the agricultural university planned to increase the blocks 

by 100. At that time the uploading and downloading of 

more images become a complicated one. That there is 

more consumption for processing and solution may 

reach the farmer in delay manner. So there is need to 

develop a application for this process. 

III. PROPOSED WORK 

 The development of Agricol application 

overcome the timing constraints in the existing system. 

The Farmer calls the FC,FC captures the images and it 

can be uploaded to the agricol. It directly stores into the 

server which is located in the agricultural university. 

There the scientists and the experts can retrieve the 

images and diagnosing the images. The solution for the 

problem has been send to the farmer’s mobile number 

through SMS. 

 The agricol can be developed by using the open 

source languages and tools. Erlang, Ejabbard and yaws 

are few examples. 

 

 

Fig 4. Schematic representation of proposed work 

IV. CONCLUSION 

The ICT based technology transfer system has improved 

the usage of  remedial measures for diseased plants 

which was provided by scientists and experts in the agri 

university. Therefore many ICT based technologies 
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required to uplift the agri field and the betterment of farming 

community. 

 

V. FUTURE WORK 

In future there is a need of database to store and manage the 

images and solutions.  

  

REFERENCES 

[1]. TNAU Agritech Portal 

[2]. Invigorating Extension through ICT tools 

[3]. e-Velanmai  Project 
[4]. www.erlang.org 

[5]. www.ejabbard.im 

[6]. Yaws.hyber.org 

[7]. http://tniamwarmtnau.org/update/e-%20velanmai%20in%20TN-

IAMWARM%20TNAU.pdf 

[8]. http://agritech.tnau.ac.in/ 
[9]. http://agritech.tnau.ac.in/ict.html 

[10]. http://agritech.tnau.ac.in/videos/e-velanmai/video.html 

[11]. http://agritech.tnau.ac.in/pdf/ict_projects_eng.pdf 

 



International Conference on Multidisciplinary Research & Practice                                                           P a g e  | 423 

 

Volume I Issue VIII                                                                   IJRSI                                                                  ISSN 2321-2705 
 

 

Analysis of Can Type 

Combustion Chamber – A Review  
Naitik H. Gor

#1
, Milan J. Pandya

*
 

#
PG Student (Thermal Engineering), Mechanical Engineering Department, L J Institute of Engineering and Technology, 

Ahmedabad, Gujarat. 
*
Assistant Professor, Mechanical Engineering Department, L J Institute of Engineering and Technology, Ahmedabad, 

Gujarat. 

 

 

Abstract— The following review paper shows the different 

major analysis done by several researchers in the topic of Can 

Type Combustion Chamber. According to our review we find 

that majority of the researches used Computational fluid 

dynamics (CFD) modelling as combustion optimization tool. 

The steady increase in computer power over recent years has 

enabled combustion engineers to model reacting multi-phase 

flows in a realistic geometry with good mesh resolution. As a 

result, the number of applications of CFD to industries and 

power generation are also growing rapidly and increasing in 

sophistication. This paper reviews some of the recent 

applications of the CFD in gas turbine combustor used in the 

power generation, aero-engines and combustion industries. The 

aim is to illustrate what can be done and also to identify trends 

and those areas where further work is needed. 

 

Keywords— Computational Fluid Dynamics, smoke rings, 

emission characteristics, swirl angle. 

I. INTRODUCTION 

he last 20 years has seen a large growth in Gas Turbine 

Technology.  The growth is spearheaded by the growth 

of materials technology, new coatings and new cooling 

schemes.  This, with the conjunction of increase in 

compressor pressure ratio, has increased the gas turbine 

thermal efficiency from about 15% to over 45%. It has been 

observed that the increase in the exhaust temperature of the 

combustor increases the gas turbine efficiency.  

A. Basics of Can Type Combustion Chamber 

Introduction of Combustion chamber  

The combustion chamber (Fig.1) has the difficult task of 

burning large quantities of fuel, supplied through the fuel 

spray nozzles, with extensive volumes of air, supplied by the 

compressor and releasing the heating such a manner that the 

air is expanded and accelerated to give a smooth stream of 

uniformly heated gas at all conditions required by the turbine. 

This task must be accomplished with the minimum loss in 

pressure and with the maximum heat release for the limited 

space available. The amount of fuel added to the air will 

depend upon the temperature rise required. However, the 

maximum temperature is limited to within the range of 850 

to 1700 deg C. by the materials from which the turbine 

blades and nozzles are made. The air has already been heated 

to between 200 and 550 deg. C. by the work done during 

compression, giving a temperature rise requirement of 650 to 

1150 deg. C from the combustion process. Since the gas 

temperature required at the turbine varies with engine thrust, 

and in the case of the turbo-propeller engine upon the power 

required, the combustion chamber must also be capable of 

maintaining stable and efficient combustion over a wide 

range of engine operating conditions. Efficient combustion 

has become increasingly important because of the rapid rise 

in commercial aircraft traffic and the consequent increase in 

atmospheric pollution, which is seen by the general public as 

exhaust smoke. 

 

 

Fig. 1  Basic Construction of a Combustion Chamber. 

Combustion Process in the Combustion chamber  

Air from the engine compressor enters the combustion 

chamber at a velocity up to 500 feet per second, but because 

at this velocity the air speed is far too high for combustion, 

the first thing that the chamber must do is to diffuse it, i.e. 

decelerate it and raise its static pressure. Since the speed of 

burning kerosene at normal mixture ratios is only a few feet 

per second, any fuel lit even in the diffused air stream, which 

now has a velocity of about 80 feet per second, would be 

blown away. A region of low axial velocity has therefore to 

be created in the chamber, so that the flame will remain 

alight throughout the of a combustion chamber can vary 

between 45:1 and 130:1, However, kerosene will only burn 

efficiently at, or close to, a ratio of 15:1, so the fuel must be 

burned with only part of the air entering the chamber, in what 

is called a primary combustion zone. This is achieved by 

means of a flame tube (combustion liner) that has various 

devices for metering the air flow distribution along the 

chamber. Approximately 20 per cent of the air mass flow is 

taken in by the snout or entry section (Fig.2).Immediately 

downstream of the snout are swirl vanes and a perforated 

flare, through which air passes into the primary combustion 

zone. The swirling air induces a flow upstream of the centre 

of the flame tube and promotes the desired recirculation. The 

air not picked up by the snout flows into the annular Space 

between the flame tube and the air casing. 

T 



International Conference on Multidisciplinary Research & Practice                                                           P a g e  | 424 

 

Volume I Issue VIII                                                                   IJRSI                                                                  ISSN 2321-2705 
 

 

 

Fig. 2 Air Flow Distribution along the Combustion Chamber 

Through the wall of the flame tube body, adjacent to the 

combustion zone, are a selected number of secondary holes 

through which a further 20 per cent of the main flow of air 

passes into the primary zone. The air from the swirl vanes 

and that from the secondary air holes interacts and creates a 

region of low velocity recirculation. This takes the form of a 

toroidal vortex, similar to a smoke ring, which has the effect 

of stabilizing and anchoring the flame (Fig.3).The re-

circulating gases hasten the burning of freshly injected fuel 

droplets by rapidly bringing them to ignition temperature. 

 

 

Fig. 3 Smoke Rings inside the Combustion Chamber 

It is arranged such that the conical fuel spray from the nozzle 

intersects the recirculation vortex at its centre. This action, 

together with the general turbulence in the primary zone, 

greatly assists in breaking up the fuel and mixing it with the 

incoming air. The temperature of the gases released by 

combustion is about 1,800 to 2,000 deg. C, which is 

far too hot for entry to the nozzle guide vanes of the turbine. 
A recent development allows cooling air to enter a network 

of passages within the flame tube wall before exiting to 

insulating film of air. This can reduce the required wall 

cooling airflow by up to 50 per cent. Combustion should be 

completed before the dilution air enters the flame tube, 

otherwise the incoming air will cool the flame and 

incomplete combustion will result.  

II. LITERATURE REVIEW ON CAN TYPE COMBUSTION 

CHAMBER 

H. A. Bhimgade, S. K. Bhele, ―A Review on use of 

Computational Fluid Dynamics in Gas Turbine Combustor 

Analysis and its Scope‖. [1] 

In this paper the CFD application and its scope, is mainly 

focused on gas turbine combustor (generally can or tubular, 

annular and tub annular type of combustor   used   in   gas   

turbines   for   higher   efficiency). In many practical 

combustion applications like gas turbine and diesel engine, 

the combustion takes place in turbulent flow field. Therefore 

it is important to model the effects of turbulence and mixing 

interactions including all related processes either physical or 

chemical. In the present the emphasis is on how the 

turbulence leads to increased mixing in order   to be used   to 

compensate   for the inaccurate prediction for the chemical 

reaction rate. However this has to be treated numerically and 

physically. Both ways are referring to the incomplete mixing 

process that may lead to ignite the fuel vapour before the 

auto-ignition delay time or out of the main reaction zone. 

Physically, the mixing process tends to speed up the overall 

reaction rate by stretching and wrinkling of the preheating 

zone. In addition the simulation of  turbulent  spray  

combustion  remains  quite  a  hard  task because  many 

problems  may occur due to strong coupling that exists 

between  predicted  vapour  mass fraction and the chemical 

reaction..    The   experimental   results   and   the   semi 

empirical   correlations   for   calculating   CO,   UHC,   

NOx, exhaust gases temperature and inner liner wall 

temperature as a function of different operating parameters 

are useful for design and further development of design, of 

gas turbine combustor is possible.  Even with existing 

physical models, CFD can offer cost-effective solutions for 

many complex systems of interest to the power generation, 

aero-engines and process industries. 

Sachin Bhalerao., Dr. A.N.Pawar. ―Thermal mapping of a 

can type gas turbine Combustion chamber using CFD‖. [2] 

This paper reveals that the increase in the exhaust 

temperature of the combustor increases the gas turbine 

efficiency. In this paper, simulation of the thermal flow 

behavior of the combustion chamber using CFD and their 

results are discussed. The combustor understudy is a typical 

can type combustion chamber. The overall length of 

combustor is 567mm including the diffuser section at outlet. 

A mesh of 557K nodes is designed after a set of trials which 

showed that further refinement in either direction does not 

change the velocity and scalar variables at any point in the 

combustor considerably. The domain is discretized with 3 

million full tetrahedral volume cells.  The grids are generated 

by a mesh generator. 2-D quadrilateral grids are chosen to 

approximate the domain. Fig. 4(a), 4(b) and 4(c) shows the 

different views of the meshed geometry. Fig. 5 shows the 

temperature distribution along the length of the combustion 

chamber.  

 

Fig. 4 Different Views of meshed geometry for a Combustion Chamber 
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Fig. 5 Temperature Distribution along the length of Combustion Chamber 

Selvakuma Kumaresh, Man Young Kim, ―Combustion and 

Emission Characteristics in a Can-type Combustion 

Chamber‖. [3] 

In this study, different flow configurations of various swirl 

angles are compared and motility of holes in the secondary 

chamber are altered to examine about the emission of 

unburned gases and to obtain effective combustor with less 

NOx emission. Numerical investigation on Can-type 

combustion chamber shows that 60° swirl geometry is giving 

less NO emission as the temperature at the exit of 

combustion chamber is less as compared to 30° and 45° swirl 

angle geometry. 

 

Fig. 6 Mesh Domain for a Can Combustor 

Fig. 6 shows the mesh systems of can combustor adopted in 

this work. An algebraic grid-generation technique is 

employed to discretize the geometry inside the computational 

domain. NOx emission. Fig. 7 demonstrates the NOx mass 

fraction for the can-combustor with different swirl angles and 

axial distance. It is evident from the figure that after the 

location of primary chamber at Xs=0.7, the emission of NOx 

diminishes because of the cooling effect of air. Hence, it can 

be stated that the 60 degree swirl angle attempts less NOx 

emission due to low exit temperature. 

 

Fig. 7 Variations of NOx mass fraction for the can-combustor with different 

swirl angles and axial distance. 

The results from the parametric studies indicate that the 

calculation of NOx emission serves to develop low emission 

combustor. Thus, it can be noted that the use of 60 degree 

axial swirl angle at the secondary inlet location of 200mm 

achieve slow emission and to prevail better performance in 

aerospace applications. 

P. Sravan Kumar, P. Punna Rao, ―Design and Analysis of 

Gas Turbine Combustion Chamber‖. [4] 

This paper presents the design of combustion chamber 

followed by three dimensional simulations to investigate the 

velocity profiles, species concentration and temperature 

distribution within the chamber and the fuel considered as 

Methane (CH4). According to their analysis, the following 

conclusions are derived. 

The static temperature is very high in the regions where 

combustion takes place and goes on decreasing towards the 

outlet. The maximum temperature reached is 2500 K which 

indicates that there is efficient combustion process. The 

turbulent intensity is high in the immediate vicinity of the 

ramp injector indicating a superior air-fuel mixing. A very 

high turbulent intensity indicates a superior air-fuel mixing. 

The sudden rise in temperature observed near the tip of the 

injector indicates the generation of shocks which help in 

superior air-fuel mixing. Superior air-fuel mixing resulting in 

better quality of combustion and thus better performance.  

P.S.Jeyalaxmi, Dr.G.Kalivarathan, ―CFD analysis of flow 

characteristics in a gas turbine- A viable approach to predict 

the turbulence‖. [5] 

In this investigation it is observed that the RNG k-ε 

turbulence model used in the cases is viable and it is seen 

that the RSM model remarkably exhibits the turbulence level 

and the dilution jet mixing at the combustor outlet. But still, 

It is easier to predict the variations through CFD in the mean 

flow field results. Because of these reasons more efforts has 

to be made towards testing additional turbulence models to 

access one more suitable means for predicting this type of 
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swirling, highly turbulent and flow situation in a generic 

manner through viable CFD tool. 

Ramazan, Jawaz Pasha. , Abdul Mujeeb M S, ―CFD 

Simulation of Swirling Effect in S-Shaped Diffusing Duct by 

Swirl Angle of 10‖. [6] 

This paper involves the CFD analysis for the prediction of 

swirl effect on the characteristics of a steady, incompressible 

flow through an S-shaped diffusing duct by keeping swirl 

angle of 10 degree. The curved diffuser considered in the 

present case has S-shaped diffusing duct having an area ratio 

of 1.9, length of 300 mm and turning angle of 22.5 deg. 

On the basis of analysis and results presented, the following 

conclusion can be drawn. The overall static pressure 

recovery increases for swirl flow at inlet irrespective of 

direction of swirl (clockwise or anticlockwise), the increase 

being around 40%. The flow distribution at the exit plane is 

more uniform for clockwise swirl in comparison to anti –

clockwise swirl. The secondary flow is present throughout 

the diffuser for uniform flow. A pair of vortices is observed 

at all the sections. For swirl flow, only circular motion is 

present and no pair of vortices is formed. Turbulence 

intensity variation indicates the presence of high turbulence 

intensity at the planes just before and after the inflexion 

plane. Turbulence intensity variation at the exit for the 

clockwise swirl flow is much lower compared to the uniform 

flow at the inlet. Fig 8(a) shows turbulence intensity 

distribution with the clockwise swirl flow and Fig 8(b) shows 

turbulence intensity distribution with the anticlockwise swirl 

flow. 

 

Fig. 8(a) Turbulence intensity distribution with the clockwise swirl flow 

 

Fig. 8(b) Turbulence intensity distribution with the anticlockwise swirl flow 

 

 

III. CONCLUSION 

After analysing and understanding all the above literatures, 

we can conclude that by optimization we can increase the 

combustion efficiency for a can type combustion chamber. 

Using CFD simulation, the effective design for such type of 

combustion chamber can be developed. After making some 

of the design modifications, we can minimize the pressure 

loss and can maximize heat release for limited space 

available. Using some of the experimental results and the 

semi empirical correlations for calculating CO, UHC, NO, 

exhaust gas temperature, inner liner wall temperatures, etc. 

developments in the design for a can type combustion 

chamber is possible. Such design modifications can offer 

cost-effective solutions for many complex systems of interest 

to the power generation, aero-engines and process industries. 
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Abstract: In this paper practical performance of evaporative 

cooling pad made from Jute and cotton strips material is 

discussed for different air velocity at the exit of the duct, 

different inlet temperature condition. The performance is 

compared with commercially available evaporative cooling pad 

material for the same exit air velocity. It was found that the 

jute evaporative cooling pad is having higher cooling efficiency. 

 

Keywords: Jute Coolingpad, Cellulose paper pad, cotton strips 

evaporative, DEC. 

I. INTRODUCTION 

 

long with the aggravation of global energy shortage, 

the increasing energy cost and the recently recognized 

environmental issues, the interest in direct evaporative 

cooling (DEC) has revived. Direct evaporative cooling 

offers a low-cost alternative to typical refrigeration units. It 

consumes a relatively small amount of specific energy and 

does not require common environmentally aggressive 

refrigerants. The running costs are significantly reduced, 

and direct evaporative cooling may have a smaller initial 

cost compare to the mechanical vapor compression (MVC) 

system, 2009 [1]. Hirst Eric, 1973 [2] pointed out that in the 

proper climate, a DEC (Direct Evaporative Cooling) can 

save up to 80% of energy costs. Evaporative cooling is an 

energy efficient and sustainable cooling method because it 

uses only the water as the working fluid. Moreover, since it 

is also economically feasible Sheng and Nnanna [3] have 

carried out the theoretical evaporative cooling can be used 

in various areas of not only the building air conditioning but 

also the industrials. 

They had carried out experimental studies in which Three 

parameters were tested for their impact on efficiency and 

other crucial system properties: the velocity of the frontal 

air, the temperature of the frontal air, and the temperature of 

the inlet water, by conducting multiple tests for each 

parameter using incremental velocities/temperatures and by 

plotting these increments against efficiency. An empirical 

correlation between frontal air velocity and cooling 

efficiency within a certain velocity range was established 

and compared with theoretical calculation. It was 

determined that lower velocities, lower cooling water  

 

 

temperatures, and higher heating unit temperatures all result 

in higher efficiencies. 

  

A. Fouda, and  Z. Melikyan
a
 have carried out  test and 

verify the adequacy of the suggested mathematical model 

and program, the theoretical results from the mathematical 

model was compared with the experimental data carried out 

by  J.M. Wu, X. Huang, H.  Zhang.[5], to make sure that the 

results of the mathematical model program are accurate 

because the authors were not able to arrange a proper 

experimental installation. In the experimental work by J.M. 

Wu, X. Huang, H. Zhang,  [5], was used the same type of 

direct evaporative cooler as it was modelled by A. Fouda
a
, 

and  Z. Melikyan
a
. The comparison of data received by 

present model with experimental data received in [5], were 

represented in the paper (Table 1). The data presented in 

paper are for: direct evaporative cooler using GLASdek as 

pad material with thickness of 138 mm and an inlet frontal 

velocity of 2 m/s [5]. The comparison shows that theoretical 

results are very close to the results obtained by experiments 

in [5].  

 

J.M. Wua,b, X. Huang b, H. Zhang b [6], have carried out 

the numerical investigation of heat and mass transfer in 

direct evaporative coolers.  They have developed a set of 

simplified governing equations by introducing other 

physical models to describe the heat and moisture transfer 

between water and air in the evaporative cooler. The models 

and methods are validated by comparing the numerical 

results with those of experiment for the same evaporative 

cooler. The influences of the inlet frontal air velocity, pad 

thickness, inlet air dry-bulb and wet-bulb temperature on the 

cooling efficiency of the evaporative cooler are calculated 

and analysed. The cooling effects of the direct evaporative 

cooler are predicted for use in four different regions in 

northwest China using the present numerical method based 

on the local weather data for air conditioning design. 

 

S. Elmetenania,*, M.L. Yousfia, L. Merabetia, Z. Belgrouna 

[7], have carried out an Investigation of an evaporative air 

cooler using solar energy under Algerian climate The paper 

presents a simulation and systematic study related to direct 

evaporative air cooler applied to Bechar city. Also, they 

have  presented  a  method to evaluate the feasibility of 

evaporative cooling systems for human thermal comfort. 

A 
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The evaporative cooler is needed in this region because it 

cool and humidify the ambient air. They have concluded 

that Bechar city is well suited site to the implementation of 

this technology as well as many others cities whose are 

under 24°C design wet bulb temperature. Because of their 

lower power consumption, these systems can be powered by 

solar photovoltaic panels in regions where there is lack of 

electricity or electric network is not available. They also 

concluded that evaporative air cooling systems can be an 

excellent alternative to the conventional air conditioning 

systems in hot and dry climates. 

 

II. EVAPORATIVE COOLING PAD MADE  FRO JUTE 

AND COTTON STRIPS MATERIAL. 

 

 The evaporative cooling pad were made to evaluate the 

performance of the Jute and cotton strips material. 

 

The main components in the assembly are: 

1. Jute or Cotton Strips holder as shown in Fig 1.  

2. Cooling pad Cabinet as shown in Fig.2  

 

Fig.1 Drawing of Jute and Cottn strips holder. 
 

The cotton strips holder was made from mild steel  as per 

the dimensions shown in the Fig 1. at the top and bottm 

edges of the holder 124 120 mm mild steel rods of 6mm in 

diameter were welded  so that strips can me hold vertical in 

the pad. The air will pass through the passage between the 

two strips. The water falling on the top of the cooling pad 

cabinet will fall o the strips through the holes drilled in the 

upper tank. The continuously falling water keeps the 

cooling strips saturated with water.  

 

This strips holder is placed in the cooling pad cabinet which 

were made from stainless steel. This cabibet can hold the 

evaporative cooling pad u[ to the thickness of 15cm and as 

per the dimension show in fig. 1. 

 

Fig.2 shows the drawing of the cooling pad cabinet which 

were used to evaluate the performance of Cellulose paper 

pad, Jute strips Pad and Cotton strips Pad. 

 

The experimental reading were taken for the cooling pad 

made from different material  

Figure-3. shows the schematic diagram for the experimental 

set up. 

 

 

 
Figure 2. Cabinet made from stainless steel. 

 
Figure-3. experimental set up to evaluate the performance of the 

evaporative cooling pad material. 

 

The about six RTDs and a sling psychrometer was used to 

evaluate the performance of the evaporative cooling pad 

material. 

The sling psychrometer was used at the inlet of the air 

which is outside of the experimental set up room. 

Two RTDs weer placed at the exit of the blower exit duct 

where the air after passing through the cooling pad comes 

out. The focus was on the cooling pad made from cellulose 

material, Jute strips pad and cotton strips pad. 
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RESULT AND DISCUSSION 

 

The performance of the cooling pad was evaluated based on 

the different experimental reading. The experimental 

reading for the cooling pad made from Cellulose paper, Jute 

strips and Cotton strips were taken at different inlet air 

velocity. The air velocity was changed by varying the 

blower speed. The temperature reading where taken by sling 

psychrometer, and six different RTDs.  

The performance of the cellulose paper pad and Jute pad 

was observed higher. The cooling pad made from cotton 

strips was showing lower performance but at lower air 

velocity it was observed the it gives higher cooling 

efficiency. 
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Abstract: - Flow visualization was conducted for the close loop 

pulsating heat pipe using charged coupled device. It was 

observed that during the start up period, the working fluids 

oscillates with large amplitude, however, at steady operating 

state, the working fluid circulates. The direction of circulation 

for the working fluid is consistent once circulation is attained, 

but direction of the circulation can be different For the 

experimental run. Phenomena such as nucleation boiling, 

coalescence of bubbles, Formation of slug and propagation of 

inertia wave were observed in the close loop pulsating Heat 

pipe. the finding shoe that the meandering Bends, uneven slug 

and plug distribution and non-concurrent boiling at the 

evaporator contributed to the driving and restoring forces For 

fluid circulation and oscillation. 

 

I. INTRODUCTION 

 heat pipe is a heat transfer mechanism that combines 

the principles of both thermal Conductivity and phase 

transition to efficiently manage the transfer of heat between 

two solid interfaces. This type of heat pipe is essentially a 

non-equilibrium heat transfer device. A heat pipe is a 

container tube filled with the working fluid. Heat pipes are 

referred to as the semiconductors of heat due to their fast 

transfer capability with low heat loss. One end of this tube 

(called evaporator section) is brought in thermal contact 

with a hot point to be cooled. The other end (called 

condenser section) is connected to the cold point where the 

heat can be dissipated. A portion of the tube between 

evaporator and condenser is called adiabatic section. 

Number of PHP studies has been carried out since 1990s. 

Researchers agree that the oscillations are driven by an 

instability that appears due to coupling of the adiabatic 

vapor compression and evaporation/condensation mass 

exchange. However this instability has not been studied 

until recently. Such important parameters as oscillation 

threshold, heat transfer coefficient, and maximum heat load 

cannot be predicted from calculations. It is not even clear 

whether the oscillations are persistent or not and at which 

regimes. For these reasons the PHP applications are very 

limited. The PHP parameters are adjusted empirically, often 

without any certainty. To our knowledge, only a couple of 

small companies in the world produce them. 

  

 

Fig 1 Pulsating Heat Pipe 

 

II. LITERATURE REVIEW 

A. Dimoudi et al [1] presented the cooling performance of a 

radiator based roof Component. Space cooling is getting 

important in most countries and different techniques have 

been developed one of which is radiative cooling. A 

prototype roof component, exploiting radiative cooling was 

built and tested in the outdoor test facilities of the Centre of 

Renewable Energy Sources in Greece. He studied that 

radiator efficiency is drastically     reduced with increasing 

water flow rates. With increasing flow rates temperature 

difference between inlet and outlet decreases and increases 

with decreases cooling flow rates. 

A.K.A. Shati et al [2] presented the effect of surface 

roughness and emissivity on radiator output. The effect of 

altering the emissivity and the roughness of a wall behind a 

A 
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radiator on the radiator heat output has been studied 

experimentally and by using computational fluid dynamics. 

The results indicate that the presence of large scale surface 

roughness and a high emissivity surface increases both the 

heat flow rate and the air velocity behind the radiator 

compared to a smooth shiny surface. The surface roughness 

will increase both the surface area for heat transfer and the 

turbulent intensity which increase the mass transfer and free 

convective heat flux through the air gap. He studied that 

increasing the air gap will augment heat output and heat 

transfer rates.  

 

Adnan M. Hussein [3] presented Heat transfer enhancement 

using nano fluids in an automotive cooling system. Heat 

transfer enhancement using TiO2 and SiO2 nano powders 

suspended in pure water is presented. The test setup 

includes a car radiator, and the effects on heat transfer 

enhancement under the operating conditions are analyzed 

under laminar flow conditions. He studied that SiO2 nano 

fluid produces a higher heat transfer enhancement than the 

TiO2 nano fluid; likewise, TiO2 nano fluid enhanced heat 

transfer more than pure water. 

 

Ahmet Z. Sahin et al [4] presented Entropy generation in 

laminar fluid flow through circular pipes. Entropy 

generation rate in a developing laminar viscous fluid flow in 

a circular pipe is analyzed. The entropy generation rate is 

higher near the wall and sharply decreases along the radius 

away from the surface of the pipe. This is due to existing 

temperature and velocity gradient in this region. Around the 

centerline these gradients are small and therefore the 

entropy generation is small.  

Benjamin Siedel, Valérie Sartre et al [5] presented 

Numerical investigation of the thermo hydraulic behavior of 

a complete loop heat pipe. He concluded that Heat losses to 

the ambient and through the transport lines are considered.  

A low evaporation coefficient leads to a large increase of 

the LHP temperature. 

 

C. Oliet, A. Oliva et al [6] presented parametric studies on 

automotive radiator. This work provides an overall behavior 

report of automobile radiators working at usual range of 

operating conditions, while significant knowledge-based 

design conclusions have also been reported. He studied that 

overall heat transfer coefficient reveals almost independent 

of the air inlet temperature; but depend on coolant flow 

regime. Cooling capacity increases with increasing coolant 

and air flow. Air inlet temperature increases both heat 

transfer & cooling capacity decreases. Small fin spacing and 

higher louvered fin angles have higher heat transfer. 

 

Ching-Ming Chiang et al [7] presented Theoretical study of 

oscillatory phenomena in a horizontal closed-loop pulsating 

heat pipe with asymmetrical arrayed mini channel. He 

concluded that The dominant parameters affecting the PHP 

dimensions of the flow channel, the number of turns, the 

filled liquid ratio, the frequency ratio, the operating 

temperature and the temperature difference between the 

average evaporating region and the average condensing 

region are investigated in this study.the closed-loop 

pulsating heat pipe with asymmetrical arrayed mini channel 

with lower number of turns, lower filled liquid ratio, higher  

operating temperature and higher temperature difference 

between the average evaporating region and the average 

condensing region for the frequency ratio of unity could 

achieve a better performance due to larger oscillatory 

motions. 

 

Cihat Arslanturk et al [8] presented Optimization of a 

central-heating radiator. An approximate analytical model 

has been used to evaluate the optimum dimensions of a 

central heating radiator. The radiator problem is divided into 

three one dimensional fin problems and then the 

temperature distributions within the fins and heat-transfer 

rate from the radiator are obtained analytically. He studied 

that optimum radiator geometry maximizing the heat 

transfer rate has been obtained by using the approximate 

analytical model. Increase of radiator volume fraction 

increases the maximum heat transfer rate and optimum tube 

diameter.  

 

D. Yin,H. Rajab,  et al [9] presented Theoretical analysis of 

maximum filling ratio in an oscillating heat pipe. a 

maximum filling ratio to start up the oscillating motion can 

be found.maximum filling ratio is dependent on the working 

fluids and the operation temperature. Pressure difference in 

the system is produced, which acts as an exciting force to 

start up the movement of the liquid plugs and vapor bubbles 

in the OHP. 

Dehao Xuet al [10] presented Thermo-hydrodynamics 

analysis of vapor–liquid two-phase flow in the flat-plate 

pulsating heat pipe. He concluded that with the increasing 

heat load, the overall temperature level of the FP-PHP 

increases, and the integral equivalent thermal resistance 

decreases. 

 

Dong Liu et al [11] presented Flow and heat transfer 

performance of a mini channel                                                                                                                                                                       

channel heat sinks have relatively low Nusselt number due 

to small Reynolds number. the friction factor of mini-

channel flow was larger than that of the macro channel flow 

due to larger surface roughness, and the pressure drop 

caused by cylinder disturbed flow was less than 5%.he 

studied that Distributed flow has relatively small effect  on 

thermal resistance when velocity is slow. However the 

effects get stronger when velocity grows larger. 

 

Elsayed A.M. Elshafei    et al [12] presented Experimental 

study of heat transfer in pulsating turbulent flow in a pipe. 

He concluded that Observations of the local Nusselt number 

revealed that the heat transfer coefficient may be increased 

or decreased, depending on the value of frequency and 

Reynolds number. Higher values of the local heat transfer 

coefficient occurred in the entrance of the tested tube. 

 

H. Khalkhali et al [13] presented Entropy generation in a 

heat pipe system. He concluded that Entropy generation in a 

heat pipe can also be reduced by removing the insulation in 

the transport section. Both the condenser ambient 

temperature and the convection heat transfer coincident in 
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the transport section must be adjusted to obtain a minimum 

entropy generation. To reduce the entropy generation in 

fluid flow evaporator length should be as small as possible. 

 

 Himel Barua, et al [14] presented Effect of filling ratio on 

heat transfer characteristics and performance of a closed 

loop pulsating heat pipe. He concluded that for water, both 

at lower and higher heat input, lower filling ratio shows less 

thermal resistance and optimum heat transfer is obtained.  

 

Huseyin Yapici, Gamze Basturk, Nesrin Kayatas et al [15] 

presented Numerical study on transient local entropy 

generation in pulsating turbulent flow through an externally 

heated pipe. The author analyzed the entropy generation in 

pulsating turbulent flow through a pipe for three different 

cases i.e. sinusoidal, step and saw down. The effect of the 

period of the pulsating flow on the entropy generation 

investigated. The highest temperature occurs in the step 

flow case. The also investigated that irreversibility due to 

the heat transfer dominates when Bejan number is 1.With 

the increase of flow period, the highest levels of the total 

entropy generation rates increase logarithmically in the case 

of sinusoidal and saw-down flow cases, whereas they do not 

almost change in the step-flow case. 

K.Y. Leong et al [16] presented Performance investigation 

of an automotive car radiator operated with nano fluid-

based coolants. Water and ethylene heat transfer fluids offer 

low thermal conductivity. With the advancement of nano 

technology, the new generation of heat transfer fluids 

called, “nano fluids” have been developed and Researchers 

found that these fluids offer higher thermal conductivity 

compared to that of conventional coolants. He studied that 

Heat transfer rate is increased with increase in volume 

concentration of nano particles. Volumetric flow rate of 

nano fluids is decreased with increase of volume fraction of 

copper nano particles. 

 

Manfred Grol et al [17] presented closed loop pulsating heat 

pipes: visualization and semi-empirical modeling. He 

concluded that the study strongly indicates that design of 

these devices should aim leading to higher local heat 

transfer coefficients. 

 

Maziar Mohammad et al [18] presented Overall thermal 

performance of Ferro fluidic open loop pulsating heat pipes: 

An experimental approach. He concluded that Ferro fluid 

improves the steady state thermal performance of OLPHPs 

relative to distilled water charged ones under certain 

conditions. Higher concentrations of Ferro fluid, reduces the 

steady state thermal performance of OLPHPs as a result of 

higher viscosity. 

 

Mukherjee, et al [19] presented Second-law analysis of heat 

transfer in swirling Flow through a cylindrical duct. They 

calculated the rate of entropy generation. They defined also 

a merit function and discussed influence of swirling on this 

merit function.  

N.Sahiti et al [20] presented Entropy generation 

minimization of a double-pipe pin fin heat exchanger. He 

concluded that shorter flow length is accompanied with 

lower entropy production rates. It could be shown that 

larger pin length sare accompanied with larger entropy 

production rates.  

 

Nandan Saha et al [21] presented Influence of process 

variables on the hydrodynamics and performance of a single 

loop pulsating heat pipe. He concluded that Different kinds 

of flow pattern have been observed and transition of flow 

Pattern from oscillatory-slug to circulatory-annular .This 

transition is more likely in case of low FR due to a larger 

degree of freedom. There exists a minimum start-up power 

or threshold power below which no movement of fluid is 

observed inside CLPHP.Best performance of the loop was 

found to occur at an inclination angle lower than 90. 

O.M. Haddad et al [22] presented Entropy generation due to 

laminar forced convection in the entrance region of a 

concentric annulus. He concluded that the total entropy 

generation decreases with the increase in Reynolds number. 

The total Entropy generation decreases as the dimensionless 

entrance temperature increases. Increasing the annulus 

radius ratio increases the entropy generation. 

 

 Piyanun Charoensawan et al [23] presented closed loop 

pulsating heat pipes: parametric experimental 

investigations. He concluded that the internal diameter of 

the tubes tested in the present study, as governed by the 

critical Bond number is well within the specified limit, 

bubble shapes are affected by the buoyancy forces. A 

certain critical number of turns is required to make 

horizontal operation possible and also to bridge the 

performance gap between vertical and horizontal operation. 

 

 Roger R. Riehl, Nadjara do Santoset al [24] presented 

Water-copper nano fluid application in an open loop 

pulsating heat pipe. He concluded that with copper nano 

fluid, the pulsation was better visualized. Greater 

amplitudes on the pulsations could be observed with the 

nanofluid. The presence of solid nano particles in the 

working to increase the nucleation sites necessary for 

bubble formation. 

 

S.M.Peyghambarh et al [25] presented Experimental study 

of heat transfer enhancement using water/ethylene glycol 

based nano fluids as a new coolant for car radiators. Heat 

transfer performance of pure water and pure EG has been 

compared with their binary mixtures. Different amounts of 

Al2O3 nano particle have been added into these base fluids 

and its effects on the heat transfer performance of the car 

radiator have been determined experimentally. The heat 

transfer enhancement of about 40% compared to the base 

fluids has been recorded. He studied that with increasing the 

nano particles increase heat transfer rates and heat transfer 

coefficient. Addition of nano particles to the coolant has the 

potential to improve automotive and heavy duty engine 

cooling rates or equally causes to remove the engine heat 

with a reduced size cooling system.  

 

Seyfolah Saedodin et al [26] presented Analysis of Entropy 

Generation Minimization in Circular Porous Fins. In porous 

fins, with increase of porosity, the entropy generation 



International Conference on Multidisciplinary Research & Practice                                                           P a g e  | 433 

 

Volume I Issue VIII                                                                   IJRSI                                                                  ISSN 2321-2705 
 
 

number will increase. Increased porosity the entropy 

generation will decrease. Increased that porosity the entropy 

generation will decrease. Also with the increase of Reynolds 

number, the values of entropy generation at all them will 

increase.  

 

Todd A. Jankowski et al [27] presented Minimizing entropy 

generation in internal flows by adjusting the shape of the 

cross section. In adiabatic flow, the circular cross section 

will minimize flow resistance, which is reflected by a 

minimization of the entropy generation. A Duct with a large 

wetted perimeter will increase the surface area available for 

heat transfer and will minimize the overall entropy 

generation. When the available cross-sectional area of the 

flow channel is doubled, the resistance to flow in the duct is 

reduced, thereby reducing the entropy generation associated 

with fluid friction. Using larger perimeter compare to cross 

section area entropy generation is minimized. 

 

Tsuyoshi et al [28] presented Numerical and experimental 

studies on circulation of working fluid in liquid droplet 

radiator. Model of the circulation of the working fluid in a 

liquid droplet radiator has been developed. The behavior of 

the circulation of the working fluid calculated from the 

model is compared with that obtained from experiments in 

the case that the flow rate of the circulating working fluid is 

changed. He studied that as flow rates decreases with time 

pressure difference in working fluid increased and this 

phenomena can be improved by adjusting number of 

revolution in gear pump used in model. 

 

Xuefeng Wang, et al [29] presented Numerical analysis of 

heat transfer in pulsating turbulent flow in a pipe. The 

model analysis shows that Womersley number is an 

important parameter in the study of pulsating flow and heat 

transfer. Higher the womersely number benefits to heat 

trasfer enhancement only in entrance region.It indicates that 

larger velocity induced by pulsation of the fluid flow results 

in higher heat transfer rate. 

Yuwen Zhang, et al [30] presented Oscillatory Flow in 

Pulsating Heat Pipes with Arbitrary Numbers of Turns. He 

concluded that increase in the number of turns has no effect 

on the amplitude and circular frequency of oscillation when 

the number of turn’s water, functional thermal fluids (FS-

39E microcapsule fluid and Al2O3 nano-fluid) as working 

fluid in PHP can enhance its heat-transport capability. Like 

FS-39E microcapsule fluid, Al2O3 nano-fluid as working 

fluid can enhance heat-transport capability of PHP.the best 

concentration of Al2O3 nano-fluid is 0.1 wt%. 

 

CONCLUSION 

With the increasing heat load, the overall temperature level 

of the FP-PHP increases and the integral equivalent thermal 

resistance decreases. Different kinds of flow pattern have 

been observed and transition of flow pattern from 

oscillatory-slug to circulatory-annular .This transition is 

more likely in case of low FR due to a larger degree of 

freedom. There exists a minimum start-up power or 

threshold power below which no movement of fluid is 

observed inside CLPHP.Entropy generation in a heat pipe 

can also be reduced by removing the insulation in the 

transport section. The total entropy generation decreases 

with the increase in Reynolds number. The total entropy 

generation decreases as the dimensionless entrance 

temperature increases. Entropy generation rate decreases 

due to the increase in velocity slip and temperature jump at 

the wall that lead to reduced heat transfer and momentum 

transfer from the wall to the fluid.   
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Abstract—Axial Flux Permanent Magnet Brushless dc 

(PMBLDC) Motors are being developed for many applications 

due to their attractive features. The design of Axial Flux 

Permanent Magnet Brushless dc (PMBLDC) Motor is not 

straight forward but intensive. A number of inter-related 

factors have to be taken into account. A comprehensive 

computer-aided design (CAD) procedure for an axial-flux 

permanent magnet brushless dc (PMBLDC) motor having a 

stator sandwiched between two permanent magnet rotors for 

direct drive application is presented in this paper. The basic 

output equations are derived and used for the design algorithm. 

The design of the magnetic section is followed by permissible 

allowable flux density in rotor and stator. The developed CAD 

program gives the design data and the calculated performances 

of the motor. 

Keywords—Brushless DC motor (BLDC), Axial Flux Permanent 

Magnet Brushless dc (PMBLDC) Motor, Direct Drive, Computer 

Aided Design (CAD), Permanent Magnet (PM). 

 

I. INTRODUCTION 

Development of industries has rapidly increased the demand 

of motors and varied the usages and applications 

accordingly. Conventional DC motors are not efficient and 

they need a commutator and brushes which are subject to 

wear and require maintenance. Recently, Permanent Magnet 

Brushless DC (BLDC) motors are increasingly used in 

various domestic, industrial and in traction applications. 

 

 BLDC Motor has been the most popular electric motor 

that is being used in electric vehicle applications. Electric 

motor that is being used in electric vehicle can be classified 

as indirect-driven or direct-driven motor. In the class of 

direct-driven motors, the axial-flux motors have additional 

advantages in terms of   better heat removal configuration, 

more balanced motor torque and adjustable air gap. These 

types of motor are directly mounted inside the wheels. They 

transmit mechanical power directly and do not use gears 

mechanism for power transmission.  Due to that reduction of 

gears overall efficiency improves and reduces the weight of 

the vehicle. 

 

There are two types of permanent magnet brushless dc 

motor namely Radial Flux Motor (RFM) and Axial Flux 

Motor (AFM). RFM is having simple construction and 

straight forward design. AFM gives more advantages 

compared to RFM i.e. adjustable air gap, balanced rotor-

stator attractive forces, higher efficiency and planner 

geometry [2].  

 

Axial Flux Motors (AFM) can be constructed in one of the 

following ways: 

i. Single stator and single rotor (one air-gap), 

ii. Single stator sandwiched between two rotors 

(Double air-gap), 

iii. Single rotor sandwiched between two 

stators(Double air-gap), 

iv. A verity of multiple stators and rotors (Multiple 

air-gap) 

 

 
 

Fig.1 Single Stator Sandwiched Between Two Rotor AF PMBLDC 
Motor 

 

 Single stator sandwiched between two rotors topology of 

the AF PMBLDC Motor is given in Fig.1. In this paper 

complete design procedure is discussed. It is the best 

topology because it provides higher torque and higher power 

density [3]. 

II. CONCEPTUAL DESIGN 

 

The main purpose of designing an axial flux motor is to 

obtain the complete physical dimensions of all the parts of 

the motor. Axial motors can be designed in a thin axial 

dimension. Following are the important stages of design of 

Axial Flux Permanent Magnet Brushless dc motor [1]. 

A. Main Dimensions 

B. Stator Design 

C. Rotor Design 

D. Performance Estimation 
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A. Main Dimensions 

 
Fig.1 Main dimensions 

 

The Output equations for the axial-flux PMBLDC motor 

are derived based on the expression for the torque and back 

emf [1], as follows: 

o m c ph phP T w N E I    

c ph pho

m m

N E IP
T



 
                         (1) 
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 2 2
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    (2)

 
 

Where, Po is the rated power output, 

 ωm is the rated speed, 

 η is the assumed efficiency of the motor, 

 T is motor developed torque, 

Nm is the number of poles, 

 Nspp is the number of slots/pole/phase, 

 Nc is the number of coils conducting 

simultaneously, Kw is the winding factor, 

 Bg is specific magnetic loading, 

 ns is number of conductors per slot, 

Ri is inner radius of the stator, 

Ro is outer radius of the stator, 

 Iph is phase current, 

 Is is specific slot loading. 

 

Outer diameter can be found out using (2). Value of the 

ratio of outer diameter to inner diameter (Do/Di) is taken as 

√3 for the optimum design [2]. So, the outer radius depends 

on the efficiency, torque developed by the motor, specific 

slot loading and specific magnetic loading.  

 

B. Stator Design 

 

For the permanent magnet motor flux is produced by the 

magnet. Length of the magnet highly affects flux density at 

air gap. Air gap flux density (Bg) should be as high as 

possible, is needed for the desired torque production. Also 

higher length of magnet cause to increase overall cost of the 

motor and lower length of magnet cause to decreases 

mechanical strength of the magnet. Do change linearly as Bg 

varies between 0.45 to 0.85.  

Stator back iron width 

max2

g po
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B
w

B k


                              (3) 

 

Tooth bottom width 
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                     (4) 

Where, kst = staking factor = 0.5 to 0.95 

  Bmax = maximum flux density 

  Bg = air gap flux density 

 

Area of slot 

max

s
s

cp

I
A

J k
                                                   (5) 

Where, packing factor (kcp) is less than 50 percent 

    Is = specific slot loading 

 

Each slot has loading within some limit it should be less 

than 200 A/m for optimum design. [1]. If slot loading is very 

much lower than main dimensions are drastically changed. 

Copper lose increase due to higher value of specific slot 

electric loading (Is) but total cost reduces on account of 

reduction in PM requirement. 

 

Stator axial length 2 2s biL d w                                        (6) 

Where, ds = depth of slot 

 

 The important requirements for the stator material are 

high permeability, low hysteresis, and high resistivity. A 

various grades of silicon steel with the silicon content of 0.5% 

to approximately 4.5% are available. But M-19 is the most 

suited material for the stator core. 

 

C. Rotor Design 

 

Out of various types of Permanent Magnet (PM) materials, 

Neodymium-Iron-Boron (NdFeB) is having highest energy 

product and also the highest residual flux density. The high 

remanence and coercivity of NdFeB material enables it 

appreciable reduction in motor. The PM length can be 

calculated as   

Length of magnet 
 0.2 0.9

g g

m

cr g

l B
L

B B


   

         (7) 

Where, Bcr = flux density in rotor core = 1.6 to 1.8 T [4].  

   lg = length of air gap 

 

Value of the air gap is taken between the range of 0.3 mm 

to 1.0 mm. Smaller air gap length will result in increase the 

phase inductance and armature reaction effect. For the PM 

motor recommended value of the current density (Jmax) is 

between 4 to 10 A/mm
2
 [2]. Smaller current density can be 

used for the high efficiency but with higher cost and size. 

Ferrite and ceramic material used for low cost motor and cost 

of the motor is higher when the NdFeB magnetic material is 

used. As the number of poles (Nm) increase, magnet fraction 

decreases, which reduce the thickness of the magnet, thereby 

reducing the size of the motor.  

 

D. Performance Estimation  

 
It is very essential to estimate the performance of the 

motor design based on design information. The different 
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losses are estimated and subsequently the efficiency of the 

motor is estimated. Per phase inductance is also estimated. It 

is essential to revise the variables and the assumption for the 

more accurate and precise output of the motor [6]. 

III.  COMPUTER AIDED DESIGN OF AXIAL FLUX PERMANENT 

MAGNET BRUSHLESS DC MOTOR 

 

The flowchart of the developed CAD program for the 

Axial Flux Permanent Magnet Brushless DC (AF PMBLDC) 

motor is given in Fig.2. Initially motor specifications, type of 

configuration, material for stator and rotor and other assumed 

data are the input. Main dimension of rotor and stator back 

iron, slot dimension, and magnet area as well as length of 

magnet are calculated based on the assumed efficiency. Also 

calculate flux density at air gap. There is one check point for 

the checking of air gap flux density. If air gap flux density is 

same as assumed ones that is 0.75T than program goes 

further. If not than it change the length of magnet and 

calculate all dimensions again. The purpose of loop for the 

length of magnet is for using optimum dimensions of magnet. 

Because the cost of magnet is highly affect the initial cost of 

motor. So magnet dimensions should be as less as much for 

the desired air gap flux density. If the efficiency is equal to 

same as assumed efficiency than the program ends otherwise 

it changes the assumed efficiency and calculates the 

dimensions again. 

 

 

 
Fig.2 flowchart for CAD of AF PMBLDC motor 

IV. RESULT OF COMPUTER AIDED DESIGN 

Three motors with the following ratings are design using 

the developed CAD program: 70 W, 48 V, 150 rpm;  

1 kW, 230 V, 1400 rpm; 10 kW, 230 V, 1400 rpm. Important 

parameters of the motors are in given Table I. 

It is observed that: 1) The efficiency increases with the 

rating: 2) The phase-inductance is more when the voltage is 

more; and 3) For the same voltage, the phase-inductance 

decreases with increase in the power rating [2]. 

TABLE I 

DESIGN OUTPUTS OF THE AF PMBLDC MOTORS OBTAINED USING THE 

DEVELOPED CAD PROGRAM 

V. CONCLUSIONS 

The designs of the Axial Flux Permanent Magnet Brushless 

dc (PMBLDC) Motor have been presented in this paper. The 

design of this motor has achieved the required motor 

specification and this design is suitable to the direct drive 

application. In order to optimize the machine, the power 

density, the diameter ratio and the air gap flux density have 

been chosen carefully. A comprehensive CAD procedure 

involves the derivation of the output equation and two self-

corrective loops. Outer loop is for the Efficiency and the 

inner loop is for the air gap flux density for the stator 

sandwiched between two rotor type axial-flux PM BLDC 

motor is discussed. CAD programming output shows that the 

efficiency increase as rating increase.  Three designs, one 

each in fractional, low, and medium hp categories, arrived at 

using the developed CAD program are giving the targeted 

torque within an acceptable tolerance band, but with high 

efficiencies. 
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Parameter 250 W 1 kW 10 kW 

Full load efficiency (%) 92.84 97.11 97.74 

Stator outer diameter (mm) 177 164 519 

Stator inner diameter (mm) 102 94.8 300 

Length of stator (mm) 19.6 31.5 86.3 

Length of rotor (mm) 10.6 11.9 12.7 

Length of magnet (mm) 2.7 2.7 2.7 

Magnet fraction 0.52 0.74 0.91 

Inductance per phase (mH) 14.1 32.8 28 
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Abstract: - The growing demand of hydrogen needs renewable 

sources of raw materials to produce it. Glycerol, by-product of 

biodiesel synthesis, could be a bio-renewable substrate to 

obtain hydrogen. With the increase in production of biodiesel, 

there would be a glut of glycerol in the world market. Glycerol 

is a potential feed stock for hydrogen production because one 

mole of glycerol on steam reforming produces 7 moles of 

hydrogen. As hydrogen is a clean energy carrier, conversion of 

glycerol to hydrogen is one among the most attractive ways to 

make use of glycerol. Steam reforming is a promising way to 

utilize the diluted glycerol aqueous solution to produce 

hydrogen. Production of hydrogen from glycerol is 

environmentally friendly because it adds value to glycerol 

generated from biodiesel plants. In this study, the catalytic 

production of hydrogen by steam reforming of glycerol has 

been experimentally performed in a fixed-bed reactor. The 

performance of this process was evaluated over 5wt%, 10wt%, 

15wt% and 20% Ni/ZSM-5. The catalysts were prepared by 

the wet impregnation technique. For a comparative purpose, 

the steam reforming experiments were conducted  under same 

operating conditions, i.e., reaction temperature ranging from 

750°C to 950°C, atmospheric pressure and 1:9 glycerol to 

water molar ratio. Also the effect of glycerol to water ratio, 

metal loading, and the feed flow rate (space velocity) was 

analyzed. The results showed that the hydrogen production 

increased with the increase in the treatment temperature. 

 

Keywords: Biodiesel, Hydrogen, Glycerol, Steam reforming, 

Ni/ZSM-5, Wet impregnation                 

I. INTRODUCTION 

ue to diminution of fossil fuels it is very crucial to 

search for alternative source to redeem the energy 

demand of the world [1-2][13]. Glycerol is a byproduct in 

biodiesel production which are contrived via vegetable oils. 

Glycerol containing H2, CO, CO2, CH4 and other traces of 

hydrocarbons which are used as an alternative fuel 

[3].Nowadays around 10 % wt. of glycerol is generated 

during conversion of vegetable oil or animal fats into 

biodiesel[4-6][14]. There are many processes to generate 

hydrogen from glycerol but steam reforming is the most 

simple and energy proficient. In this paper some experiment 

work done using catalyst nickel based on ZSM-5. Solution 

of glycerol and water filled in a fixed bed catalytic reactor 

under atmospheric pressure and about 750 
◦
C to 950 

◦
C with 

different composition of glycerol and water. In this context 

hydrogen is asked to play an important role in the 

conversion of chemical industry towards the increasing use 

of renewable sources [7]. After the production of hydrogen 

with maximum yield from glycerol is the new way in the 

clean fuel technology. Nowadays hydrogen produces from 

natural gas but technology of producing hydrogen from 

glycerol is the most economic way because crude glycerol is 

the by- product of  biodiesel production and this is the 

perfect way for saving money to utilize this[8].It is strongly 

endothermic, and ideally, it must be carried out at high 

temperatures, low pressure, and high steam to glycerin ratio 

to achieve higher conversion [9][14].The steam reforming 

reaction of glycerin proceeds according to the following 

equations: 

Steam reforming of glycerin: 

C3H8O3 (g) + 3H2O (g)  ↔ 3CO 2 (g) + 7H2 (g)  

 Reverse Water gas shift reaction: 

CO (g) + H2O (g)   →   CO2 (g) + H2 (g)   

Methanation reaction:  

CO (g) + 3H2 (g)    →   CH4 (g) + H2O (g)    

The overall reaction at ideal conditions can be given as 

follows[5][14]:  

C3H8O3 (g) + 3H2O (g) ↔ 3CO2 (g) + 7H2 (g)    

∆H
0
298= +346.4kJ/mol.                                                                   

                     

                II. EXPERIMENTAL WORK 

 

A. Catalyst preparation       

If the catalysts are prepared using Nobel metals like 

platinum and palladium then it gives higher activity, higher 

conversion and yield. Also using this metals the coke 

formation is drastically decreased other then Nickel 

metal.So,it is desired to make a catalyst using non-nobel 

metals like nickel which gives the similar yield as nobel 

metals. It will also affect on the overall cost also [11].All 

the catalysts have been supported on ZSM-5 powder. There 

are so many catalysts available for steam reforming process. 

In this paper there is discussion about nickel precursor on 

ZSM-5 based catalyst. Select a precursor of nickel as nickel 

nitrate (Ni(NO3)2.6H2O) which is available in crystal form. 

Select a wet impregnation method for prepare a catalyst. In 

this method take a required quantity of salt and dissolve in 

to a required quantity of water. This solution is added drop-

wise from burette on the support. Then put it into shaker for 

D 
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6 hours for shaking. After shaking put it in to dryer at 110 
◦
C for 12 hours to evaporate water. Thus metal from salt is 

impregnated on the support. Then do a calcinations process 

for 4 hours at 600 
◦
C for increasing the porosity. We can 

make variety of catalysts by changing the compositions of 

metal. Here in the below table some Nickel metal catalysts 

with different compositions are given [12]. 

 
Sr. 

No. 

Catalyst weight 

in (g) 

%Weight  of   

Ni 

Weight  of 

Ni(g) 

Weight  of 

ZSM-5(g) 

Weight of salt 

(Ni(NO3)2.6H2O) (g) 

1 10 5 0.5 9.5 1.9023 

2 10 10 1 9 3.805 

3 10 15 1.5 8.5 5.707 

4 10 20 2 8 7.6094 

 

 

B. Experimental setup 

 
 

 
Fig.1. Schematic of glycerol steam reforming setup 
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B. Reaction condition 

 

              Table 2. The best thermodynamic condition for hydrogen production by steam reforming of glycerol is at a temperature 

above 650°C [13][14]. 

 

Operating  Pressure 1 atmosphere 

Operating Temperature 500 
◦
C to 900 

◦
C 

Weight of catalyst 1 gram 

Flow rate of (glycerol + water) 

mixture 

3 ml/minute 

Possible molar ratios of water to 

glycerol 

9:1, 12:1, 15:1, 18:1 

H2 : N2 (flow rates) 15:85 

Flow rate of H2 50 ml/minute 

Flow rate of N2 283 ml/minute 

 
 

3. Results and Discussions 

 

Table 3. Conversion and product analysis at different temperature at desired glycerol to water feed ratio for different composition 

of metal  

 

Catalyst Ni % Temperature (
0
C) H2 yield (mole %) 

 

 

 

Ni/ZSM-5 

5 

800 37.45 

900 39.50 

10 

800 43.05 

900 43.62 

15 

800 46.19 

900 47.18 

20 

800 48.81 

900 50.27 

 

 

From the experiments it seems that the desired temperature 

for getting maximum conversion is around 850 
0
C to 900 

0
C.Here glycerol to water mole ratio in the feed is 1:9.If we 

increase this ratio up-to 1:12, 1:15 or 1:18 then hydrogen 

production is going to be increased because as per le-

chetelier principle if we increase the concentration of one of 

the reactant then reaction goes towards the forward 

direction. 
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A. Effect of Temperature 

From the above table it seems to be that as the temperature 

increased, the conversion of glycerol and yield of hydrogen 

also increased. We can get maximum yield of hydrogen at 

900 
0
C for all the catalysts. From the experiments the 

optimum temperature for getting maximum yield is 880 
0
C. 

     

 
Fig 2 shows the effect of temperature on hydrogen yield. 

 

B. Effect of water to glycerol feed ratio 

Generally the steam reforming process is reversible and 

endothermic. Therefore, product formation is very less 

because the product is a again converted into reactants.So,as 

per le-chetelier principle if we increase the concentration of 

one of reactant means add one of the reactant in to excess 

mole percentage other than required. So, if we increase the 

concentration of glycerol or water then there is no 

byproduct formation and conversion is going to be 

increased. Here the water is add as an excess reactant 

because compare to glycerol water is too cheaper. The 

unreacted glycerol in product is going to be decreased and 

we can get maximum conversion of glycerol.  

 

C. Effect of feed flow rate and residence time 

For the steam reforming process it is desired that the feed 

flow rate must be minimal and for all the reactions residence 

time must be increased. If feed flow rate of glycerol water 

mixture is minimum then mixture is passed very slowly 

from the reactor tube and residence time is going to be 

increased. If the residence time is going to be increased then 

collision frequency between molecules of glycerol and 

water is increased and reaction going towards forward 

direction and by-product formation or amount of unreacted 

glycerol is going to be decreased.  

 

D. Effect nickel percentage in yield of hydrogen 

From the experimental results shown in above table it seems 

that if the mole percent of nickel in catalyst increases the 

hydrogen yield increased.So,for better yield it is desired to 

increase the amount of nickel in catalyst. 

 

CONCLUSION 

 

Steam reforming of glycerol has been studied using 

different temperature conditions and different composition 

of Nickel. From the experimental studies it was conclude 

that as compositions of nickel increased in catalyst, yield of 

hydrogen will be increased. Maximum yield of hydrogen 

and 100% conversion of glycerol was obtained at between 

850 C̊ to 900 ̊ C. From the experimental studies the 

optimum temperature is 880 ̊ C and WGFR is 9:1 at feed 

flow rate of 2.8 ml/minute. The best catalyst for getting 

maximum hydrogen yield is 20% Ni/ZSM-5.From the 

experimental studies it seems to be clear that high 

temperature, low pressure and high water to glycerol feed 

ratio is the best conditions for getting higher yield of 

hydrogen. 
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A Green Chemistry Process for Preparation of 1,1’-

Bi-2-naphthol 
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Abstract- BINOL (1,1’-bi-2-naphthol) is used as a chiral ligand 

for many asymmetric reactions. In this a green chemistry 

approach was used for the preparation of BINOL by the 

oxidative coupling of 2-naphthol using Cu-Montmorillonite, a 

green material. Results obtained were compared with 

conventional method i.e., the FeCl₃ catalyzed oxidative 

coupling of 2-naphthol. FTIR and XRD were used for 

characterization of reaction products.  

Keywords- BINOL, oxidative coupling, 2-naphthol, Cu-

Montmorillonite. 

I. INTRODUCTION 

ne of prime focus for chemists now is to develop 

synthetic methods that are less polluting i.e., to design 

green chemical transformation. The chemical process should 

be such that it doesn’t cause permanent damage to the 

environment. Therefore ways to minimize the damage 

caused by raw materials and process should be done. 

Though it is expensive but it leads to environment friendly 

condition.[1] 

Natural aluminosilicates like clays and zeolites are solid 

acids that are used to substitute liquid acids in chemical 

transformation. (Gates 2003) Among these clays and 

modified clays are gaining interest due to their versatile 

properties.(Balogh and Laszlo, 1993; Benesi and Winquest, 

1978; Theng, 1974; Vaccari, 1999) The most common 

modified clays applied in organic synthesis are K-10 and 

KSF montmorillonites. Their physicochemical properties are 

sameas that of the natural clays but their BET surface areas 

are different. Developments of clay catalyzed reactions are 

important in green chemistry point of view and they produce 

less hazardous waste products. 

 

Clay minerals as such or after modification/treatment can be 

used are solid acid catalyst.  It exhibits both Bronsted as 

well as Lewis acidity, hence finds application in a wide 

range of organic transformations. (Cativiela et al. 1993; 

Cseri et al., 1995). 

Montmorillonite (MMT) having chemical formula 

Al₂Si₄O₁ₒ(OH)₂ nH₂O and have variable moisture content. 

The crystalline structure of MMT consists of multiple layers 

and each layer made up of one octahedral alumina sheet 

sandwiched between two tetrahedral silica sheets.[2] 

1, 1’-bi-2-naphthol (BINOL) has become an important 

chiral auxiliaryfor asymmetric synthesis [3] and due to its 

high degree of utility various synthetic approaches have 

been developed. Generally for BINOL synthesis transition 

metals have been used as catalysts or oxidants. 

For the transition metal-catalyzed and promoted reactions, 

the most frequently employed metals are Fe (III) and Cu 

(II), though oxidations utilizing Mn (III)[4], Ti (IV)[5] and 

V (V)[6] have also been reported. There have been some 

known methods for the oxidative coupling of 2-naphthols 

using FeCl₃, K₃Fe(CN)₆, Mn(AcAc)₃,CuCl(OH), 

CuSO₄(Al₂O₃) and Cu(II)–amine complexes as coupling 

reagents. In addition to solution-phase oxidation with FeCl₃ 
[7]and Cu(II)/amine complexes [8],a number of metal 

complexes have been immobilized on solid supports for use 

in this reaction. Although such supported reagents offer 

some advantages with regard to ease of isolation ofproducts, 

typically high volumes of organic solvents have been used 

for this oxidation reaction. (Between 10–20mL of either 

xylene [9] or chlorobenzene [10,11] per millimole of 2-

naphthol), which are not at all a green chemistry approach.  

Solvent less systems have also been reported, one of them is 

preparation of BINOLby heating of a powdered mixture of 

FeCl₃ and 2-naphthol both with [12] and without microwave 

[13] irradiation. [14] 

In the present work a mechanical method, grinding, melt of 

2-naphthol with copper-montmorillonite clay was attempted 

for the coupling reaction.Result obtained was also compared 

with the product formed by the procedure suggested 

elsewhere [15]. 

 

II. EXPERIMENTAL 

 

A. Materials 

 

Bikaner bentonite was used for Montmorillonite. Chemical 

composition was: 43.77% SiO₂, 18.57% Al₂O₃,   
1.13%Na₂O, 1.02% CaO, and 36.09% H₂O.Iron chloride, 

copper acetate and 2-naphthol was purchased from Merck 

chemicals. 

 

B. Synthesis 

 

Cu-Montmorillonite was prepared by slurring 

montmorillonite clay (1.5g) with 0.5M aqueous solution of 

Cu(CH₃CO₂)₂ at room temperature and stirred for 2hrs. It  

was left overnight and then filtered and washed with water. 

It was dried in oven for 2hrs and solid yellow colored Cu-

montmorillonite clay was obtained. 

2-naphthol and Cu-montmorillonite clay was heated 

separately till molten state obtained. It was then grinded 

together in molten state. 1,1’-bi-2-naphthol was obtained. It 

has been checked with thin layer chromatography (TLC) 

O 
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with the authenticated BINOL prepared and its melting 

point. 

 

C. Characterization 

 

Powder X-ray diffraction data was recorded using 

Pananalytical XRD setup with Cu Kɑ radiation. 

FT-IR data was recorded using (Perkin Elmer/spectra two). 

 

                               RESULTS AND DISCUSSION 

The diffractograms of reaction mixture Cu-

montmorilloniteclay and 2-naphthol showed similar pattern 

with that of FeCl3 and 2-naphthol, Fig.1 and Fig.2, 

indicating similar nature of reaction products. 

Results from the FTIR showed an appearance of peaks in 

the Cu-montmorillonite and 2-naphthol around 3300 cm
-1

 

(Table 1) similar to that of 2-naphthol and FeCl3 reaction 

mixture (Table 3), which were very much different from the 

FTIR spectra of Cu-montmorillonite (Table 2). This 

indicated similarity of reaction products.  The product was 

also compared with the BINOL prepared from standard 

reflux method with the FTIR spectra. 

 

 

CONCLUSION 

It could be concluded from the results obtained from FTIR 

and XRD that a green material: Cu-montmorillonite can also 

be used coupling of 2-naphthol.  
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Fig .1.   XRD of FeCl3 and 2-naphthol 

 

 

Fig. 2.   XRD of Cu-clay and 2-naphthol 
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TABLE 1 

 FROM THE FTIR SPECTRA OF 2-NAPHTHOL AND Cu-CLAY 
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TABLE 2 

  FROM THE FTIR SPECTRA OF Cu-CLAY 
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TABLE 3  

 FROM THE FTIR SPECTRA OF 2-NAPHTHOL AND FeCl3 
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TABLE 4 

 FROM THE FTIR SPECTRA OF BINOL 
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TABLE 5 

 FROM THE FTIR SPECTRA OF 2-NAPHTHOL 
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Handwritten Digit Recognition using Neural 

Networks 
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Abstract— The paper demonstrates the implementation of handwritten 

digit recognition using gradient descent method for training a feed 

forward neural network system. I have described basic concepts of 

artificial neural networks and then described the algorithm used for 

implementing handwritten digit recognition. I have used 

Octave/Matlab for implementing the neural network. For prediction of 

the digit, a neural network system has been trained using a set of 

predefined handwritten digit images and then used to forecast for the 

new ones. The results show that neural network can successfully be 

applied for pattern matching tasks, such as handwritten digit 

recognition, and are much more efficient as well as accurate when 

compared to the traditional computing methods like learning through 

logistic regression or brute force image comparison. 

 

Keywords— Handwritten digit recognition, artificial neural networks, 

feed forward ANNs, backward propagation algorithm. 

I. INTRODUCTION 

n machine learning, artificial neural networks (ANNs) 

are computational models inspired by an animal's central 

nervous systems is capable of learning as well as 

information retention. Artificial neural networks are 

generally presented as systems of interconnected "neurons" 

which can compute values from inputs and capable of 

pattern recognition. [12].  

 

This paper shows how the forward feeding neural 

network algorithm can be used for handwritten digit 

recognition with an accuracy of more than 97 percent. A 

neural network for handwritten digit recognition is defined 

by a set of input neurons which is activated by the pixels of 

an input image. After being weighted and transformed by a 

proper cost function, the activations of these neurons are 

then passed on to other neurons. This process is repeated 

until finally, an output neuron is activated. This determines 

which character was read. 

II. BASICS OF NEURAL NETWORKS 

The human brain consists of about 10 million nerve cells. 

On average each neuron is connected to other neurons 

through thousands of synapses. [1] 

A. Human nerve cell 

 

Fig 1.Human Neurons [2] 

 A neuron is a special biological cell that process 

information from one neuron to another neuron with the help 

of some electrical and chemical change. It is composed of a 

cell body or soma and two types of out reaching tree like 

branches: the axon and the dendrites. The cell body has a 

nucleus that contains information about hereditary traits and 

plasma that holds the molecular equipments or producing 

material needed by the neurons [2]. 

The whole process of receiving and sending signals is 

done in particular manner like a neuron receives signals 

from other neuron through dendrites. The Neuron send 

signals at spikes of electrical activity through a long thin 

stand known as an axon and an axon splits this signals 

through synapse and send it to the other neurons [3]. 

B. Artificial Neural network 

 

Fig 2. Artificial neuron [4]. 

The need of artificial neuron in essence is a model 

inspired by human brain and its capacity to learn. The need 

of artificial neuron is to solve intelligent problems where the 

mathematical formulae or algorithms cannot solve the 

problems. 

 

C. Neural Network Model 

 
Fig 3.Neural network [4] 

 

An Artificial Neuron is basically an engineering approach 

of biological neuron. It has device with many inputs and one 

output. ANN consists of large number of simple processing 

elements that are interconnected with each other and layered 

[5]. 

I 

http://en.wikipedia.org/wiki/Machine_learning
http://en.wikipedia.org/wiki/Statistical_model
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http://en.wikipedia.org/wiki/Central_nervous_system
http://en.wikipedia.org/wiki/Machine_learning
http://en.wikipedia.org/wiki/Artificial_neuron
http://en.wikipedia.org/wiki/Handwriting_recognition
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D. Why ANNs? 

ANNs are used for pattern matching because they have 

Massive Parallelism, Distributed representation and 

computation, Adaptability, Learning Ability, Generalization 

Ability, Inherent Contextual Information Processing, Fault 

Tolerance [5]. 

III. FEED FORWARD ALGORITHM 

 

Multi-Layer Feed-forward (MLF) neural networks, trained 

with a back-propagation learning algorithm, are the most 

popular neural networks. They are applied to a wide variety 

of pattern recognition problem.  

 

A feed forward neural network consists of a (possibly large) 

number of simple neuron-like processing units, organized 

in layers. Every unit in a layer is connected with all the units 

in the previous layer. These connections are not equal; each 

connection may have a different strength or weight. The 

weights on these connections encode the knowledge of a 

network. Often the units in a neural network are also 

called nodes [6]. 

Data enters at the inputs and passes through the network, 

layer by layer, until it arrives at the outputs. During normal 

operation, that is when it acts as a classifier, there is no 

feedback between layers. This is why they are 

called feedforward neural networks [6]. 

The Gradient descent back-propagation algorithm [7] is a 

gradient descent method minimizing the mean square error 

between the actual and target output of a multilayer 

perceptron. Assuming sigmoid nonlinear function 

  

 
The back-propagation algorithm consists of the following 

steps: 

1) Initialize weights and offsets 

Initialize all weights and node offsets to small random 

values. 

 

2)  Present Input and Desired Output Vector 

Present continuous input vector x and specify the desired 

output d. Output vector elements are set to zero values 

except for that corresponding to the class of the current 

input. 

 

3)  Calculate Actual Outputs 

Calculate the actual output vector y using the sigmoidal 

nonlinearity. 

 

4)  Adapt weights 

Adjust weights by [9] 

  
Where xi is the output of the node i and dj is the sensitivity 

of the node j. If node j is an output node, then [10] 

 
where dj is the desired output of the node j, yj is the actual 

output and is the derivation of the activation function 

calculated at netj. If the node j is an internal node, then the 

sensitivity is defined as [11] 

 
where k sums over all nodes in the layer above the node j. 

Update equations are derived using the chain derivation rule 

applied to the LMS training criterion function. Convergence 

can be faster if a momentum term is added and weight 

changes are smoothed by 

 
 

5)  Repeat by Going to Step 2 

 

The program based on the back propagation algorithm as 

described above, trains the network for recognizing 

handwritten digit images. The first input layer is fed with 

explicitly trained set of parameters. Then the hidden layer is 

trained using the classical gradient descent algorithm. As 

there‟s no feedback, this is a forward feed algorithm. Then 

the final output layer learns the final hypotheses a
(3) 

=h θ(x) 

as shown in Fig 5, whose value gives us the value of the 

digit in the image. 

IV. IMPLEMENTATION 

 

A. Dataset 

 

 
 

Fig 4. Portion of the training set 
 

The dataset is a .mat file with 5000 handwritten examples of 

digits, which is saved in native Octave format, where each 

training example is a 20 pixel by 20 pixel grayscale image of 

the digit. Each pixel is represented by a floating point 

number indicating the grayscale intensity at that location. 

The 20 by 20 grid of pixels is unrolled into a 400-
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dimensional vector. Each of these training examples 

becomes a single row in our data matrix X. This gives us a 

5000x400 matrix X where every row is a training example 

for a handwritten digit image. 

The second part of the training set is a 5000-dimensional 

vector y that contains labels for the training set. 

 

 

B. Model Representation 

 

The neural network is shown in Figure 5. It has 3 layers (an 

input layer, a hidden layer and an output layer). Recall that 

the inputs are pixel values of digit images. Since the images 

are of size 20 by 20, this gives us 400 input layer units 

(excluding the extra bias unit which always outputs +1). 

There are 25 nodes in hidden layer. As before, the training 

data will be loaded into the variables X and y. Theta1 and 

Theta2 are explicitly trained and taken into matrices Theta1 

and Theta2. The parameters have dimensions that are sized 

for a neural network with 25 units in the second layer and 10 

output units (corresponding to the 10 digit classes). 

 

 
 

Fig 5.Model representation of the neural network used for this experiment 

 

The model shows the model I‟ve implemented. Here, ai
(L) 

is 

activation/output of a unit i in layer L, „g‟ is sigmoid 

function and zi 
(L) 

denote the total weighted sum of inputs to 

unit i in layer L. Given a fixed setting of the parameters 

(stored in vector Theta), our neural network defines a 

hypothesis hθ(x) that outputs a real number [8]. 

 

C. Code Snippet 

 

 
 

D. Results Obtained 

 

 
 

Fig 7.A random output of our Octave code 

 

All the 5000 images of the training set and the output is 

compared after learning phase of the neural network. The 

accuracy of about 97.5% is observed. 

 

V. RELATED STUDIES 

Gradient Descent algorithm is an old but powerful 

algorithm for machine learning. And also, artificial neural 

networks prove to be a very effective solution for pattern 

matching problems. We plan to make this pattern matching 

neural network algorithms to solve medical problems like 

cancer detection with much more efficiency. The studies are 

going on, we have implemented that to some extent and we 

hope to see artificial neural network solve our daily life 

problems. 

VI. CONCLUSIONS 

 

As per as technology is developing day by day the need 

of Artificial Intelligence is increasing because of only 

parallel processing. Parallel Processing is more needed in 

this present time because with only the help of parallel 

processing we can save more and more time and money in 

any work related to computers or robots. 

This paper presents a study of artificial neural networks 

for handwritten digit recognition. The traditional brute force 

methods for image comparison are too slow as well as 

inaccurate. The machine learning technique of logistic 

regression is also tested, in which the accuracy observed was 

about 94%. Finally, the technique using feed forward neural 

network proves to be the most efficient for a pattern 

recognition problem with an accuracy of about 97.5% in this 

case of handwritten digit recognition. 
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Abstract— Drilling depleted reservoirs for the extraction of oil 

and gas has become a challenge. On drilling depleted reservoirs 

where there lost on circulation is very high. Drilling with 

conventional fluid system and also using non-invasive fluid 

additive will not prevent mud loss in fractured reservoirs. 

Aphron based drilling fluids helps in preventing fluid invasion 

and provides underbalanced drilling condition. The place where 

the conventional mud fails, Aphron mud has proven to be 

successful and economic. 

 

Keywords-micro bubble, invasion, LSRV, Lost Circulation, 

Coalescence. 

I. INTRODUCTION 

xtracting oil and gas from earth‟s crust is a need for 

future energy demand. Drilling fluid is one of the single 

most important element for entire earth excavation process. 

Depleted reservoirs are nothing but reservoirs having 

formation fractures. When drilling fluid passed through the 

drill bit, due the fractures mud enters into the formations. As 

a result there is drastic decrease in the volume of the drilling 

fluid. This condition of mud loss on return is termed as „Lost 

Circulation‟.  

Aphrons “high energetic micro bubbles” are fluid for the 

future drilling process. Aphron due to its high Low Shear 

Rate Viscosity (LSRV) and its efficacy to seal the depleted 

formations, it‟s proven to be a better alternative for 

conventional drilling fluids. On the other hand its cost 

effectiveness and underbalanced drilling conditions makes it 

an attractive area for future research. 

 

1.1. How it works? 

Aphron drilling fluids contains micro bubbles 

encapsulated in a viscous polymer shell. When bubbles are 

subjected to high pressure bubble gets shrink. These micro 

bubbles have flow tendency from high pressure zones to low 

pressure zones. Aphron mud on returning when it comes 

across fractured formation, due to its flow property it enters 

into the fractures. As soon as it enters into the low pressured 

fracture zones, compressed micro bubbles starts to expand. 

These micro bubbles do not coalesce with each other. As a 

result when bubbles get accumulated, fractures get filled up 

and further there is no lost circulation is observed; as shown 

in fig.1. Due to its capability of stabilizing the formation it 

also assist in casing by reducing the number of casing which 

are generally being used to seal the well after drilling. It also 

reduces the cost of hole cleaning and as a result it‟s a viable 

option for drilling. The LSRV plays an important role in the 

invasion of aphron drilling fluids. As the fluid slows due to 

radial flow and bridging action of the aphrons, the shear rate 

decreases and the viscosity rises. This process continues until 

at some point the fluid essentially stops. 

 
Fig.1.Work function of Aphron when it flows from high pressure zone to 
low pressure zone and invasion control by for bridge of micro bubbles. 

 

1.2. Structure of Aphron 

Aphrons are bubbles of size 20-200 µm. Aphron contains 

 It contains a core which can be liquid or gaseous. 

 Aqueous Protective layer  

Protective layer contains stabilizers and surfactants. Shell 

protects the aphron from coalescence. The inward pointing 

surface of the surfactant is hydrophilic and outward layer is 

hydrophobic as shown in fig.2. Surfactant layer attracts the 

adjacent micro bubble and helps in agglomeration. 

 

 
 

Fig.2 Structure of colloidal gas aphron1 

 

E 
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Fig. 3. Standard foam structure1 

 

Aphron structure is stable as long as the aqueous 

viscosifier layer is presented and maximum threshold 

pressure capacity of the bubbles is retained. These are 

energetic micro bubbles because here micro bubbles being 

encapsulated in a viscous and surfactant layer and also some 

of the additives which are present in the thin layer provide 

pressure and thermal stability. 

 

1.3. Formulation of Aphron system: 

Generally aphron contains following additives and 

concentration of the additives can be decided as per well site 

requirements. 

 

Component  Functions 

Base fluid 

(freshwater or 

brine) 

Provides 

continuous phase 

for system 

Soda ash  Hardness buffer 

Biopolymer blend  Viscosifier 

Polymer blend  

 

Fluid-loss control 

and thermal 

stabilization 

pH buffer  pH control 

Surfactant  Aphronizer 

Biocide  Biocide 

 
Table.1. Additives for Water Based Aphron Mud 

 

Component  Functions 

Oil or synthetic 

fluid 

 

 

Continuous phase 

Clay or Polymer 

Blend 

Viscosifier 

Surfactant  Aphronizer 

Water 

 

Polar Activator 

Polymer Filtration Control 

Agent 

Polymer/Surfactant 

Blend 
Aphron Stabilizer 

 
Table.2. Additives for Non-aqueous based Aphron Mud 

 

1.4 Characterization: 

 

1.4.1) Measurement of Bubble size: 

Growcock7 used Acoustic Bubble Spectroscopy to 

measure the bubble size.  

 

1.4.2) Density Measurement: 

Density can be determined by using pressurized mud 

balance and non-pressurized mud balance. 

 

1.4.3) Rheology: 

LSRV can be determined by using Brookfield viscometer. 

Measurement is done using LV Spindle No-3 at different 

RPM ranging 0.3 RPM to 10 RPM. LSRV should be more 

than 60,000cP. 

 

1.4.4) API Fluid loss: 

API Fluid loss is carried out at 100psi for 30 minutes at 

24±1
0
C. 

 

II. CONCLUSIONS 

The Aphron fluid system product line has been used 

globally in hundreds of wells. It has found that 

 

 Consistent Success in controlled invasion and leakoff 

 Improved well site operations 

 Accelerated fluid recoveries 

 Improved production profiles 

 Improved well design efficiency 

 

The technology can be deployed in various phases of 

drilling and production. It optimizes the operations, reservoir 

potential and production. 
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Abstract-Treatment of wastewater which comes from the 

various industries is an become crucial problem because they 

contain different dye types and harmful compounds which 

reduced self-purification process in the environment and 

caused carcinogenic effect on human health. Now a day’s 

Advance Oxidation Processes has gain attraction for 

treatment of dye wastewater. The effectiveness of an 

Advance Oxidation Process is proportional to its ability to 

generate hydroxyl radicals. Catalytic ozonation allows a 

quicker removal of organic pollutants, because catalysts 

improve the oxidizing power of ozone, markedly reducing 

the economic cost. Catalytic activity of Titanium dioxide, 

Zink oxide, Nickel supported on γ-Al2O3 catalysts towards 

the ozonation of RB-5 dye wastewater was investigated. 

Keywords: Advance Oxidation Processes, Ozonation, Catalytic 

ozonation, Azo dyes, Wet impregnation. 

I.   INTRODUCTION 

zo dyes are the most widely used dyes and are 

normally major pollutants in dye effluents. The 

textile and dyestuff industries are the main sources of 

dyes that are released to the environment. Conventional 

treatment cannot efficiently remove dyes from textile 

wastewater, because they are stable against light and 

biological degradation. Such treatments as adsorption, 

flotation and coagulation only alter the phases of 

pollutants but do not destroy them. Advanced oxidation 

processes (AOPs) are alternative methods for 

decolorizingand reducing recalcitrant wastewater loads 

that are generated by textile companies. Considerable 

progress has been made in the development of AOPs for 

textile effluent in recent years, especiallyin ozone-related 

processes. Ozonation has excellentpotential in 

decolourization for the following reasons. (i) 

Decolourization and degradation occur in one step; (ii) 

danger to humans is minimal; (iii) no sludge remains; (iv) 

all residual ozone can be decomposed easily into oxygen 

and water; (v) little space is required and (vi) ozonation is 

easily performed
 [1,11]

 

The term advanced oxidation process is defined asthe 

oxidation process, which generate hydroxyl radicalsin 

sufficient quantity to affect water treatment. These 

processes generally use a combination of oxidationagents 

(ozone, hydrogen peroxide), irradiation (UV, ultrasound) 

and catalysts as a means of generatinghydroxyl radicals.
[2, 

3]
 

 In recent years, ozonation has emerged as a 

process for removing the colour of dyes, since the 

chromophore groups with conjugated double bonds, 

which are responsible for colour, can be broken down by 

ozone either by direct oxidation by ozone molecules or by 

indirect radical oxidation . Ozone has a great advantage 

over other oxidants because of its strong oxidizing 

property. The oxidation potential of hydroxyl 

radicalssignificantly exceeds that of ozone molecules; 

therefore, radical oxidation is faster and more efficient 

than direct oxidation. A disadvantage of using only 

ozonation for treating wastewateris the large amount of 

energy that is required for itsgeneration, such that any 

improvement that reduces the requiredreaction time would 

be welcomed from a practical perspective.Metal-catalysed 

homogeneous ozonation of organic substratesis currently 

attracting considerable interest, because of the intentto 

improve ozonation efficiency and optimize economic 

efficiency.Catalytic ozonation allows a quicker removal of 

organicpollutants, because catalysts improve the oxidizing 

power ofozone, markedly reducing the economic cost
. [4]

.  

Catalytic ozonation processes utilise several 

phenomena can be divided into the following sub-

techniques, which ozone decomposition and hydroxyl 

radicals’ formation: 

(1)    Homogeneous catalytic ozonation : 

Homogeneous catalytic ozonation utilises ozone 

decompositionby transition metal ions. There are two 

major mechanisms of Homogeneous catalytic 

ozonation: 

 Decomposition of ozone by metal ions leading to the 

generationof free radicals. 

Complexes formation between organic molecule and 

the catalyst and subsequent oxidation of the complex. 

(2)     Heterogeneous catalytic ozonation: 

Among the most widely used catalysts in 

heterogeneous catalytic ozonation are: (1) Metal 

oxides (MnO2, TiO2, Al2O3, FeOOH and CeO2). (2) 

Metals (Cu, Ru, Pt, Co) on supports (SiO2, Al2O3, 

TiO2 and activated carbon). (3) Activated carbon
 [3] 

Catalyticozonationisexpectedto: 

1. Generate hydroxyl radicals particularly at lower 

pHs, 

2. Control the radical generation to increase the 

efficiency of ozonation, 

3. Lead to higher efficiency of ozone consumption, 

4. Avoid bromate formation. 
[5-10]

 

 
II. MATERIALS AND METHOD 

 

2.1 Materials and reagents 

 

Reactive black-5 was obtained from piyush chemicals and 

used without further purification. The wave length of RB-

5 was 599 nm. TiO2 and ZnO powder with purity of 

A 
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99.9% was obtained from piyush chemicals where Nickel 

supported on Al2O3 was obtained by wet impregnation 

method
 [12]

. Here Al2O3 was in pellet form and obtained 

from piyush chemicals. Ozone was produced by ozone 

generator from pure oxygen. Potassium Iodide was 

obtained from piyush chemicals. 

 
2.2 Catalyst preparation 

 
Nickel supported on Al2O3 was prepared by wet 

impregnation method. The precursor salt was dissolved in 

a volume of solvent equal to the catalyst pore volume and 

this solution was added slowly (drop wise) to the support. 

Then there was a two hour shaking for better mixing. 

After that there was overnight drying at 110
0
C for 

moisture removal. Then calcination at 450 
0
C at 3 hour.

 [14, 

15]
 

 

 

 
 

Fig. 1 Process of Impregnation 

 
2.3 Experimental procedure 

 
     The catalytic ozonation experiments of RB-5 dye in 

thepresence of ozone were performed in a semi batch flow 

mode at 25
0
C. Ozone was generated in a laboratory 

ozonegenerator using pure oxygen as gas source. The flow 

rate of ozone was 30 LPH. The simulative waste water 

was RB-5 dye solution (the initial concentration of RB-5 

dye solution was 100 mg L
-1

), and the initial pH was 6.8 

without any adjustment. In a typical catalytic ozonation 

procedure, 0.05gm catalyst and 500 mL of simulative 

waste water were mixed in a reactor under stirring and 

thermostatic control. Thenozone was fed into the bottom 

of the reactor by sparger with continuous stirring.After 

certain intervals, samples (10.0 mL) were taken from 

thereactor, and the clear solutions after separation were 

used foranalytical determination. The control experiments 

of singleozonation (without catalyst) were also carried out 

under the same condition. Experiments were carried for 

25 minute. 

 

 
. 

Fig. 2 Experimental set-up 

 

III.  RESULT AND DISCUSSION 

 
3.1 The UV-vis spectra of reactive black-5 
 
The UV-vis absorption spectro photometer (Shimadzu 

UV-1800) was used to analyse the RB-5 degradation. 

Here concentration of the RB-5 dye wastewater was 100 

ppm. The removal efficiency of catalytic ozonation and 

simple ozonation was compared by using three different 

catalysts. The removal efficiency of RB-5 with simple 

ozonation was nearly 40-45% in 25 minute for 100 ppm 

dye solution where by using 0.05 gm. Of catalysts TiO2, 

ZnO, and Ni supported on γ-Al2O3, the efficiency 

observed was 84%, 91% and 67% respectively. Among 

these TiO2catalyst was selected for further experiment 

because it gives best result and also has low price 

compare to other catalysts. Fig. 3 shows the initial and 

final result of the catalytic ozonation of RB-5 dye solution 

of 100 ppm. The calibration curve of standard RB-5 

solution was used to estimate the degradation efficiency 

of dye. The degradation percentage was calculated based 

on the following equation: 

 

Degradation % = 𝐶𝑜 − 𝐶/𝐶𝑜  ∗ 100 

 

Where C0 is the initial concentration of RB-5 and C is the 

concentration of RB-5 at time t. 

 

 
 

Fig. 3 Initial and final product 

3.2 Effect of TiO2 catalyst dosage 
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Fig. 4 shows the decomposition rates of RB-5 dye due to 

the different amount of TiO2catalyst. It illustrate that the 

degradation efficiency increases gradually with the 

increase of TiO2in the catalytic ozonation. It was owing to 

the increase of catalytic surface and leading to the 

increase of •OH radical which can improve the 

degradation efficiency. It can be seen that the 

decomposition efficiency increased when the catalyst 

amount increase from 0.05 gm. To 0.2 gm. The 

degradation increases rapidly but at the high dose there 

was no change. 
[17, 18]

. 

 

 
 

Fig. 4 Effect of amount of catalyst on the decomposition of RB-5 dye 

solution (pH=7, 100 ppm) 

 

3.3 Effect of RB-5 dye concentration 

 
Fig. 5 shows the decomposition of RB-5 dye solution of 

different concentration with same amount of catalyst (0.05 

gm.) It illustrates that degradation efficiency gradually 

decrease with the increase of concentration of dye. It can 

be seen that the decomposition efficiency decreased when 

concentration of RB-5 dye increases from 0 ppm to 150 

ppm 

 
 

Fig. 5 Effect of dye concentration at same amount of catalyst dosage 

(0.05 gm., pH=7) 

 

3.4 Effect of pH 

 
    Optimised pH value for degradation of RB-5 were in 

the 7 where around 90-98% degradation efficiency was 

found. The advantage of pH 7 is that the discharge of 

wastewater to the environment needs to be neutral and 

compare to other catalyst the degradation of dye using 

TiO2 catalyst can be done in neutral pH value
 [13]

. 

 

IV. CONCLUSION 

 
Catalytic ozonation notably enhanced the efficiency of 

color removal of dye solution. The present study showed 

the degradation percentage of RB-5 could reach up to 

98%. Here experiments were carried out with three 

different catalysts (TiO2, ZnO,Nickel supported on γ-

Al2O3) the result showed that TiO2 catalyst gives better 

result compared to other two catalysts. The results with 

the RB-5 dye showed that decolourization were achieved 

at neutral pH. A large amounts of bubbles was formed at 

high inlet gas flow rate. It was conclude that at low dose 

(0.05, 0.1, 0.2 gm.) the degradation increases rapidly but 

at the high dose (>0.4) there was no change. It is thus 

concluded that the catalytic ozonation process is a 

promising andeconomically viable technology for the 

treatment of dye wastewater. 
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Abstract- Many industries are located in South Gujarat and 

producing variety of products and subsequently producing huge 

amount of liquid, solid, and gaseous discharge in the 

environment. The primary consideration of our study is based 

on evaluation of existing wastewater plant along with its 

operation and control. A major tool for proper process control 

is frequent and accurate sampling and laboratory analysis, 

hence it is significant to study the efficiency of the treatment 

technologies that are currently equipped to treat the waste 

water. This study provides an insight about the percentage 

efficiency of the waste water treatment plant and the step wise 

degradation of the selected parameters which were analysed at 

each stage of treatment. The study also gave a brief idea of the 

type of wastewater that was discharged in the estuarine zone 

near Valsad (Gujarat). Concentrations of each parameter were 

analyzed using protocols laid by BIS (Bureau of Indian 

Standards). The overall performance of the existing WWTP 

was satisfactory as per the standards laid by GPCB. The 

removal efficiencies of Chemical Oxygen Demand and Bio-

chemical Oxygen Demand were found to be 94.87% and 

93.43% respectively. Moreover, the efficiency of the tertiary 

treatment of the WWTP was adequate.  

Keywords- waste water, treatment, parameters, analysis. 

I. INTRODUCTION 

 In India, South Gujarat is known as economic capital as 

well as economic backbone of Gujarat. 

 Many industries are established here and conduct their 

production activities and discharge solid, liquid, and 

gaseous waste in the environment.  

 A study conducted by Malik G. M. et al, 2010 indicates 

that there are diverse contaminations and pollution in 

rivers at Valsad; out of which river Par is least polluted 

with compared to rest of the rivers. The effluent treatment 

plant of the chemical industry was selected as the study 

area to evaluate its efficiency to treat the effluent.  

 The selected chemical industry is one of the major 

established Industries in this location and contributes 90% 

of the total industrial discharge in the river Par. One of the 

primary considerations in evaluating an existing 

wastewater plant is in the area of plant operation and 

control. A major tool required for proper process control is 

frequent and accurate sampling and laboratory analysis.  

 Verifying the effectiveness of WWTP has the advantage 

of assessing the performance of the WWTP after 

commissioning the plant based on the treatment efficiency 

of parameters such as BOD, COD, TSS and Sulphides. 

Suitable remedial measures can be adopted to improve the 

performance of treatment plant.  

 Carried out the study on evaluating efficiency of the 

treatment plant by studying water samples, which were 

collected at different stages of treatment units.  

 Performance effectiveness of each unit was calculated, 

which is the proof that WWTP has been working with the 

norms of GPCB and meeting the standard discharge limits.  

 The stepwise reduction in concentration of various 

parameters from the waste generated through successive 

unit operations was covered under this study.  

 The main objectives are to study the sequential 

combination of various physical unit operations, and 

chemical and biological unit processes, to assess the 

effluent quality and meet higher treatment requirements, 

to evaluate the performance of the WWTP of the chemical 

industry.  

 

II. METHODS AND MATERIALS 

Parameters analysed: 

1. Chemical Oxygen Demand (Dichromate reflux)  

2. Biochemical Oxygen Demand (Winkler’s) 

3. Acidity (Titrimetric) 

4. Phenolic compounds (4 Aminoantipyrine method 

without chloroform extraction) 

5. Total Suspended Solids (Gravimetric) 

6. Phosphorus (Spectrophotometer) 

7. Oil & Grease (Solvent Extraction) 

8. Sulphide (Titrimetric) 

 

1. Chemical Oxygen Demand:  

Chemical oxygen demand (COD) does not differentiate 

between biologically available and inert organic matter, and 

it is a measure of the total quantity of oxygen required to 

oxidize all organic material into carbon dioxide and water. 

Principle: The organic matter of the sample is oxidized 

to water, carbon dioxide and ammonia by reflux ion with a 

known excess of potassium dichromate in a 30 ml sulphuric 

acid solution. The excess dichromate is titrated with a 

standard solution of ferrous ammonium sulphate solution. 

Silver sulphate is added as a catalyst to promote oxidation of 

straight chain aliphatic compound. Mercuric sulphate is 

added to eliminate the interference due to chlorides. 

 

2. Biochemical Oxygen Demand:  

Natural organic detritus and organic waste from waste water 

treatment plants, failing septic systems, and agricultural and 

urban runoff, acts as a food source for water-borne bacteria. 

Bacteria decompose these organic materials using dissolved 

oxygen, thus reducing the DO (Dissolved Oxygen) available 

for other aerobic organisms in water. Biochemical oxygen 

demand (BOD) is a measure of the amount of oxygen that 

bacteria will consume while decomposing organic matter 
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under aerobic conditions.  Biochemical oxygen demand is 

determined by incubating a sealed sample of water for five 

days and measuring the loss of oxygen from the beginning to 

the end of the test. Samples often must be diluted prior to 

incubation or the bacteria will deplete all of the oxygen in the 

bottle before the test is complete. The main focus of 

wastewater treatment plants is to reduce the BOD in the 

effluent discharged to natural waters. Wastewater treatment 

plants are designed to function as bacteria farms, where 

bacteria are fed oxygen and organic waste. The excess 

bacteria grown in the system are removed as sludge, and this 

“solid” waste is then disposed of on land. 

Principle: The dissolved oxygen content of the sample is 

determined before and after three days incubation at 27˚C. 

The amount of oxygen depleted is calculated as BOD. 

Sample devoid of oxygen or containing less amount of 

oxygen are diluted several times with special type of dilution 

water saturated with oxygen, in order to provide sufficient 

amount of oxygen for oxidation. 

 

3. Acidity:  

pH is a measure of the amount of free hydrogen ions in water. 

Specifically, pH is the negative logarithm of the molar 

concentration of hydrogen ions: pH = -log [H
+
] 

Because pH is measured on a logarithmic scale, an increase 

of one unit indicates an increase of ten times the amount of 

hydrogen ions. A pH of 7 is considered to be neutral. Acidity 

increases as pH values decrease, and alkalinity increases as 

pH values increase. Most natural waters are buffered by a 

carbon-dioxide-bicarbonate system, since the carbon dioxide 

in the atmosphere serves as a source of carbonic acid. 

This reaction tends to keep pH of most waters around 7 - 7.5, 

unless large amounts of acid or base are added to the water. 

The pH of water affects the solubility of many toxic and 

nutritive chemicals; therefore, the availability of these 

substances to aquatic organisms is affected. As acidity 

increases, most metals become more water soluble and more 

toxic. Toxicity of cyanides and sulphides also increases with 

a decrease in pH (increase in acidity). Ammonia, however, 

becomes more toxic with only a slight increase in pH. 

Principle :  The  concentration  of   mineral  acids  present  

and  contributing  the  mineral  acidity  can  be  calculated  

by  titrating   or  neutralizing  samples  to  pH 4.3. The CO2 

and Bicarbonates (carbonic  acid)  present  in  the  sample  

can  be  neutralized  completely   by  continuing  the  titration  

to  pH 8.3 .  

Interference: A fading and temporary end point 

characterizes the phenolphthalein acidity titration performed 

at room temperature on a sample containing iron and 

aluminium sulphate. Better results are obtained by titrating 

the sample at boiling temperature. Acid samples from mine 

drainage are subjected to interferences. Coloured or turbid 

samples may interfere in end point. Analyze such samples by 

potentiometric titration. 

 

4. Phenolic Compounds: 

Principle: This  is  a  photometric  test  method ,  based  

on  the  reaction  of  steam-distillate  Phenolic   compounds  

which  react  with  4-aminoantipyrine  at  pH ± 2 in  the  

presence  of  potassium  ferricyanide [ K3Fe(CN)6] to from  a  

coloured antipyrine  dye.  

The  antipyrine  colour  formed  in  an  aqueous  solution  is  

measured  at  500 nm.  

The  amount  of  Phenolic  compounds  in  the  sample  is  

expressed  as  mg/L of  Phenol (C6H5OH). 

Interference: To eliminate or minimize the interference, 

use steam distilled sample. Phenols are distilled from non-

volatile impurities. Because the volatilization of phenols is 

gradual, distillate volume shall ultimately equal that of the 

original sample. 

 

5. Total Suspended Solids:  

Water with higher solids content often has a laxative and 

sometimes the reverse effect upon people whose bodies are 

not adjusted to them. High concentration of dissolved solids 

about 3000 mg/L may also produce distress in livestock. In 

industries, the use of water with high amount of dissolved 

solids may lead to scaling in boilers, corrosion and degraded 

quality of the product. Estimation of total dissolved solids is 

useful to determine whether the water is suitable for drinking 

purpose, agriculture and industrial purpose. Suspended 

material is aesthetically displeasing and provides adsorption 

sites for chemical and biological agents. Suspended organic 

solids which are degraded anaerobically may release 

obnoxious odours. Biologically active suspended solids may 

include disease causing organisms as well as organisms such 

as toxic producing strains of algae. The suspended solids 

parameter is used to measure the quality of wastewater 

influent and effluent. Suspended solids determination is 

extremely valuable in the analysis of polluted waters. 

Suspended solids prohibit light, thus dropping the growth of 

oxygen generating plants. 

Principle: A well mixed sample is filtered through a 

standard glass fiber filter, and the filtrate is evaporated to 

dryness in a weighed dish and dried to constant weight at 

179-181°C. The increase in dish weight represents the total 

dissolved solids. A well mixed sample is filtered through a 

weighed standard glass fiber filter and the residue retained on 

the filter is dried to a constant weight at 103-105°C. The 

increase n weight of the filter represents the total suspended 

solids. In case the suspended material clogs the filter and 

decrease the filtration rate, the difference between the total 

solids and total dissolved solids may provide an estimate of 

the total suspended solids. 

 

6. Phosphorus:  

Principle: The molybdo-phosphoric acid formed is 

reduced to an intensely coloured complex molybdenum blue 

by stannous chloride. This method is significantly sensitive 

and the reliability of the method increases at concentrations 

below 0.1mg/l of phosphorous with minimum interference. 

Interference: Silica and arsenic interfere surely, if the 

sample is heated. Arsenate, sulphide, fluoride, thiocyanate, 

thiosulphate or excess molybdate cause negative interference. 

Ferrous iron which causes bluish colour does not affect the 

result, if the concentration is below 100mg/L. if nitric acid is 

used in the test, chloride interferes at 75mg/L. 
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7. Oil & Grease:  

Any material recovered as a substance soluble in 

trichlorotrifluoroethane. [IS 3025 (Part 39) : 1991] 

Principle: Oil & grease is extracted from water by 

trichlorotrifluoroethane and estimation is done 

gravimetrically 

Interference: The solvent extracts not only oil & grease 

but other organic substances also.  

 

8. Sulphide:   

Principle: Zinc acetate reacts with sulphides to fix 

sulphides and form Zinc Sulphide precipitates which are 

insoluble in water. Hydrochloric acid addition dissolves 

these ppts and form Zinc chloride + Hydrogen Sulphide. 

When I2 solution is added it replaces the sulphides attached 

to hydrogen atom by iodine atoms. Unreacted I2 is titrated 

using starch as indicator. 

Interference: Sulphites are the major interference which 

may react with Iodine. Hence ppts formed are washed 

several times so as to remove the sulphite interference. 

  

III. RESULTS AND DISCUSSION 

This section demonstrates the results of the data from 

WWTP. The performance of system -as a total – is presented 

by comprising the level of different physical, chemical and 

biological parameters in influent and the effluent. In addition, 

results showed the performance of different system 

components. Analysis of the performance aspects of WWTP 

and factors leading to inadequate performance of the system 

is discussed. One of the research aims is to evaluate the 

behavior of wastewater treatment and the performance of the 

plant through analyzing the biological, chemical, solids, 

nutrients removal efficiency of the plant. The BOD, COD, 

TSS, Phenol, Sulphide, Ammonical Nitrogen, Oil and Grease, 

phosphorus and pH were chosen as parameters to reflect the 

removal efficiency of the plant. The data collected from the 

WWTP lab were recorded daily and the tests were performed 

on the basis of protocols given by Bureau of Indian 

Standards for industries. The data collected were averaged as 

monthly readings for 30 days to indicate the values of the 

selected parameters for 30 days and then to indicate the 

removal efficiency of the plant as a performance indicator.  

 

 
Fig. 1  Percentage reduction in the concentration  

IV. CONCLUSION 

The overall performance of the existing was satisfactory 

as per the standards laid by GPCB is concerned. The removal 

efficiencies of the parameters are found to be as following: 

1. Chemical Oxygen Demand : 94.87% 

2. Biochemical Oxygen Demand : 93.43% 

3. Acidity : 97.81% 

4. Phenol : 64.28% 

5. Total Suspended Solids : 64.78% 

6. Phosphorus : 50% 

7. Oil & Grease : 80% 

8. Sulphide : 92.43% 

The individual units are also performing well and their 

removal efficiencies are satisfactory in terms of reduction in 

concentration of wastewater components. This performance 

evaluation of the WWTP shows a good overall result and 

hence it is clear that river Par is least polluted among all 

other south Gujarat rivers because of the presence of a huge 

chemical industry, with an adequately performing WWTP. 

The efficiency of the tertiary treatment of the WWTP of the 

industry was adequate when the WWTP was constructed. 

But as the Industry is growing and the volume of wastewater 

along with higher concentrations are entering in the WWTP 

the tertiary treatment which was meant to remove TDS and 

TSS after overall treatment of other parameters should be 

updated with latest technologies of reverse osmosis, 

ultraviolet disinfection, filtration etc, so as to maintain the 

good performance as it is observed to have at present. 
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Table No. 1 

Parameter Inlet Outlet STD Removal 

Efficiency (%) 

1 COD 2850 188.42 250 94.87 

2 BOD 1370 90 100 93.43 

3 Acidity 3200 70 NA 97.81 

4 Phenol 28 10 10 64.28 

5 TSS 284 100 100 64.78 

6 Phosphorus 10 5 5 50 

7 Oil & 

Grease 

25 5 10 80 

8 Sulphide 13.21 1 2 92.43 
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Abstract-This Paper Propose a comparison between different 

DC-DC converters which are generally used to boost the voltage 

of the PV solar cell to make hybrid connection of PV solar 

system with wind system for either standalone system or mini 

grid transmission. 

Keywords-DC-DC converter, photovoltaic (PV), hybrid 

connection, boost voltage 

I.    INTRODUCTION 

olar energy and wind energy are most important 

renewable energy sources. As opposed to conventional 

unrenewable resources such as gasoline, coal, etc..., solar and 

wind energy is clean, inexhaustible and free. The main 

applications of photovoltaic (PV) system and wind system 

are in either stand-alone (water pumping, domestic and street 

lighting, electric vehicles, military and space applications) or 

grid-connected configurations (hybrid systems, power 

plants)[2] 

Unfortunately, hybrid connection have problem of 

different power output of PV solar cell and wind system so 

they cannot directly connect in the hybrid connection even 

though the output of wind is DC after rectification. This is 

because; the output of PV is depends of the solar irradiance 

level and also on the temperature while output of wind is 

mainly depends on the wind speed. So these are the weather 

constrains so It cannot be solved by us. But we can control 

the output of both the system individually with the help of 

different DC-DC controllers.  

So, choice of DC-DC converter is very important to be set 

according to our requirement. So, this paper is mainly 

focussed on the different converter comparison to select it 

with our requirement and rating of generation. 

A. Equivalent circuit of Hybrid connection 

Equivalent circuit is developed in order to understand the 

operation of PV and wind hybrid connection. In fig.1[2] 

shows that PV model can be built by making equivalent solar 

cell model and then it is connected to DC-DC converter 

because output of the PV bus is depends on the temperature 

and irradiance level so it is changing all over the day and 

season by season but our aim is to keep output constant and 

maximum efficiency so the output with maximum efficiency 

can be achieved by employing MPPT technique and constant 

output can be achieved by employing DC-DC converter 

which are of many types.  

And wind generator can be modelled in MATLAB with 

different AC generators which   is connected to first rectifier 

because output of generator is of AC nature so it will be 

converted to DC and then it fed to DC-DC converter to make 

equal amount of voltage to both wind and solar and then 

hybrid connection can be made out and it is sent over the 

mini grid with the battery backup to supply grid at the time 

of supply is not available. 

 
 

Fig.1 Hybrid generation system [2] 

B. Different DC-DC converters 

The converters which are generally used for hybrid 

connection of PV and wind are described as below [7]: 

1. Boost converter 

2. Buck-Boost converter 

3. Push-pull converter 

4. Full bridge converter 

 

There are many other DC-DC converters are also available 

but we will only discussed about converters which are listed 

above because they are frequently used converters and also 

most beneficial compare to the other types of converters. 

 

B.1 Boost converter 

The circuit diagram, of boost DC-DC converter is shown 

in Figure B.1.(a)[7]. Its output voltage is always greater than 

the input voltage VI for steady-state operation. 

It „boosts‟ the voltage to a higher level. The converter 

consists of an inductor L, a switch(S), a diode D, a filter 

capacitor C, and a load resistor R. The switch S is turned on 

and off at the switching frequency fs = 1/T with the ON duty 

ratio D = ton/T, where ton is the time interval when the 

switch S is ON [4]. 

The boost converter can operate in either continuous or 

discontinuous conduction mode, depending on the waveform 

of the inductor current. The boost converter in DCM cannot 

operate at R =∞ because the filter capacitor has no path to 

discharge. The CCM will be considered first. Figure B.1.(b) 

[8]shows waveforms of the boost converter for CCM when 

the switch S is ON and the diode is OFF, and when the 

switch is OFF and the diode is ON, respectively.  

S 
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Figure B.1.(a)[8] 

 

 
Figure B.1. (b).[8] 

The boost converter has poor ability to prevent hazardous 

transients and failures. If a high positive voltage surge 

appears at the converter input, the input voltage exceeds the 

output voltage and the diode D1 is ON for many cycles due 

to cycle skip. This generates a large current spike through the 

diode, which may destroy the diode. A similar problem exists 

at the initial turn-on of the converter when the input voltage 

is high and the output voltage is initially zero and while the 

output voltage is lowers than the input voltage until Steady-

state conditions are approached. One way to protect the 

converter is to add a diode whose anode is connected to the 

input source VI and whose cathode is connected to the 

Output filter capacitor C. When the output voltage is lower 

than the input voltage, the additional diode and the filter 

capacitor form a peak rectifier, and the energy flows from the 

input to the output of the converter through the additional 

diode. When the output voltage becomes higher than the 

input voltage, the additional diode is reverse biased and turns 

off, and the boost converter begins normal operation. 

 

B.2. Buck-Boost converter 

The circuit of the PWM buck-boost dc–dc converter is 

shown in Figure B.2. (a)[8].It consists of a power MOSFET 

used as a controllable switch, an inductor L, a diode, afilter 

capacitor C, and a load resistor R. The switch is turned on 

and off at the switching frequency fs= 1/T with the ON duty 

ratio D = ton/T, where ton is the time interval when the 

switch is ON. It is difficult to drive the transistor because 

source is not connected to ground. Therefore, the driver is 

floating as neither end is connected to ground. 

Two modes of operation exist: CCM and DCM. Figure B.2. 

(b)  Shows equivalent circuits of the buck-boost converter for 

CCM when the switch is ON and the diode is OFF. And 

when the switch is OFF and the diode is ON, respectively. 

The principle of operation of the buck-boost converter is 

explained by the idealized waveforms of the current and 

voltages shown in Figure B.2. (b) 

. 
Is OFF, and when the switch is OFF and the diode is ON, 

respectively. The principle of operation 

 
Figure B.2. (a)[8] 

 
Figure B.2. (b)[8] 

 

During the time interval 0<t≤DT, the switch is ON and the 

diode is OFF as indicated in Figure B.2. (b). the voltage 

across the diode is –(Vi+Vo) and maintains the diode in the 

off-state. The voltage across the inductor is Vi and gives rise 

to a linear increase in the inductor current with a slope of 

Vi/L. During the time interval DT<t≤tT, the switch is OFF 

and the diode is ON. The voltage across the inductor is –Vo 

and causes the inductor current to decrease linearly with a 

slope of –Vo/L. The voltage across the switch is Vi+Vo. At 

time t=T, the switch is turned on and next cycle is begins 

again. 

 

B.3. Push-pull converter 

The PWM push-pull converter contains two transistors that 

are driven with respect to ground. This is the main advantage 

of the converter. The voltage stress across the switches is 

high, equal to 2V, which is twice the switch voltage stress in 

the half bridge and full bridge converters. The push-pull 

converter [7] uses a relatively small double-Centre tapped 

transformer that is excited in both directions. However the 

circuit suffers from flux imbalance of the transformer core 

because the dc current flow through the primary and 

therefore the core may saturate. The converter is used in 

medium-power applications, from 150 to 500 W. It belongs 

to the family of buck-derived converters. In this chapter, 

analysis and design principles for the converter are given. 

 
Figure.B.3. (a)[8] shows two circuits of the PWM push-pull 

dc–dc converter with a transformer center-tapped rectifier. 

The converter consists of two power MOSFETs used as 

controllable switches S1 and S2, a transformer, two diodes 

D1 and D2, and a filter capacitor C. The converter employs a 

center-tapped transformer on both the primary and the 

secondary sides. 

The turns ratio of the upper primary winding to the upper 

secondary winding, and of the lower primary winding to the 

lower secondary winding, is n: 1. The number of turns in 

both primaries is the same, and the number of turns in both 

secondaries is also the same .Both windings of the primary 
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are wound in the same direction, and both windings of the 

secondary are also wound in the same direction. Therefore, 

the magnetic flux generated. 

 
Figure B.3. (a)[8] 

 

One of the main advantages of the push-pull converter is 

that the gates of both transistors are referenced to ground. 

Therefore, it is easy to drive both transistors. The isolation 

transformer does not have to store energy. Its magnetizing 

inductances should be large enough to reduce the current 

through and the energy stored in these inductances. Normally, 

the magnetizing current should be less than 10% of the 

primary current. The voltage stresses of the switches are 2VI 

and the voltage stresses of the diodes in the centre-tapped 

rectifier are 2VI /n. The push-pull converter may also have a 

bridge rectifier. Typical output power levels are in the range 

150–500 W. Multiple-output power supplies can be built 

using push-pull converter topology. A bridge rectifier can be 

also used. 

The main disadvantage of the push-pull converter is the 

so-called flux imbalance. Notice that there are no coupling 

capacitors in series with both halves of the primary. 

Therefore, a direct dc path exists through the transformer 

primary. In reality, the two power transistors, the two drive 

gate voltages, and the two halves of the primary winding are 

not perfectly identical. For example, one transistor may have 

a slightly higher on-voltage than the other, the on-duty cycle 

of one transistor may be slightly less than the other, or one 

half of the primary may have a fraction of a turn less than the 

other. Therefore, the transformer core will never operate 

symmetrically about the origin of the B –H curve. When 

switch S1 is ON, the volt-second product is equal to the 

product of the voltage across the upper primary and the on-

time of S1. 

 When switch S2 is ON, the volt-second product is equal 

to the product of the voltage across the lower primary and the 

on-time of S2. Even if these volt-second products differ by 

only a small fraction of a precent, the core does not return to 

its starting point at the beginning of the next cycle. If this 

process continues for many cycles, the operating point of the 

core will drift off the centre of the hysteresis loop to 

saturation. This will cause a high current to flow through the 

transistor connected in series with the half of the transformer 

which entered saturation. The high current normally leads to 

transistor destruction. One way to avoid this situation is to 

add high-speed pulse-by-pulse current sensors to both 

transistors and connect them to the control circuit, which 

should reduce the duty cycle when either switch current 

exceeds a safe value. Current-mode control, which inherently 

has over current protection, should be used in push-pull 

converters. Because of the core imbalance problem, the 

push-pull converter is less attractive than half-bridge and 

full-bridge converters. This is especially true in applications 

with dynamic loads. 

B.4. Full bridge converter 

The full-bridge PWM converter contains two switching legs. 

Therefore, it draws two current pulses from the input voltage 

source per cycle of the transistor switching frequency and is 

capable of delivering more output power than the half-bridge 

converter .The voltage stresses of the switches are low and 

equal to the dc input voltage VI. For this reason, the full-

bridge converter is used in off-line high-power supplies. This 

topology of the converter offers the highest power levels, 

from 500W to 5 kW. The core is excited in both directions 

and is relatively small. Applications of the full-bridge 

converter include telecommunications and aerospace power 

supplies. The converter belongs to the family of buck-

derived converters. This chapter describes, analyses, and 

gives a design example of the full-bridge converter. 

 

 
 

Figure B.4. (a)[8] 

 

A PWM full-bridge dc–dc converter circuit is depicted in 

Figure B.4. (a)[8]. It is composed of a PWM inverter and a 

PWM rectifier. The inverter consists of a transformer and 

four power MOSFETs used as controllable switches S1, S2, 

S3, and S4. The transistors in each switching leg are driven 

by non-overlapping voltages that are out of phase by 180◦. 

The maximum duty cycle of the gate-to-source voltages is 

slightly less than 50 %. The waveforms of the gate to source 

voltages should be non-overlapping to avoid cross-

conduction. The switching part of the converter has a totem 

pole arrangement.  

Therefore, it is not easy to drive the upper transistors 

because their gates are not driven with respect to ground. 

Pulse transformers can be used to drive the upper transistors. 

The lower transistors can also be driven by pulse 

transformers. Pulse transformers driving transistors S1 and 

S3 may be connected to one output of a control circuit. 

Similarly, pulse transformers driving transistors S2 and S4 

may be connected to the second output of a control circuit. 

The two outputs of a control circuit provide non-overlapping 

voltages out of phase by 180◦. The isolation transformer is 

not required to store energy. Its magnetizing inductance Lm 

should be large enough to reduce the current through this 

inductance. On the other hand, if the magnetizing inductance 

is too large, it requires a large number of turns and is 
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physically large. Ideally, the dc component of the current 

through the magnetizing inductance is zero. A coupling 

capacitor may be added in series with the primary winding to 

achieve zero dc component of the current through the 

magnetizing inductance and thus remove an imbalance of the 

magnetic core. 

The full-bridge converter is well suited to high-power 

applications, usually from 0.5kW to several kilowatts. It 

offers the highest power levels among all converters. In very 

high-power applications, insulated gate bipolar transistors 

thyristors, or MOSFET-controlled thyristors are used as 

switching devices. In addition, two or more power switching 

devices maybe connected in parallel to increase current 

capability of every switch and output power levels 

 

Comparison Of Different Dc-Dc Converters For Continuous 

Conudction Mode 

TABLE 

 

MV DC = DC voltage transfer function of converter 

VSM= Peak switch voltage 

ISM =Peak switch current 

IDM= Peak diode current 

VDM= Reverse peak voltage of diode 

CP= conduction period 

n = Transformer turns ratio 

Vi  = AC component of converter input voltage 

Vo =AC component of converter output voltage 

Io = DC output current of converter 

Ii = DC input current of converter 

D = DC component of on-duty cycle of switch 

η = Efficiency of converter 

 

Table shows the comparison of different DC-DC converters 

in different aspects such as efficiency of the converter as 

well as also depends on the isolation between input and 

output .output of the solar system is continuously varying 

with the temperature and irradiance level so converter 

should work well with this constrains. Better output will be 

taken by the boost converter but it will generate more no. of 

harmonics so size of inductor must be higher enough to 

reduce the harmonics and also disadvantage with it is that it 

doesn‟t provide any isolation to the output side. So this 

problem can be solved by using push-pull and full bridge 

converter. There are many different converters are available 

but we are dealing with the four only in this paper. In table 

shows that value of the voltage transfer function should be 

maximum to supply bulk amount of power to the hybrid 

connection. And it also shows different values of VSM,ISM , 

IDM , VDM  which shows that value of all these parameters 

should be as low as possible to prevent damage to the 

switches and efficiency should be higher. 

 

II.   CONCLUSIONS 

The goal of this study is to achieve the highest 

performance of four topologies of DC-DC converters 

connected to a single PV module through hybrid connection 

with wind system for smart grid or standalone system and 

controlled by MPPT. These topologies of converters are 

commonly used in PV systems as well as for wind generation 

system. This goal can be achieved only if each converter is 

properly sized. Thereafter, the effect of changing climatic 

conditions on the choice of filter inductance and capacitance 

of each type of converter is investigated. 

So after this review we can say that boost converter has 

advantage of higher efficiency but has disadvantage of 

isolation. This can be achieved by push-pull and full bridge 

type converters but they are suffering from the less efficiency 

compare to the boost converter due to isolation transformer. 

So choice is depends on the application but our focus is only 

on the hybrid connection therefore boost converter was best 

choice but nowadays push-pull and full bridge converters are 

used by improving its disadvantage of less efficiency. 
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Converter MV 

DC 

VSM ISM VDM IDM CP 

Boost η/1-D Vo Ii Vo Ii 1-D 

Buck-

boost 

-ηD/1-

D 

Vi+ Vo Ii + Io Vi+ Vo Ii + Io D(1-D) 

Push-pull 2ηD/n 2Vi Io/n 2Vi/n Io D 

Full-

bridge 

2ηD/n 2Vi Io/n 2Vi/n Io 2D 
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Abstract: The removal of hazardous wastes produced in 

industries and other harmful pollutants released into the 

environment has become an important issue from an 

environmental stand point. Efficient tools to remove such 

hazardous toxins from the environment are Metal-Organic 

Frameworks. Metal–Organic Frameworks or MOFs are 

compounds consisting of metal ions or clusters coordinated to 

rigid organic molecules. Formally MOFs are a coordinated 

network consisting of central metal atom and rigid organic 

molecules as ligands usually bi-dentate carboxylic acids and 

tri-dentate carboxylic acids. They are constructed from 

bridging organic ligands that remain intact throughout the 

synthesis.  MOFs are synthesized primarily by hydrothermal 

or solvo-thermal techniques where crystals are slowly grown 

from a hot solution. Metal–Organic Frameworks use 

adsorption as the main principle via which they remove these 

harmful entities. Adsorptive removal is based on the ability of 

a porous substance to selectively adsorb a specific compound 

from a mixture. The process of adsorption is superior over 

other techniques of decontaminating due to its low cost, large 

scope of applications, simple design and its relatively easy 

operation. This paper highlights mechanism and application of 

Metal-Organic Frameworks by Adsorptive Removal of 

Hazardous Waste Materials. 

Key words: Adsorption, Decontamination, MOFs, Removal of 

pollutants. 

I. INTRODUCTION 

 

MOFs consists of two major components the central metal 

atom and the organic molecule as the ligand. It is a 

coordinated network consisting of metal ions or clusters 

coordinated to rigid organic molecule to 1, 2, or 3 

dimensional structures. the materials are often referred to as 

hybrid organic-inorganic materials the organic units are 

typically tetravalent ligands [1]. The choice of metal and 

linker dictates the structure and hence properties of the 

MOF. For example, the metal's coordination preference 

influences the size and shape of pores by dictating how 

many ligands can bind to the metal and in which orientation. 

Moreover, MOFs were further extended such as IRMOFs 

(Isoreticular MOFs), MMOFs (micro porous MOFs), and 

PCPs (porous coordination polymers). 

  

There are many reasons why MOFs are preferred over other 

adsorbents such as zeolites and activated carbon. Zeolite-

related inorganic hybrid materials need an organic or 

inorganic template to form; great sensitivity of zeolites to 

deactivation by irreversible adsorption or steric blockage of 

heavy secondary products and the impossibility of using 

their micro porosity for the synthesis of bulky molecules. 

The disadvantages of using activated carbon are that they 

are Unable to remove highly soluble organics, or those with 

low molecular weights. Systems cannot tolerate suspended 

solids in the influent stream (due to clogging).High 

operating costs due to carbon costs system requirements. 

Disposal of contaminated carbon can be problematic if it is 

not regenerated. in the case of MOFs, the solvent is the main 

templating molecule [2]. Another important feature is that 

most of the metal cations can participate in MOF formation 

compared with inorganic materials which are based on a few 

cations such as Si, Al, and P. 

 

Figure 1. Widely used porous sorbents: (a) activated carbon, (b) HY (FAU) 

zeolite, (c) MCM-41 and (d) MIL-101 (Cr). 

A.  Adsorption Mechanism  

Adsorption is considered to be a superior technique for 

removal of toxic wastes due to its comparatively low costs 

wide range of applications design simplicity easy operations 

and production of little or no toxic products. Adsorption is 

defined as the accumulation of molecular species at the 

surface rather than in the bulk of a solid or liquid. It is a 

surface phenomenon. Based on the nature of interaction 

between adsorbate and a porous sorbet or adsorbent, it can 

be classified as a physical or chemical adsorption [3].There 

are various porous adsorbent available such as activated 

carbons, zeolites, mesoporous materials and MOFs [4-6] 

that are being studied for their possible use in removal of 

hazardous waste material. The adsorbate material can be 

easily regenerated by calcination or sonication. 

Regeneration of the spent adsorbent is carried out, usually 

with chemical treatment. 

B. Synthesis of  MOFs  

MOFs are produced almost exclusively by hydrothermal or 

solvothermal techniques, where crystals are slowly grown 

from a hot solution. In contrast with zeolites, MOFs are 

constructed from bridging organic ligands that remain intact 

throughout the synthesis [7]. Zeolite synthesis often makes 

use of a "template". Templates are ions that influence the 

structure of the growing inorganic framework. Typical 

templating ions are quaternary ammonium cations, which 
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are removed later. In MOFs, the framework is templated by 

the SBU (secondary building unit) and the organic 

ligands.[8,9] A templating approach that is useful for MOFs 

intended for gas storage is the use of metal-binding solvents 

such as N,N-diethyl formamide and water. In these cases, 

metal sites are exposed when the solvent is evacuated, 

allowing hydrogen to bind at these sites [10]. 

C.  Common Hazardous materials 

The new age demands new technology and to produce these 

new technology industries go into overdrive. Pollutants are 

of two types pollutants produced by industrial activities and 

anthropogenic pollutants that is, pollutants produced within 

the environment itself. The major pollutants present in the 

atmosphere and water bodies are sulfur containing 

compounds (SCCs), nitrogen containing compounds, 

pharmaceutical and personal care products and dyes. 

Combustion of liquid fuels and fossil fuels leads to the 

production of NOx, SOx, CO2, VOCs,H2S, NH3, and other 

hydro-carbons . Another major source of environmental 

pollutants is organic compounds that are naturally occurring 

species present in fossil fuels and crude oils. More than 90% 

of the world’s energy supply is met by burning of fossil 

fuels. The pollutants released on burning are major source of 

toxic emissions accounting for greenhouse effect global 

warming acid rains. 

II. ADSORPTIVE REMOVALS OF SCCS AND NCCS 

FROM FUEL 

Sulphur and nitrogen containing compounds are the major 

contaminants present in petroleum refining and fuels. 

Removal of these compounds before commercialization is 

of extreme importance due to environmental protection and 

catalytic poisoning issues. 

A.  Effective removal of refractory organo-sulfur compound 

present in liquid fuels. 

Removal of sulphur from fuels is of environmental concern 

because on combustion it is converted to SOx, which leads 

to acid rain resulting in ill effects on human health and on 

the environment plus catalytic poisoning of converters for 

exhaust emission treatment. 

There are many conventional methods for the removal of 

sulphur that includes hydrodesulphurization [11], that 

efficiently eliminates nonaromatic sulphur compounds 

anddd thiophenes, but is less effective by more sterically 

hindered benzothiophene(BT), dibenzothiophene (DBT) 

fuel contaminants having limitations in terms of product 

quality and cost, which are undesirable to refiners. 

The adsorption of S-compounds has attracted much 

attention due to various advantages like mild operation 

conditions (temperatures close to ambient, atmospheric 

pressure) and no need of hydrogen or oxygen. 

Other porous materials that can be used to adsorb selectively 

organo sulfur compounds includes metal-organic 

frameworks [12]. MOF compounds consist of metal clusters 

linked by poly functional organic linkers yielding porous 

three dimensional networks with large pore volumes and 

high inner surface areas. Their large pores and high inner 

surface areas offer a wide range of applications in gas 

storage, separation, sensing and catalysis. Due to their 

hybrid nature and modularity of organic and inorganic 

building units, rational designs of the function of the porous 

material are possible [13]. 

In the experiment performed by G. Blanco-Brieva 

Commercial Basolite F300 (C9H3FeO6), Basolite A100 (Al 

(OH)(C8H4O4)) and Basolite C300 (Cu3(C9H3O6)2) 

metal–organic frameworks were degassed under vacuum at 

423K in order to remove water and other contaminants. The 

adsorption properties of the three MOFs (F300, A100 and 

C300) systems were compared with that of a widely 

investigated adsorbent such as Y-type zeolite [14]. 

 

 

It is evident from the above graph that the extent of DBT 

adsorption is much higher on metal organic frameworks 

than on the Y type zeolite. Another inference is that C300 

and A100 display substantially higher adsorption capacity 

than the parent F300 MOF system. 

Nitrogen adsorption- desorption isotherms were recorded 

with the aim to determine their textural properties to 

understand the differences in the performance between the 

three MOF. The values of specific BET area, pore size and 

pore volume for the three MOFs systems( C300, A100 and 

F300) show that C300 show the largest Bet area value and 

decreases for F300 onwards. 

Considering that S-atom interacts on the surface cations 

through both S-M(M=Cu, Al and Fe) bonding and π-
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complexation[16], it may be suggested that such interactions 

are stronger on Cu
2+

 than on Fe
3+ 

 and even more on Al
3+ 

ions. The much lower Al
3+ 

site population in Y-zeolite thn in 

A100 system may account for the lower DBT adsorption in 

Y-zeolite. 

B.  Conclusion 

 The feasibility of using metal–organic frameworks (C300, 

A100 and F300) has been demonstrated for the liquid-phase 

adsorption of organo-sulfur compounds at temperatures 

close to ambient which has proven to be an efficient 

alternative to the conventional hydrodesulphurization 

process. 

The higher adsorption capacity of DBT observed on C300, 

can be explained in terms of the stronger interaction of S-

atom of DBT with surface Cu2+ ions; this interaction is 

weaker for Fe3+ and even more weaker for Al3+ ions. Pore 

size is another textural parameter to be considered 

particularly when large organo-sulfur molecules are 

considered. 

The extent of dibenzothiophene (DBT) adsorption at 

temperatures close to ambient (304 K) is about eight times 

higher on C300 system than on the benchmarked Y-type 

zeolite and activated carbons. The very high adsorption 

capacity of this substrate makes it a potential candidate to be 

employed in the removal of remaining refractory S-

compounds in previously desulfurized liquid fuels. 

III. OVERALL SUMMARY 

Adsorption plays a significant role in removing hazardous 

materials both from liquid and gas phases; therefore, it has 

attracted considerable attention. As a class of recently 

developed porous materials, MOFs have already shown 

huge potential applications in gas/vapor and liquid phase 

adsorption/removal of hazardous materials such as SCCs, 

NCCs, dyes, PPCPs, phenolics, SOx, NOx, VOCs and so 

on. 

MOFs are superior to other porous sorbents in adsorptive 

removal of various toxic components because of their high 

surface area, various pore geometries, facile 

functionalization, and tunable porosities. The variety of 

central metals in the framework of MOFs has led to a new 

strategy towards adsorption of various hazardous 

compounds like SCCs, NCCs, CO2, SO2 and so on through 

specific interactions. MOFs have been used successfully to 

bind (or coordinate) variosus polarizable toxic compounds 

like SCCs, NCCs, CO2, CO, H2S, NH3 and SO2. Acid-base 

properties of MOFs showed a dominant role in the 

adsorption of hazardous contaminants having opposite 

acidic-basic properties. 
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Abstract— Use of nano size ingredients like silica and alumina 

in Portland cement for manufacture of concrete has constantly 

been under investigation for quite some time. A thorough 

understanding and engineering of complex structure of cement 

based materials at nano level will definitely result in a new 

generation of concrete, which will be stronger and more 

durable with desired stress-strain behaviour. This will open up 

a large number of opportunities in the field of ceramics, high 

strength composites and electronic applications thereby 

elevating the status of Portland cement as a high tech material 

in addition to its current status of the most preferred 

construction material. 

 
Keywords—Portland cement, Calcium Silicate Hydrate (C-S-H) 

and their composites, carbon tubes, nano silica, CaCO3 nano 

particles. 

 

I. INTRODUCTION 

oncrete is a mixture of ordinary Portland cement (OPC), 

fillers such as sand, coarse aggregates, admixtures and 

water. Concrete durability becomes a very important factor 

especially when concrete is exposed to varying climatic 

conditions. Therefore, a number of ways to improve its 

longevity and service life are being worked out. 

One such way is the use of nano particles as 

supplementary cementitious material (SCM) in concrete, 

which has led to improved permeability and strength of 

concrete. 

The concrete thus formed is called nano concrete which is 

defined as a concrete with Portland cement particles that are 

less than 500 nano-meters as the cementing agent. As the 

material properties differ significantly at the nano scale than 

at the larger scale, the properties possessed by the concrete 

containing these particles also vary differently. Some of 

these properties are: 

 Well-dispersed nano-particles increase the viscosity 

of the liquid phase helping to suspend the cement 

grains and aggregates, improving the segregation 

resistance and workability of the system. 

 Nano-particles fill the voids between cement grains, 

resulting in the immobilization of free water. 

 Well-dispersed nano-particles act as centres of 

crystallization of cement hydrates, therefore 

accelerating the hydration. 

 Nano-particles favour the formation of small-sized 

crystals and small-sized uniform clusters of C-S-H. 

 Nano-particles improve the structure of the 

aggregates’ contact zone, resulting in a better bond 

between aggregates and cement paste. 

 Crack arrest and interlocking effects between the 

slip planes provided by nano particles improve the 

toughness, shear, tensile and flexural strength of 

cement based materials.  

    The materials yielding such cement particles for concrete 

manufacture are NS (nano-SiO2), NCs, nano tubes and nano 

titanium-dioxide (nano-TiO2). They are synthesized 

commonly in two ways: grafting in C-S-H composites and 

Sol gel process. 

  

II. METHODS OF SYNTHESIS 

A. Grafting in C-S-H composites 

Portland cement on hydration gives a nearly amorphous 

material – Calcium Silicate Hydrate (C-S-H) − that forms up 

to about 60% by volume of the paste. In cement chemistry C, 

S and H denote CaO, SiO2 and H2O respectively. The 

properties of the calcium silicate hydrate system are 

governed by the molar ratio of CaO to SiO2 (C/S ratio) which 

usually varies from 1.2 to 2.1 in hydrated silicate phases and 

has an average value of 1.75. 

The C/S ratio also governs the effectiveness of the 

grafting process, which is usually carried out at defect sites, 

i.e., sites of missing silicate tetrahedral on the silicate chains 

comprising C-S-H sheets. As the number of defective sites is 

more in C-S-H systems with C/S ratio>1.0, the grafting 

process is more effective in such systems.  

In the grafting process various polymer groups are grafted at 

T-silicon sites (defect sites) which get covalently bonded to 

the C-S-H present in the silicate sheets forming true hybrids 

consisting of alkyl chains. These alkyl chains form a bi-layer 

in the interlayer space between the silicate sheets containing 

C-S-H. Nano composites with polymer groups grafted at T 

silicon sites (i.e., defect locations) can be formed by reaction 

of silicate polymers with OPC pastes (e.g., co-polymers of 

poly (dimethylacrylamide) (PDMA) and poly (butadiene-g-

oxyethylene) (PBOE) silicates with Tsilanes). 

B. Sol Gel Process 

This process is adopted for synthesis of nano silica. It 

involves the following steps: 

 Hydrolysis of the precursor; 

 Condensation and polymerization of the monomers 

to form the particles; 

 Growth of particles; 

 Agglomeration of particles, followed by the 

formation of networks, and subsequently gel 

structure; 

C 
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 Drying for removal of solvents; 

 Thermal treatment to remove the surface functional 

groups and obtain the desired crystal structure. 

The entire process can be summarized by the following 

equation: 

 
The figure below shows the experimental set up used in 

this process. 

 
 

III. COMMONLY USED NANOMATERIALS: 

PROPERTIES AND APPLICATIONS 

The nanomaterials synthesized by the processes 

mentioned in the previous section have to undergo tests in 

order to affirm their use in cement and concrete manufacture.  

Various research studies conducted reveal that the following 

nanomaterials are deemed fit to be used in cement and 

concrete manufacture and applications: 

 nano silica 

 carbon nano tubes 

 nano TiO2 

 nano-Fe2O3 

 CaCO3 nano particles 

 

A. Nano Silica 

According to x-ray diffraction results, nano silica 

synthesized using sol gel process is highly amorphous in 

nature with a predominant crystalline size of 1.1-2.5 nm. The 

nano-SiO2 particles are represented by agglomerated clusters 

of size 0.5-10 μm. The size of particles within these clusters 

is usually 50-100 nm. The performance of nano-SiO2 

depends on the conditions of synthesis (i.e. molar ratios of 

the reagents, type of the reaction media and the parameters of 

thermal treatment). 

When nano silica is added at a dosage of 0.25% by weight 

of cementitious materials to Portland cement mortars,  it 

reduces the flow of mortars to some extent by decreasing the 

setting time of mortar and improving the cohesiveness 

thereby reducing bleeding water and segregation too. Studies 

have also shown that 1-day strength of mortars also 

improved on addition of these nano particles. Early strength 

of upto 3 days was also improved. It reached upto 6%.  

Nano silica can significantly improve the compressive 

strength of concretes containing large amount of fly ash by 

filling the pores between large fly ash and cement particles. 

The same is true in case of addition of nano silica to concrete 

mortars containing sludge ash.  

B.  Carbon Nano Tubes 

Carbon nano tubes synthesized predominantly by the 

grafting process have multilayered structures. They are 

uniform in nature and have a tendency to form aligned 

bundles which are referred to as nano ―ropes‖. Other forms 

of carbon nano tubes include nano horns, nano fibres and 

nano test tubes. Nano horns are single walled carbon cones 

with remarkable adsorptive and catalytic properties. Nano 

fibres have very high strength, stiffness, aspect ratio and 

purity, which can make them the ultimate carbon fibre in the 

years to come.  

    Carbon nano tubes have an equivalent diameter in the 

range of 10 to 50 nm and their length varies from 100 to1000 

nm. A single layered tube has a much smaller diameter 

ranging between 1nm to 3nm and a length of about 300 nm. 

The single layer tubes are often manufactured in ―rope‖ or 

―bundled‖ form, where many individual tubes are close 

packed in parallel. In tension mode, the reported strain in 

failure is as high as 12% according to studies and the 

strengths vary from 10 to 63 GPa. The strengths of very long 

ropes, about 2mm long, were found to be in the range of 1.72 

± 0.64 GPa indicating clearly the strength of the ropes 

decreases with increase in length. 

     The use of carbon nano tubes (CNT) as a reinforcing 

material is intended to move the reinforcing behaviour from 

the macroscopic to the nanoscopic level. In addition to the 

well known advantages of these materials as reinforcements, 

which include extremely high strengths and Young’s 

modulus, elastic behaviour and advantageous electronic and 

thermal properties, in the mesoporous environment of 

concrete, nano scale reinforcements hold the potential to act 

as fillers, producing denser materials; to inhibit crack growth 

at very early times, preventing propagation; and to enhance 

quality of the paste-aggregate interface. As a result, much 

stronger and tougher concretes may be possible when made 

as a CNT composite. 

C. Nano TiO2 

Nano titanium dioxide is another material which has 

gained popularity for its usage in concrete studies in recent 

times. These nano particles accelerate the rate of hydration 

and increase the degree of hydration. Its photo catalytic 

properties have been used to remove mainly organic 

pollutants from the surfaces directly exposed to ultraviolet 

radiations such as road pavements and cement based facade 

finishing products. 

D. Nano-Fe2O3 

 This nano particle acts in a similar manner to nano silica. 

When added to cement mortars containing high volume of 

fly ash or sludge ash, it increase the compressive strength 

significantly by filling the gap between high amount of fly 

ash or sludge ash and cement particles. These nano particles 

when used in combination with nano silica increase the 

resistance to abrasion of concrete pavement surfaces. 
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E. CaCO3 nano particles 

 Calcium carbonate was earlier used as filler in cement to 

replace OPC. However, in recent years nano Calcium 

hydroxide cement particles have been prepared and their 

thermal properties have been characterized to study the 

anomalous behaviour of calcium hydroxide in cement paste. 

Various investigational studies conducted over due course of 

time have shown positive results in terms of increased 

strength and acceleration of hydration rate thereby favouring 

the addition of CaCO3 nano particles. However, further 

research is still going to validate the use of this material on a 

large scale. 

F. Other Materials      

Investigations are also being carried out on other nano to 

submicron materials like zeolite which have been added in 

order to improve the microstructure of concrete. 

 

IV. FUTURE DEVELOPMENTS 

Vast progress in concrete science due to adaptation of new 

knowledge generated by a quickly growing field of 

nanotechnology is to be expected in coming years. Mechano 

chemistry and nano-catalysts could change the face of 

modern cement industry by the great reduction of clinkering 

temperature and even realizing the possibility of cold 

sintering of clinker minerals in mechano-chemical reactors. 

The development of following concrete related nano 

products can be anticipated: 

A. Nanomaterial coatings on Concrete 

Coatings are routinely used as protective barriers against 

abrasion, chemical attack, hydro-thermal variations and to 

improve aesthetics. Currently, most of these coatings are in 

the micrometer range. New materials and techniques are 

being developed to develop nano-meter thick coatings that 

are durable and generate less heat due to reduced friction. 

Coatings could be self-cleaning and self-healing. 

 

Coatings with a nano-scale of roughness that will repel water 

and dirt, modelled after the coating of the lotus leaf are being 

created. The lotus leaf has extraordinary ability to keep itself 

clean and dry. Now nanotechnology is being used to mimic 

the lotus leaf surface and create new products that 

outperform existing no-stick products. Typically, on a 

hydrophobic or water-repellent surface, particles of dirt are 

removed by moving water. But on a Lotus simulated surface, 

dirt particles are collected by water drops and rinsed off. For 

the nano coatings, the properties of the coatings themselves 

need investigation. 

 

B. Other Products 

 The other concrete related nano products could be: 

 Catalysts for the low-temperature synthesis of 

clinker and accelerated hydration of conventional 

cements. 

 Grinding aids for superfine grinding and mechano-

chemical activation of cements. 

 Binders reinforced with nano-particles, nano-rods, 

nano-tubes (including SWNTs), nano-dampers, 

nano-nets, or nano-springs. 

 Binders with enhanced/nano engineered internal 

bond between the hydration products. 

 Binders modified by nano-sized polymer particles, 

their emulsions or polymeric nano-films. 

 Cement based composites reinforced with new 

fibres containing nano tubes, as well as with fibres 

covered by nano-layers (to enhance the bond, 

corrosion resistance, or introducing the new 

properties, like electrical conductivity etc.). 

 Cement based materials with supreme strength, 

ductility and toughness. 

 Binders with controlled internal moisture supply to 

avoid/reduce micro-cracking. 

 Cement based materials with engineered nano- and 

micro- structures exhibiting supreme durability. 

 Self-healing materials and repair technologies 

utilizing fullerenes, nano particles, nano tubes and 

chemical admixtures. 

 Materials with self-cleaning/air-purifying features 

based on photo catalyst technology. 

 Materials with controlled electrical conductivity, 

deformative properties, non-shrinking and low 

thermal expansion. 

 

V. CONCLUSIONS 

Portland cement, one of the largest commodities 

consumed by mankind, is obviously the product with great - 

but at the same time - not completely explored potential. 

Better understanding and precise engineering of an extremely 

complex structure of cement based materials at the nano 

level will apparently result in a new generation of concrete, 

stronger and more durable, with desired stress-strain 

behaviour and, possibly, with the range of newly introduced 

properties, such as electrical conductivity, temperature, 

moisture, stress- sensing abilities. Nano-binders or nano-

engineered cement based materials with nano-sized 

cementitious component or other nano-sized particles may be 

the next ground-breaking development.  

 

ACKNOWLEDGMENT 

The authors would like to thank the scientific community 

for carrying out note worthy research over the years on 

concrete without which the above review would have been 

incomplete. The authors would like to thank their families 

for their constant support at every step during the course of 

this review paper.   

REFERENCES 

[1]. ―Nano concrete research opportunities‖, Perumalsamy Balaguru and 

Ken Chong.National Science Foundation, USA. 

[2]. Konstantin Sobolev, Ismael Flores, Roman Hermosillo,Leticia M. 

Torres-Martínez, Department of Civil Engineering, University of 

Wisconsin. 
[3]. ―Cement and Concrete Nanoscience and Nanotechnology‖,Laila Raki, 

James Beaudoin, Rouhollah Alizadeh, Jon Makar and Taijiro Sato, 

National Research Council Canada, Institute for Research in 
Construction. 

[4]. Celik Ozyildirim and Caroline Zegetosky. Virginia Transportation, 

Research Council. 



International Conference on Multidisciplinary Research & Practice                           P a g e  | 475 
 

Volume I Issue VIII                                                                   IJRSI                                                                  ISSN 2321-2705 

 

The Feasibility of Glycerol Steam Reforming to 

Produce Hydrogen in a Fixed Bed Reactor 
Mahendra singh

1
, Binoy Shah

2
, Narasimhareddy ravuru

3
 

1,2,3
Chemical Engineering Department, Institute of technology,  

Nirma University, Ahmedabad, Gujarat,India 

Abstract- The growing demand of hydrogen needs 

renewable sources of raw materials to produce it. Glycerol, 

by-product of biodiesel synthesis, could be a bio-renewable 

substrate to obtain hydrogen. Momentous amount of 

glycerol is produced as a by-product during bio-diesel 

production by the transesterification of vegetable oils, which 

are available at low cost in large supply from renewable raw 

materials. As hydrogen is a clean energy carrier, conversion 

of glycerol to hydrogen is one among the most attractive 

ways to make use of glycerol. Production of hydrogen from 

glycerol is environmentally friendly because it adds value to 

glycerol generated from biodiesel plants. This study 

investigates a review on the feasibility of glycerol steam 

reforming in an industrial sized fixed bed reactor. Also, 

investigating the extent of the transport resistances that 

would occur in a fixed bed reactor.  

Keywords: Biodiesel, Hydrogen, Glycerol, Steam reforming  

I. INTRODUCTION 

or the past decade, the production of biodiesel has 

significantly increased along with its byproduct, 

glycerol. Biodiesel-derived glycerol massive entry into 

the glycerol market has caused its value to plummet. 

Newer ways to utilize the glycerol by-product must be 

implemented or the biodiesel industry will face serious 

economic problems. The biodiesel industry should 

consider steam reforming glycerol to produce hydrogen 

gas. Steam  reforming is the most efficient way of 

producing hydrogen and there is a lot of demand for it in 

the petroleum and chemical industries. This study 

investigates the feasibility of glycerol steam reforming in 

an industrial sized fixed bed reactor. In this paper, a 

review of computational fluid dynamic (CFD) 

simulations, the extent of the transport resistances that 

would occur in an industrial sized reactor can be 

visualized. An important parameter in reactor design is 

the size of the catalyst particle. The size of the catalyst 

cannot be too large where transport resistances are too 

high, but also not too small where an extraordinary 

amount of pressure drop occurs. The goal of this paper is 

to find the best catalyst size under various flow rates that 

will result in the highest conversion. Computational fluid 

dynamics simulated the transport resistances and a 

pseudo-homogenous reactor model was used to evaluate 

the pressure drop and conversion.CFD simulations 

showed that glycerol steam reforming has strong internal 

diffusion resistances resulting in extremely low 

effectiveness factors. Due to the low effectiveness factors 

and high carbon deposition rates, a fluidized bed is 

recommended as the appropriate reactor to carry out 

glycerol steam reforming. Also the effects of average 

linear velocity of fluid, heat of reaction, permeability, 

porosity on distribution of velocity, temperature, and mass 

inside the fixed bed reactor were investigated. Here three 

important parameter one is best size of catalyst particle, 

second using active metal. The third way of improving the 

conversion is by using a fluidized bed reactor is studied. 

 

 II. COMPUTATIONAL FLUID DYNAMICS MODEL 

  

The field of computational fluid dynamics (CFD) is 

central to chemical reaction engineering, as the modeling 

of fluid-phase systems is essential to the study and design 

of continuous chemical processes.CFD has proven to be 

very accurate in predicting complex flow fields, extending 

its applicability to many heterogeneous reaction systems 

[1]. Typically a pseudo-homogeneous approach is taken, 

where the catalyst is not explicitly modeled but is 

accounted for with effectiveness factors that represent its 

impact on the fluid phase. Steam reforming in a fixed bed, 

however, has demonstrated that severe intra-particle 

diffusion limitations are one of its defining characteristics 

[2]. Furthermore, the computational demands of a three-

dimensional CFD simulation necessitate the use of a very 

small reactor segment, usually containing one to several 

catalyst particles [3].This capture the full profile of 

chemical and physical behavior along a fixed bed reactor. 

 

III. REACTOR DESIGN RECOMMENDATIONS 

 

A.  Diffusion Limitation and Effectiveness Factor  

It is known empirically that in steam reforming the 

reaction rate is proportional to the outer (geometric) 

surface area of the catalyst particles, rather than the much 

larger true surface area that includes the pore walls within 

the catalyst support [4]. This indicates that the intrinsic 

reaction rate proceeds much faster than the diffusion of 

reactants into the pellet’s pores, limiting the active region 

of each catalyst particle mainly to its exterior. It was 

suspected that steam reforming of glycerol would display 

similar behavior [5], and the results of this simulation 

confirm that. At a suggested set of optimal conditions—

Tin=823K, Pin=2.02kPa, qw=21000W, u=5m/s, which 

gives a nearly isothermal system—glycerol concentration 

and reaction rate within the catalyst domain were both 

limited to the outside of the pellet. The graphs shows 

glycerol concentration and reaction rate as a function of 

scaled radial position within a spherical catalyst particle at 

the reactor inlet and at a point one meter down the length 

of the tube 

 

F 
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B.  Reactor to Catalyst Pellet Radius Ratio  

The ratio of the reactor radius to the catalyst pellet radius 

was studied by keeping the catalyst pellet size constant 

and varying the reactor size, and vice versa. An analysis 

of an optimal reactor radius was inconclusive, therefore it 

is suggested that the monetary tradeoff between higher 

energy use and higher pressure drop occurring during the 

process should be assessed. Similarly, a study on the 

tradeoff between higher active catalyst use and higher 

pressure drop should be made in order to assess an 

optimal catalyst Pellet radius for glycerol steam 

reforming. 

C. Heating the feed vs Heating the reactor 

Since glycerol reforming is highly endothermic and 

benefits from high temperature operation, a similar setup 

to the one typically used for methane steam reforming 

should be considered. Applying heat to the reactor as well 

as the feed in order to balance the energy consumption of 

the chemical reaction is sensible, so as to maintain 

thermodynamically favorable conditions throughout the 

reactor. The distribution of heat application between the 

feed and the actual reactor, however, is a process variable 

that is free to be manipulated. Ideal operation involves 

adding a significant amount of heat directly to the reactor, 

so that despite the heat sink created by the reacting 

catalyst pellets, the fluid and catalysts both increase in 

temperature down the length of the reactor. The reason for 

this is that high glycerol conversion is a desirable process 

quality, so an effective reactor will have a significantly 

lower concentration of glycerol near the end of the tube. 

Thus, a higher temperature is more useful near the 

effluent side to drive the reaction toward completion when 

glycerol becomes less abundant. Two different heating 

distributions are examined below 

 
Figure 1. Glycerol Concentration as a Function  of Radial Position in 

Catalyst 

 

 
 

Figure2. Reaction Rate as a Function of Radial Position in Catalyst 

Pellet 
 

 
 

 

The conversion at the entrance of the tube is slightly 

higher for the second case (green line), due to the higher 

feed temperature. However, farther along the reactor 

segment, where the partial pressure of glycerol 

depreciates significantly, the effect of the temperature of 

the bulk fluid becomes more pronounced and a higher 

conversion is obtained for the first case (blue line). With 

lower feed temperature and larger heat flux, higher 

conversion was obtained, despite lower bulk fluid average 

temperature. If the difference in bulk fluid average 

temperature is taken to be negligible and it is assumed that 

a similar amount of energy is supplied to system in each 

case, then supplying a larger amount of heat to the reactor 

instead of the feed creates a more efficient process. This 

result makes a strong case for using energy resources 

mostly on the reactor rather than the feed, but other factors 

beyond the scope of this simulation must be considered. It 

may be more effective to supply energy to the process 

stream pre-reaction in a heat exchanger that can be 

designed solely for the purpose of providing efficient heat 

transfer than rely on heavily on the heat transfer rate. 

D.  Wall flux and Radial temperature gradient 

Glycerol steam reforming demands operating pressures 

significantly lower than other reforming processes, 

making the thermal conductivity of the fluid considerably 

lower in comparison. As a result, radial temperature 

gradients, which were not accounted for in this axial 

reactor model, will be even more impactful for this 

process, calling for caution in design a reformer with 

substantial wall heating. 

E. Turbulence 

In laminar flow, mass transport relies on molecular 

diffusion and mixing is limited, whereas eddies present in 

turbulent flow greatly aid in chemical dispersion. on the 

basis of  This model assumed a well-mixed fluid, thus, its 

applicability relies on the maintenance of turbulent flow 
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conditions. The complex void pattern created by a 

randomly packed reactor promotes turbulence. Typically, 

in such reactor, a Reynolds number of 200 is high enough 

to prevent true laminar flow, and a Reynolds number of 

1900 will induce full turbulent flow [6][7].  At a 

temperature of 823K, pressure of 2atm, particle  

diameter of 0.0254m, and a molar composition based 

on a 30% reaction extent, the Reynolds number varies 

with the fluid’s velocity shows that true laminar flow only 

exists at fluid velocities below 1m/s, and a velocity of 

5m/s is sufficient to create fully turbulent flow. Therefore, 

while the system should not operate at excessively low 

flow rates, the fluid flow will not exhibit laminar behavior 

in the observed range. 

F. Reactor to catalyst pellet radius ratio 

The ratio of the reactor radius to the catalyst pellet radius 

was studied by keeping the catalyst pellet size constant 

and varying the reactor size, and vice versa. An analysis 

of an optimal reactor radius was inconclusive, therefore it 

is suggested that the monetary tradeoff between higher 

energy use and higher pressure drop occurring during the 

process should be assessed. Similarly, a study on the 

tradeoff between  higher active catalyst use and higher 

pressure drop should be made in order to assess an optimal 

catalyst pellet radius for glycerol steam reforming 

 
Figure 3: Improved Catalyst Shapes [8] 

 
 

IV. CONCLUSION 

This study has demonstrated that the steam reforming of 

glycerol in fixed bed reactor with a catalyst has strong 

internal diffusion resistances and low conversion. In order 

to arrive at these conclusions that on the basis of 

commercial CFD software, Fluent,  One way of 

improving the conversion is by changing the design of the 

catalyst. Since the reaction is mainly occurring near the 

surface of the catalyst, a better shape can be used to 

maximize the geometric surface area of the catalyst per 

reactor volume. A better shape can also help reduce the 

pressure drop in the reactor. Also, the expensive catalytic 

active metals (Nickel) should be placed only on the rim of 

the pellet because the poor diffusion will prevent the 

reactants from reaching the active metals in the center of 

the particle [9].A second way of improving the conversion 

is by using a different active metal  is the most popular 

catalyst used in steam reforming due to its good activity 

and low cost, however, work by Chiodo et al has shown 

that steam reforming glycerol is much different than other 

compounds. The study discovered that glycerol is 

thermally unstable and portion of it is decomposing into 

mostly carbon monoxide and olefins before reaching the 

catalysts. Finally, the third way of improving the 

conversion is by using a fluidized bed reactor. In fluidized 

bed reactors, the catalyst particle diameters can average 

less than 100 µm which will greatly improve the 

effectiveness factor. Fluidized bed reactors also can 

continuously regenerate coked catalysts. Glycerol steam 

reforming catalysts will need this continuous 

regeneration. In a study by Chiodoet al, all the catalysts 

tested drastically deactivated from carbon deposition 

during the first 2hours of reaction. 
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Abstract - To study the optimum stocking density, spiny 

lobster Panulirushomarus was reared at different stocking 

densities (5, 10, 15, 20 &25 lobster / Glass tanks of 120 lit. 

capacity). The individuals were fed with natural feed like 

clam alone. Better feeding rate was found in the lobsters 

reared with 15 numbers / glass tank than maximum feeding 

rate (840 J/g live lobster / day) and absorption rate (731J/g 

live lobster/day) observed in higher density groups having 20 

and 25 numbers / glass tank. The absorption efficiency was 

higher (98%) in the tank reared with 25 lobsters / glass tank. 

An increase in the stocking density also reduced the 

conversion rate and net conversion efficiency. Maximum 

conversion rate and net conversion efficiency of 569 J/g live 

lobster / day and 46% was recorded in the group having 15 

individuals / glass tank and 25 numbers / glass tank showed 

minimum of 256 J/g live lobster / day and 31% respectively. 

Hence 15 individuals /glass tank was considered as optimum 

density for P.homarus. 

Keywords-Panulirushomarus, Stocking density, Food 

utilization, Conversion efficiency.  

I. INTRODUCTION 

he Indian spiny lobster Panulirushomarus occurs on 

the coast of Gulf of Mannar from Rameshwaram to 

Kanyakumari. The spiny lobster, Panulirushomarus and 

Panulirusornatus are suitable for culture, as they grow to 

the marketable size reaching an average weight of about 

100g in a period of 4 months. Of the two species, 

P.homarus is quite suitable for growth and availability in 

Gulf of Mannar regions. Commercially viable hatchery 

production of spiny lobsters is still thought to be a long 

way off. Despite more than 30 years of research to 

develop a suitable compounded feed,  it is not at all found 

out for rearing juvenilespiny lobster (Conklin 1980; 

Brown et al 1995). The juvenile spiny lobsters fed with 

mussel diets or clam diets have yielded superior growth 

and survivalrates compared to formulated diets (Crearet al 

2000;  Wardet al2003).Severalinvestigations have been 

conducted to determine optimal stocking densities for 

Palinurid and homarid lobsters (James et al 2001; Jones et 

al 2001). The present study was undertaken to assess the 

effect of stocking density on food utilization parameters 

of spiny lobster Panulirushomarus. 

 

II. MATERIALS AND METHODS 

The Indian spiny lobsters Panulirushomarus were 

collected from local merchants at sea shore area of 

Tuticorin. The individuals were acclimated for fifteen 

days. After acclimation period the length and weight were 

noted down. The average weights of the P.homarus were 

between 70 and 80g. 

Experiments were conducted on lobsters using a 

set of glass tanks of 120 litre capacity connected in a flow 

through system. Aeration by means of two airlines 

promoted mixing of the water column. 

In the density trial, the juvenile lobsters were 

stocked at 5, 10, 15, 20 and 25 individuals in 3 different 

tanks of same size. All treatments were run in triplicate. 

For the juveniles, shelters were provided in each tank. 

Lobsters were fed with live clam only (with shell) twice 

daily of about 5-10% of their body weight. Excess feed 

was removed after 3 hours of feeding. Water quality was 

monitored daily. The water quality parameters like 

temperature, Salinity and pH were maintained at 28 – 

32
o
C, 30 – 40ppt and6.5 – 8.5 respectively. In addition to 

the left feed the moulted shells of lobster was also 

removed periodically. 

The weight and length of the lobsters were 

measured once in every week after introduction into the 

experimental tank. This was done by using mettler 

balance and scale. The total duration of the experiments 

was 60 days. All experimental lobsters were weighed and 

measured after the completion of the experiment.Calorific 

content of test lobster, food &faeces were determined by 

semi-micro bomb calorimeter. 

1) Energetics : The scheme of energy balance followed in 

the present study is based on the IBP formula 

(PetruseWicz&Mac Fayden 1970) represented as 

C = P + R + U + F 

Where „C‟ represents the food energy consumed, 

„P‟ energy of growth, „R‟ energy expended as total 

metabolism, „U‟ energy of nitrogenous materials and „F‟ 

energy of faecal matter. Absorption (A) was estimated by 

subtracting F from C. Food energy converted into body 

structure (P = growth) was estimated by calculating the 

difference between the energy contents at the beginning 

and at the end of the experiment. 

The following formulae were used for 

calculation of the different parameters of energy budget. 

 

T 
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III. RESULTS AND DISCUSSION 

Except absorption efficiency all food utilization 

parameters were affected by the increase in stocking 

density (Table 1). Feeding rate decreased significantly 

from 840 J/g live fish / day in control (15 individuals / 

glass tank) to 422 J/g live fish / day inthe density group of 

25 individuals / glass tank. Maximumconversion rate and 

conversion efficiency were observed in lobsters reared in 

15 individuals / glass tank and they averaged to 569 J/g 

live fish / day and 46% respectively. Minimum 

conversion rate and conversion efficiency of 256 J/g live 

fish / day and 31% respectively were observed in the 

highest density group of 25 individuals / glass tank 

 

 

TABLE 1 
Effects of stocking density on food utilizationEffects of stocking 

density on food utilization in spiny lobster Panulirushomarus 
 

 

Maximum absorption rate of 731 J/g live fish / day was 

observed in the control (15 individuals / aquarium) and a 

minimum rate of 385 J/g live fish / day was observed in 

the highest density group of 25 individuals / aquarium. 

The absorption efficiency increased from 94% 

inthecontrol group (15 individuals / aquarium) to 98% in 

the highest density group (25 individuals / aquarium) 

(Table 1). Analysis of variance for the data on conversion 

rate indicated that the changes were significant (Table 2). 

In this result, the growth rate was higher in low 

stocking density animals than higher stocking density, 

Van olstet al(1976) and Whale et al(2001) reported that 

the spiny lobsters are adversely affected in high stocking 

densities regarding their survival and moulting frequency.  

Ford et al(1988 )also reported the hypothesis to be tested 

was that high population densities of juvenline lobsters 

limit the growth and survival of the western rock lobster. 

Rayns (1991) showed that stocking density affects the 

growth rate, feeding rate differently in the early and late 

juvenile stages of Jasusedwardsii. Crowding is considered 

a common aquaculture related obessor and produces a 

wide variety of effects on fish such as reduced growth, 

health and feed conversion ratios (Wedemeyer 1997). The 

results obtained from the experiment on density effects 

indicates that the increase in stocking density of 

Panulirushomarus has a significantimpact on food 

consumption and growth. 
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(J/g live fish / day) 

 

= 

 

Average food 

consumed (J/day) 

 

Initial live weight of 

fish (g) 

 

 

Conversion rate (Cr) 

(J/g live fish / day) 

 

= 

 

Average food 

consumed (J/day) 

 

Initial live weight of 

fish (g) 

 

 

 

Absorption efficiency 

(J/g live fish / day) 

 

 

 

= 

 

 

 

 

Food absorbed 
x 100 

Food Consumed 

Net conversion 

efficiency (K2) (%) 

 

= 

 

 

Food Converted 
x 100 

Food absorbed 

Parameters 

Density (Number of Individuals / Aquarium) 

5 10 15 20 25 

 (a)  (a1)  (a2) 

Feeding rate 685±7.1 820±9.2 840±10.5 624±9.4 422±9.9 

Absorption rate 570±9.6 706±10.9 731±6.9 452±11.2 385±8.3 

Conversion rate 321±10.5 459±8.6 569±8.3 298±9.8 256±6.7 

 (b)  (b1)  (b2) 

Absorption efficiency 90±1.8 94±1.9 94±0.7 96±0.6 98±0.6 

 (c)  (c1)  (c2) 

Conversion efficiency 
(K2) 

38±2.1 39±1.6 46±1.3 34±0.8 31±0.9 

a 

Vs 

a1 

- Non 

Significant; 

a1 

Vs 

a2 

- Highly 

Significant; 

b 

Vs 

b1 

- Non 

Significant; 

b1 

Vs 

b2 

- Highly 

Significant; 

c 

Vs 

c1 

- Non 

Significant; 

c1 

Vs 

c2 

- Highly 

Significant; 
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TABLE 2 

Summary of analysis of variance for the date on the rates of feeding, 

absorption and conversion in relation to stocking density in 

Panulirushomarus. 

Parameter 
Source of 

Variance 
SS DF MS F P* 

Feeding rate 
Between 

Samples 
230224 4 57556 1.399 <.000 

 Within Samples 205 5 41   

 Total Variation 230430 9    

Absorption rate 
Between 

Samples 
184650 4 46162 1.083 <.000 

 Within Samples 213 5 42   

 Total Variation 184863 9    

Conversion rate 
Between 

Samples 
136968 4 34242 1.041 <.000 

 Within Samples 164 5 32   

 Total Variation 137132 9    

P* - Highly significant 

In this study maximum growth has been 

observed in the density of 15 individuals / aquarium. 

Space available per individual can influence the feeding 

rate and conversion efficiency. A lobster in the control 

group enjoyed a volume of 12 litres compared to 3 litres 

by a lobster in the highest densities. The lobster in the 

higher densities consume less and convert less efficiency 

when compared with the fish in the smaller density 

groups. Two factors can affect lobster physiology under 

crowded conditions. The rate of oxygen consumption and 

ammonia excretion are the factors that limit the carrying 

capacity of water. 

 

 

The optimal stocking densities for maximum growth and 

survival of different lobsters were assessed by the Lee and 

Wickins (1992) and Waddy and Aiken (1995). The 

availability of appropriately sized crevice sheltershave 

been demonstrated as thepossible „bottle necks‟ to future 

population size (Whale &Steneck 1991). These studies 

have demonstrated that the appropriately placed and 

optimum sized artificial structures can increase the local 

abundance of shelter limited species through greater 

survival rate of the juveniles (Beck 1997). 

This study revealed that lobsters reared in 15 

individuals / aquarium showed better rate of food intake 

and growth,whereas the lobsters reared in the highest 

stocking density (25 individuals / aquarium) showed poor 

rate of food intake and growth. 
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Abstract – Specific strength and specific modulus of composite 

materials is very high as compared to metallic counterparts. This 

is the reason that last two decades have witnessed large increase in 

the use of composite materials. Determination of deformations of 

laminates is important to limit its value within permissible limit. 

An attempt is made in the present paper to determine the 

deformations of 4-ply glass epoxy laminate with [0 90]s and [90 

90]s orientation under uniformly distributed load for simply 

supported boundary condition. Three approaches viz. 

experimental, finite element and analytical were adopted for this. 

Specimen were manufactured using hand layup method to 

perform experiments and in house set up was developed. Finite 

element analysis was carried out using ANSYS and HyperWorks 

software. A code has been developed using SCILAB for 

calculation of deformation of the plate using classical lamination 

theory. The results of three methods were found in good 

agreement with one another. 

Keywords- Composite plate, Classical lamination theory, FE 

analysis, experimental analysis.  

 

I. INTRODUCTION 

 
iber-reinforced polymer (FRP), also fiber-reinforced 

plastic, is a composite material formed of a polymer matrix 

reinforced with fibers. The Fibers are usually glass, carbon, etc. 

The polymer is usually an epoxy, vinyl ester or polyester 

thermosetting plastic, and phenol formaldehyde resins are still 

in employment. Applications for the same are in aerospace 

industry, sporting goods industry, automotive industry, and 

home appliance industry. The composite plate has multiple 

layers as shown in figure 1, called as laminates. Laminate 

stacks are denoted by the fiber orientation in a sequence. Here, 

"2" outside of the small bracket shows that the same kind of 

sequence is used twice whereas "s" stays for symmetrical 

sequence from the mid-ply.  

 

 
 

 

 

Fig. 1. Example of Layer stacking sequence 

Fiberglass refers to a group of products developed from 

individual glass fibers combined into a variety of forms. Glass 

fibers can be divided into two major groups according to their 

geometry i.e. continuous fibers, and discontinuous (short) 

fibers. They are commonly found in ship and submarine, 

bulkheads and hulls, automobile engine compartments and 

body panel lines, furnaces and air conditioning units, etc. 

Composites are popular for producing prototype parts because 

of extensive change of bodies can be produced rapidly and 

inexpensively. It is commanded solely to configure a bed of 

fibers in the desired form, and then saturate them with a 

curable thermosetting polymer. The procedure for the same has 

been illustrated as shown in figure 2 simply by placing a 

woven fabric on a mould. 

  

Fig. 2. Wet-hand lay-up process 

II. ANALYTICAL METHODOLOGY 

 Classical lamination theory has been used to calculate 

deformation of composite plate for analytical method. A code 

has been developed for classical lamination theory to reduce 

calculation time and error using SCILAB tool. The deflection 

of the simply supported composite plate under uniformly 

F 
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distributed load boundary condition has been determined using 

programing code. The governing equations consist of the 

behaviour of the plate internally as well as the behaviour of the 

boundary conditions. The governing equations i.e. ABD matrix 

have been derived using the Newtonian approach, where 

summing the forces and moments on the plate is used to 

develop the differential equations. Material properties for the 

composite plate have been described in table I. Plate 

dimensions has been taken as 100 mm x 100 mm x 10 mm 

having 4 layers with 2.5mm each thickness. 

TABLE I 
MATERIAL PROPERTIES 

Material Properties Value Unit 

Young's Modulus in x-direction 

(Ex) 25*106 N/mm2 

Young's Modulus in y-direction 

(Ey) 1*106 N/mm2 

Shear Modulus in xy-plane 

(Gxy) 5*105 N/mm2 

Major Poisson's Ratio 
0.25  

 

The deformation for 4-ply composite plate with layer 

orientation [0 90]s and [90 90]s with prescribed boundary 

condition has been determined using code and results for the 

same have been given in table 2. 
 

TABLE II 

RESULTS OF ANALYTICAL METHOD 
 

 

 

 

 

 

 

 

 

III. NUMERICAL METHODOLOGY 

Here, in numerical methodology two different software 

packages have been used to analyse composite plate. 3D model 

has been generated for 4-ply composite plate using ANSYS 

and HyperWorks software. Also, finite element analysis have 

been carried out using same software package. For simply 

supported boundary conditions at all four sides of plate and 

uniformly distributed loading condition analysis have been 

carried out and deformation results are obtained. Meshing of 

model has been carried out using SHELL181 element available 

in software which contains 4 nodes with 6-degree of freedom at 

each node. SHELL181 element is used as it has the capacity to 

analyse up to 255 layers of the composite material. The 

geometry for the same element is as shown in figure 3 [4]. 

 
 

Fig.3: SHELL181 geometry 

Material properties have been taken same as analytical method 

to compare deformation results. Figure 4 and 5 shows material 

properties for 4-ply composite plate inserted in ANSYS and 

HyperWorks software respectively. 

 

Fig.4 Material Properties in ANSYS 

Layer 
Orientation  

Deflection of 
composite plate(m)  

[0 90]s  0.00108  

[90 90]s  0.00102  
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Fig.5 Material Properties in HyperWorks 

The meshed model of composite plate in ANSYS and 

HyperWorks software as shown in figure 6. 

  

Fig. 6 ANSYS and HyperWorks plate meshed model 

The response of a symmetric 4-ply plate with a lay-up 

of [0 90]s and [90 90]s have been performed using ANSYS to 

compare results with analytical method. The effect of change in 

fiber orientations on deformation of plate have been 

investigated for the prescribed boundary and loading 

conditions. The results for the same are given in table III and 

same as represented in graphical form as shown in figure 6. 

Figure 7 shows deformation plot for [0 90]s plate in ANSYS. 

TABLE III 

ANSYS RESULTS FOR DIFFERENT LAYER ORIENTATION 

Layer Orientation  
Deformation of plate in 

ANSYS (m)  

[0 90]S  0.00116  

[90 90]S  0.000956  

[10 90]S  0.00124  

[20 90]S  0.00129  

[30 90]S  0.00135  

[40 90]S  0.00153  

[50 90]S  0.00159  

[60 90]S  0.00168  

[70 90]S  0.00125  

[80 90]S  0.00102  

 

 
 

 
 

Fig.6: Effect of change in layer orientation on deformation for composite plate 

using ANSYS 

 

Fig.7: Deformation plot for [0 90]s plate in ANSYS 

 

The response of a symmetric 4-ply plate with a lay-up 

of [0 90]s and [90 90]s have been performed using 

HyperWorks to compare results with analytical method. The 

effect of change in fiber orientation on deformation of plate 

have been investigated for the prescribed boundary and loading 

conditions. The results for the same are given in table IV and 

same as represented in graphical form as shown in figure 8. 

Figure 9 shows deformation plot for [0 90]s plate in 

HyperWorks. 
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TABLE IV 

HYPERWORKS RESULTS FOR DIFFERENT LAYER ORIENTATION  

Layer Orientation  
Deformation of plate in 

HyperWorks (m)  
[0 90]S  0.00105  

[10 90]S  0.00103  

[20 90]S  0.00121  

[30 90]S  0.0013  

[40 90]S  0.00136  

[50 90]S  0.00158  

[60 90]S  0.0016  

[70 90]S  0.00169  

[80 90]S  0.00135  

[90 90]S  0.00104  

 

 

Fig. 8: Effect of change in layer orientation on deformation for composite plate 

using HyperWorks 

 

Fig.9: Deformation plot for [0 90]s plate in HyperWorks 

 

The comparison for deformation under different layer 

orientation of 4-ply composite plate with simply supported 

boundary condition and uniformly distributed loading 

condition have been carried out using two different software 

analysis results. The same results have been given in table V 

with percentage variation in them. Figure 10 shows graphical 

representation of comparison for these results. 

TABLE V 

RESULTS OF DEFORMATION FOR DIFFERENT LAYER ORIENTATION USING 

ANSYS AND HYPERWORKS SOFTWARE  

LAYER 

ORIENTATION 

DEFLECTION OF 

PLATE IN ANSYS 

(M) 

DEFLECTION OF 

PLATE IN HYPER 

MESH (M) 

% DIFFERENCE 

[0 90]S 0.00116 0.00105 0.095 

[90 90]S 0.000956 0.00103 0.072 

[10 90]S 0.00124 0.00121 0.024 

[20 90]S 0.00129 0.0013 0.008 

[30 90]S 0.00135 0.00136 0.007 

[40 90]S 0.00153 0.00158 0.031 

[50 90]S 0.00159 0.0016 0.006 

[60 90]S 0.00168 0.00169 0.006 

[70 90]S 0.00125 0.00135 0.074 

[80 90]S 0.00102 0.00104 0.019 

 

 

Fig.10: Comparison of layer orientation for 4-ply composite plate 

 

IV. EXPERIMENTAL METHOD 

The composite plate with same size has been 

manufactured using manual lay-up technique. Here, for 

manufacturing of fiberglass / epoxy composite plate, fiberglass 

2400 tex, epoxy resin and its harder, plastic cups, syringe, 

wooden plate, gum tape, grease, brush and roller, surgical 

gloves and nose protection cover have been used. In manual 

lay-up process of composite manufacture, first grease layer has 

been spread on wooden plate mould with very small thickness. 

Mixture of epoxy resin to hardener ratio 10:1 has been 

prepared to make first layer of composite plate. Similarly other 

layers of fiberglass string at required angle have been arranged 
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as per sequence of composite plate. To make hard solid plate, 

manufactured composite plate has been dried up to 4-5 hours 

depends of resin to hardener ratio, resin type and surrounding 

temperature. Here, two different composite plates [0 90]s and 

[90 90]s with required size have been prepared for the further 

experimental process and same is shown in figure 11 and figure 

12 respectively. 

 

Fig.11: [0 90]s manufactured plate 

 

Fig.12: [90 90]s manufactured plate 

 Wooden set up have been prepared to apply required 

loading and boundary conditions on composite plate. For 

simply supported boundary condition, the composite plate is 

freely supported at four sides on wooden strips whereas for 

uniformly distributed loading condition, wooden block of 

required weight has been kept on composite plate. The 

experimental setup with simply supported boundary condition 

and uniformly distributed loading condition have been shown 

in figure 13 (a) and (b) respectively. 

 

(a)                                                       (b) 

Fig. 13: Experimental setup (a) with simply supported boundary condition (b) 

with uniformly distributed loading condition – on composite plate 

 Vernier calliper instrument has been used to measure 

deformation of composite plate. The reading of vernier calliper 

have been marked before and after uniformly distributed 

loading on plate. The difference between these two readings 

have been taken as deformation value for composite plate. This 

procedure have been performed for both plates i.e. [0 90]s and 

[90 90]s. the values for reading of vernier calliper and 

deformation have been given in table VI. 

TABLE VI 

EXPERIMENTAL RESULTS  

PLATE LAYER 

ORIENTATION 

INITIAL READING 

OF VERNIER (MM) 

AFTER LOADING 

READING OF 

VERNIER (MM) 

DIFFERENCE 

BETWEEN TWO 

READINGS (MM) 

[0 90]S 70.01 68.86 1.15 

[90 90]S 69.99 68.96 1.03 

 

V. COMPARISON RESULTS 

Four ply composite plate with layer orientation [0 90]s 

and [90 90]s have been taken as study of deformation with 

uniformly distributed loading with simply supported boundary 

condition. The comparison has been made for analytical 

methodology, numerical methodology – using ANSYS and 

HyperWorks software and experimental methodology. The 

results of deformation for all methodology have been described 

in table VII.  

TABLE VII 

COMPARISON BETWEEN ANALYTICAL, NUMERICAL AND EXPERIMENTAL 

METHODOLOGY FOR DEFORMATION OF PLATE  

PLATE LAYER 

ORIENTATION 

ANALYTICAL 

RESULTS 

(MM) 

NUMERICAL RESULTS 

(MM) 
EXPERIMENTAL 

RESULTS (MM) 
ANSYS HYPERWORKS 

[0 90]S 1.08 1.16 1.05 1.15 

[90 90]S 1.02 0.96 1.03 1.03 
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VI. CONCLUSIONS 

Four ply fiberglass composite plate has been taken to 

determine deformation with different fiber orientation and 

simply supported boundary condition under uniformly 

distributed loading in this research. From the observation, 

it has been found that minimum deformation occurs at 

layer sequence [90 90]s, whereas maximum deformation 

occurs when outer layer at 60°. To verify the results for 

deformation under prescribed boundary condition, 

analytical method using SCILAB programming, numerical 

method using FE software like ANSYS and HyperWorks 

and experimental methods have been used. Comparison 

for all these methods have been carried out to validate 

results and difference between them have been found 

within 2-5 %. From this comparison one can predict or 

rely any one of the method for other boundary and loading 

condition to get deformation value. Here, for layer 

orientations [0 90]s and [90 90]s results were compared for 

all different methodology whereas for remaining layer 

orientations only numerical results were compared using 

two different software.  
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Abstract―Thermally Assisted machining(TAM) is used to 

decrease the cutting force in metal cutting process of hard to cut 

materials. Researches have been carried out to investigate 

reduction in cutting force. Surface roughness is important 

parameter and researches have been done to study effect of 

machining parameters on surface roughness for different 

machining processes.In this work, experiments were carried out 

to investigate effects of speed, feed, depth of cut and temperature 

on roughness in Thermally Assisted Turning (TAT) of mild steel. 

Optimum machining parameters were obtained by Taguchi 

method from the experimental results.  

Keywords― Thermally Assisted Machining, Thermally Assisted 

Turning, Surface Roughness, Taguchi, Design of Experiment 

I. INTRODUCTION 

 

AM is machining technique in which heat is introduced to 

reduce strength of work piece. It is also referred as “hot 

machining”, “heat assisted machining”. M.J.Bermingham et al 

[1] investigated tool life and wear mechanism in TAM, they 

found that TAM reduced cutting forces with increase in work 

piece temperature. Researches have been carried out to 

investigate reduction in cutting force while machining of hard 

to cut metals but it is noted that due to high friction while 

machining and adhesion of chip to the work piece surface 

ductile materials also becomes difficult to machine which 

becomes reason of poor surface finish. Using TAM 

machinability of ductile materials can be increased[2]. L.Ozler 

et al [3] investigated influence of temperature on tool life in 

hot machining of austenitic manganese steel. 

 TAM can be performed in turning, milling, drilling, 

grinding etc. Plasma, laser beam, induction heating, furnace 

preheating, electrical current heating, flame heating are heating 

methods used in TAM. 

K.P.Maitey, P.K.Swain [4] developed tool life equation for 

hot machining by experimental results, work piece was heated 

by flame of LPG and oxygen. 

Surface roughness is important parameter from quality 

point of view and it also reduces manufacturing cost. 

N.Satheesh Kumar et al [5] experimentally analyzed effect of 

spindle speed and feed rate on surface roughness of carbon 

steel in CNC turning, they concluded that good surface finish 

was achieved by low feed rate and high spindle speed. 

IlhanAsilturk [6] determined optimum cutting parameters for 

better surface finish, Taguchi method and ANOVA were used 

in the investigation. 

Researches have been carried out to analyze cutting force 

reduction by TAM for hard to cut metals.In this work effect of 

TAM on surface roughness of mild steel was investigated. 

Flame heating was used and experiments were carried out with 

varied machining parameters and temperature.  

II. DESIGN OF EXPERIMENT 

 

Taguchi method is an effective approach for planning 

experiments. Using orthogonal arrays number of experiments 

can be determined. Experiment time decreases and significant 

factors can be found in shorter time. Signal to Noise(S/N) ratio 

is used to check level of signal (desired) to level of noise 

(undesired). 

TABLE I 

MACHINING PARAMETERS 

Level Temperature 
ºC 

Feed 
mm/sec 

Speed 
rpm 

Depth of cut 
mm 

1 34 0.5854 325 0.5 

2 50 0.6010 545 1.0 

3 100 0.5583 915 1.5 

 

Orthogonal array L9 was chosen for level 3. Table I shows 

machining parameters for each level. 

TABLE II 

EXPERMINET LAYOUT 

Sr.No. Temperature 

ºC 

Feed 

mm/sec 

Speed 

rpm 

Depth 

of cut 

mm 
1 1 1 1 3 

2 2 1 1 2 

3 3 1 1 1 

4 1 2 2 3 

5 2 2 2 2 

6 3 2 2 1 

7 1 3 3 3 

8 2 3 3 2 

9 3 3 3 1 

 

Variation in machining parameters for nine experiments 

were chosen by L9 orthogonal array as shown in Table II.  

 

III. EXPERIMENTAL SETUP 

TAT was done on nine cylindrical rods of mild steel.The 

experimental set up is shown in fig.1. 

T 
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Fig.1 Experimental setup schematic diagram 

A heating torch was mounted on tool carriage to provide a 

moving heat source. The torch burned oxygen and acetylene 

gas. The torch flame was controlled so that excess heating 

would not occur. Optical pyrometer was used to measure 

temperature of work piece surface. 

 

Fig.2 heating with flame 

IV. RESULTS AND DISCUSSION 

 

Surface roughness measurement was done at Quality 

check department, Indogerman Tool Room, Ahmedabad. 

Results are shown in Table III. Analysis of results was done 

using Minitab16.  

TABLE III 

RESULTS 

Sr.No

. 
Temperature 

ºC 

Feed 

mm/sec 

Speed 

rpm 

Depth 

of cut 

mm 

Ra 

1 1 1 1 3 2.30 

2 2 1 1 2 1.80 

3 3 1 1 1 1.38 

4 1 2 2 3 2.32 

5 2 2 2 2 1.29 

6 3 2 2 1 1.83 

7 1 3 3 3 1.07 

8 2 3 3 2 1.08 

9 3 3 3 1 1.13 

S/N ratio is the criteria to analyze the results using 

Taguchi method, it should have maximum value to get 

optimum response.Fig.3 shows main effect plot for S/N ratios 

with smaller is better method. Minimum roughness was 

obtained for 50ºC, feed 0.5583mm/sec, speed 915 rpm, depth 

of cut 1 mm (2,1,3,2 array). 

 

Fig.3 Plots for S/N ratios 

 

It was noted that with increase in temperature and depth of 

cut up to level 2 better surface finish was obtained and with 

low feed and high speed better surface finish was obtained. 

This effect can be thought of in context of ductility of mild 

steel. At high temperature and depth of cut adhesion of chips to 

surface may increase which increases roughness on work 

piece.  

V. CONCLUSIONS 

 

Experiments were conducted to analyze effect of speed, feed, 

depth of cut and temperature in TAT of mild steel. Taguchi 

method was used to design experiment and analyze results. 

Nine experiments were conducted using L9 orthogonal array. 

 Optimum surface roughness was obtained at 50ºC, feed 

0.5583mm/sec, speed 915 rpm, and depth of cut 1 mm. 

 Increase in temperature and depth of cut results in adhesion 

of chips to the surface and increases surface roughness. 

 TAM can be performed with controlled machining 

parameters to increase surface quality of low hardness steel. 
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Abstract - Nanomaterials have great potential applications in 

medicine, food science and technology. As natural biomaterials 

are quite abundant in nature and biodegradable, they are 

favoured over synthetic polymer based materials. In natural 

polymers, polysaccharides are known as a renewable, cheap 

and nontoxic raw material. So for preparation of nanoparticles, 

polysaccharides are particularly considered. Natural 

polysaccharides shown outstanding merits in the field of drug 

delivery. So they attracted many researchers to work on them 

for drug delivery applications. In the preparation of 

nanometeric carriers, polysaccharides, in particular, considered 

as the most promising material. The aim of this review is to 

study the developments in the preparation of nanoparticles 

from polysaccharides. Mainly the mechanisms used so far to 

prepare nanoparticles from polysaccharides are: Crosslinking – 

covalent & ionic, polyelectrolyte complex (PEC), and the self-

assembly of hydrophobically modified polysaccharides. [1] 

Keywords— Starch copolymers, Chitosan copolymers, redox 

initiator, depolymerisation. 

I. INTRODUCTION 

n nano drug delivery systems, nanoparticles are used to 

deliver drugs or biomolecules as nanometeric carriers. 

These nanometeric carriers are of size below 1000 nm, also 

include sub-micro particles. Carriers are having various 

morphologies, including nanodrugs, nanoliposomes, 

nanomicelles, nanocapsules, and nanospheres etc. [3,4].  

There are many outstanding advantages of nanodrug 

delivery systems like [3]: (1) the ultra – tiny size make it to 

pass through the smallest capillary vessels (2) they can 

penetrate to target organs such as liver, spleen, lung, spinal 

cord and lymph through cells and tissue gap; (3) can prolong 

their duration in blood stream by avoiding rapid clearance 

through phagocytes; (4) controlled release properties could 

be achieved due to their sensitivity to temperature, pH, 

and/or ion and biodegradability; (5) they can reduce toxic 

side effects and improve the utility of drugs; etc. [1] 

The ideal nanopolymeric carriers should be: Water soluble, 

Non-toxic, Non-immunogenic, Biodegradable, 

Biocompatible, Inexpensive, Easy to synthesize and 

characterize. Ideally nanoparticle delivery systems should be: 

Non-toxic, Stable after administration, Able to lyophilize, 

Applicable to a broad category of drugs; small molecules, 

proteins and polynucleotides, Reproducible and stable, 

Simple and inexpensive to manufacture and scale-up. There 

preparation should not require organic solvents, high shear 

forces or heat. [5] 

In nanodrug delivery system, biomolecules or drugs can 

be absorbed on the exterior surface or can be entrapped into 

interior structures of nanoparticles. Presently, nanoparticles 

are widely used to deliver drugs, vaccines, proteins, 

polypeptides, nucleic acids, genes and so on. Over past few 

years, huge potential has been shown by nanodrug delivery 

systems in pharmaceutical, medical and biological 

applications [6].  

For the preparation of nanoparticles applicable in drug 

delivery, only biodegradable and biocompatible polymers 

can be used. Many polymeric materials have been applied, 

including poly (acrylic acid) family, polysaccharides 

(particularly chitosan), polycaprolactone, poly (glycolic acid), 

poly (lactic acid), proteins or polypeptides (such as gelatin), 

etc. for preparing nanoparticles for drug delivery, 

polysaccharides are most popular among the polymeric 

materials to prepare. [1] 

II. POLYSACCHARIDES 

Polysaccharides are the polymers of monosaccharides 

[3].The complex Polysaccharides are made from chains of 

monosaccharides joined with each other by glycosidic bonds. 

Polysaccharides are some of the main structural elements of 

animals and plants.  These Polysaccharides also play key role 

in the plant energy storage (starch, paramylon, etc.) [7]. In 

nature, polysaccharides have various resources from plant 

origin (e.g. pectin, guar gum), algal origin (e.g. alginate), 

animal origin (chitosan, chondroitin), and microbial origin 

(e.g. dextran, xanthan gum), [3,8]. General formula of 

Polysaccharides is  Cx(H2O)y where value of x is found 

between 200 and 2000. In Polysaccharides the repeating 

units are usually six-carbon monosaccharides, and so the 

general formula can also be represented as (C6H10O5)n 

where 40≤ n ≤3000 .[7] 

Natural polysaccharides are biodegradable, hydrophilic, 

non-toxic, safe, highly stable, cheaper and have abundant 

resources in nature. Polysaccharides have wide variety in 

properties and diversity in structure due to varying chemical 

composition, a wide range of molecular weight (MW) and a 

most one, large number of reactive groups. According to 

polyelectrolyte, there are two classes of polysaccharides: 

polyelectrolytes and nonpolyelectrolytes. Polyelectrolytes 

can be further classified as positively charged 

polysaccharides (e.g. chitosan) and negatively charged 

polysaccharides (e.g. alginate, heparin, hyaluronic acid, 

pectin, etc.). [1] 

There are large number of reactive groups on polymeric 

chains provide opportunity to modify chemically and 

biochemically to produce derivatives. Hydrophilic groups 

such as hydroxyl, carboxyl and amino groups are found on 

most of natural polysaccharides, which could form non-

covalent bonds and inturnbioadhesion with biological tissues 

(mainly epithelia and mucous membranes) [9]. For example, 

starch, chitosan, alginate, etc. are good bioadhesive materials. 

To improve absorbance of loaded drug, such bioadhesive 

polysaccharides should be used to prepare nanoparticle 

carriers, which can prolong the residence time. All these 

merits endow polysaccharides a promising future as 

biomaterials. When natural polysaccharides are used for drug 

delivery, it becomes safer and non-toxic. So polysaccharides 

I 
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and their derivatives have potential application as 

nanoparticle drug delivery systems [8,10-12].  

There are several methods developed for preparation of 

nanoparticles. Some are: emulsification solvent evaporation 

method, solvent diffusion method, self-assembly of 

hydrophobically modified, dialysis method and other 

methods. The selection of method depends on factors, such 

as, particle size, particle size distribution, area of application 

and etc. [1] 

III. NANO POLYSACCHARIDES PREPARATION 

Mechanisms of Nanoparticles formation:  

The charge density on polysaccharide polymeric chain is 

one of the most important factor. When the polysaccharide 

chain is having high charge density, the chains are extended 

conformation (I). But when the charge density is lower, the 

chains collapse to make compact sphere. Such coil globule 

transition is due to the attraction and repulsion interaction 

between the polymer segments. Polysaccharide like chitosan 

is a weak base. Its pKa value of the D-glucosamine residue is 

about 6.2- 7.0. So its solubility at neutral and alkaline pH 

values is lower. The amino groups of chitosan are positively 

charged in acidic medium, resulting in a highly charged 

polyelectrolyte polysaccharide.  

According to charges, there are four types of nanoparticles 

coils possible to form: Polycationic chains (II), polyanionic 

chains (V), polyampholytic chains (IV), or uncharged chains 

(III). These cross-linked polysaccaride nanoparticles are 

prepared by chemical modification of linear chains (I) with 

crosslinkers. [13] 

When crosslinkers like dicarboxylic acids are used to react 

with polysaccharides, it gives polycationic polysaccharide 

nanoparticles (II). In these reactions, the cross-linking takes 

place less than 100% stoichiometric ratio. In case of chitosan, 

polycations are formed by protonation of free amino groups 

in acidic media, whereas the carboxyl groups were bound 

covalently. Chitosan particles can act as bioadhesive cationic 

polyelectrolytes. [13] 

Most polysaccharides contains positive charge on it, and 

so it has a strong electrostatic interaction with negatively 

charged molecules, like DNA and RNA. So they are 

considered good candidates for drug- or gene delivery 

systems. These electrostatic interactions provide stability and 

protection from degradation. 

When all the functional groups of polysaccharide are 

covalently bound, the stoichiometric ratio of crosslinking 

becomes 100%. It gives uncharged nanoparticles (III) in 

aqueous media. [13] 

When the polysaccharides crosslinked with carboxylic 

acid like citric acid, polyanion (V) or polyampholyte (IV) 

cross-linked nanoparticles are produced. Citric acid acts as a 

difunctional cross-linking agent used in excess. So free 

carboxyl groups are available after cross-linking. When these 

free groups are deprotonated in neutral and alkaline media, 

partially negatively charged particles produced and the 

stoichiometric ratio of cross-linking found less than 100%.  

[13] 

Polyampholyte nanoparticles colloid dispersion are 

unstable, and so it precipitated. Polyanions are prepared by 

condensation reaction between polysaccharides and 

crosslinkers. All groups of the polysaccharide chain are 

bound covalently but functional groups of crosslinker are 

available. Stoichiometric ratio of cross-linking of 100%. [13] 

When the colloid dispersion prepared with lower 

concentrations of cross-linkers, the solubility found more and 

the solutions were either clear or opalescent. With increased 

concentration of crosslinker, the particles become compact 

and solution opalescent. [13] 

Solubility of the polysaccharide nanoparticles is related to 

the hydrophilic character of the cross-linking agents and the 

ratio of free functional groups of the polysaccharide chain. 

The more hydrophilicity of crosslinkers used, more solubility 

of the polysaccharide particles. [13] 

 

 

Fig.1. Schematic diagram of structure of cross-linked polyelectrolytes. 

Alonso et al. [14] and Prabaharan et al. [15] have 

discussed the preparation and application of polysaccharide 

nanoparticle carriers. Now a days many versatile 

nanoparticle carriers made from polysaccharide has emerge. 

Nanoparticles can be prepared by many methods. According 

to structural characteristics, there are four mechanisms: (1) 

covalent crosslinking, (2) ionic crosslinking, (3) 

polyelectrolyte complexation, and (4) self-assembly of 

hydrophobically modified polysaccharides. [1] 

 

3.1. Covalently crosslinked polysaccharide nanoparticles 

It is the first method developed for preparation of 

polysaccharide nanoparticles. Nanoparticles of chitosan were 

made by this method. Chitosan based nanoparticles prepared 

by crosslinking with Glutaraldehyde, but toxicity of 

Glutaraldehyde is limiting its application in drug delivery. So 

it is required to use biocompatible crosslinkers. There are 

many such crosslinkers suggested by researchers like natural 

di- and tricarboxylic acids, such as citric acid, tartaric acid, 

malic acid, succinic acid, etc.  Some water-soluble 

condensation agents like carbodiimide, also used as 

biocompatible crosslinkers for chitosan nanoparticles [16,17]. 

To prepare chitosan nanoparticles, the pendant amino groups 

of chitosan and the carboxylic groups of natural acids will 

react by condensation reaction. By this method different 
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types of nanoparticles can be formed like polycations, 

polyanions, and polyampholyte. The average size of the 

particles, depends on the pH, in the swollen state, found in 

the range of 270–370 nm. The prepared nanoparticles found 

stable in aqueous media at any pH, either acidic, neutral, or 

mild alkaline conditions.[1]. 

There are several methods used to prepare 

nanopolysaccharides by covalent crosslinking like: thermal 

cross-linking, [18] spraydrying, [19] solvent evaporation, [20] 

reverse micellar,[21] or emulsion crosslinking. [22] 

To produce a crosslinkedpolysachharides suspension, a 

well- known technique spraydrying is used. In this method 

fine dispersed droplets are dried in a hot air stream followed 

by the addition of a cross-linking agent. [13] 

In thermal cross-linking, crosslinking reactions are taking 

place at high temperature. [13] 

 

3.2. Ionicallycrosslinked polysaccharide nanoparticles 

This mechanism has some advantages over covalent 

crosslinking like preparation conditions are mild and 

procedure is simple. For both polycationic and polyanionic 

charged polysaccharides, opposite change ions of low MW 

can work as crosslinkers. Tripolyphosphate (TPP) is one 

such widely used polyanioncrosslinker. Chitosan 

nanoparticles crosslinked with TPP was developed first time. 

[23,24]  TPP contains multivalent anions and it is non-toxic. 

Ionic interaction between negatively charged counterions of 

TPP and positively charged amino groups of chitosan will 

form a gel. [25]  

Xu et al. [26] prepare nanoparticles from water soluble 

derivative of chitosan. They ionicallycrosslinked N-(2-

hydroxyl) propyl-3-trimethyl ammonium chitosan chloride 

by the reaction between glycidyl-trimethyl-ammonium 

chloride and chitosan.[1].many researchers reported 

formation of nanoparticles by ionic interaction between 

chitosan derivatives and other ions for different drug delivery 

systems, for cosmetic and pharmaceutical applications.[27-

31] 

 

3.3. Polysaccharide nanoparticles by polyelectrolyte 

complexation (PEC) 

Intermolecular electrostatic forces between oppositely 

charged polymeric compounds are responsible for the 

formation of Polyelectrolyte complexation (PEC) of 

polysaccharides.[1]. 

Theoretically any polyelectrolyte could react with 

polysaccharides to fabricate PEC nanoparticles. With 

adjustment of molecular weight, nanoparticles of 

polysaccharide- based PEC can be formed.  

But only water soluble and biocompatible polymeric 

components are used for PEC nanoparticles, to avoid 

undesirable properties. From natural polycationic 

polysaccharides, only chitosan satisfies the conditions. For 

the formation of PEC with polysaccharides, there are many 

negative polymer components available like peptides, 

polyacrylic acid family, etc. [1] 

 

3.4. Self-assembly of hydrophobically modified 

polysaccharides 

When hydrophilic polymeric chains are grafted with 

hydrophobic segments, amphiphilic copolymers are 

synthesized. When these amphiphiles comes in contact with 

an aqueous environment, to minimize interfacial free enrgy, 

its hidrophillic component will aggregates the hydrophobic 

moieties through intra- or intermolecular associations and 

form micelles or micelle like shape. Depending on the 

hydrophilic/hydrophobic constituents, the micelles exhibit 

core-shell structure of less than microsize. It will show some 

unique characteristics, like thermodynamic stability, small 

hydrodynamic radius and unusual rheological feature. In this 

nanopolymers, the hydrophobic domain, surrounded by a 

hydrophilic outer shell, serves as preservatory for various 

hydrophobic drugs. So they are proved as best carriers for 

hydrophobic drugs. [1] 

Generally, these hydrophobic molecules are cyclic or 

linear hydrophobic molecules, hydrophobic drug, 

polyacrylate family, etc. [1] 

 

Methods for preparation of nanoparticles from 

polymerization of monomers  

For preparation of polysaccharide nanoparticles, methods 

developed are mostly based on microparticle technology. 

Mainly used methods are: ionotropic gelation, 

microemulsion, emulsification solvent evaporation, 

emulsification solvent diffusion and polyelectrolyte complex. 

The most widely developed methods are ionotropic gelation 

and self assemble polyelectrolytes. These methods are 

comparatively simple, not using organic solvents or high 

shear force. [32] 

Ionotropic gelation: nanoparticles are formed by 

electrostatic interaction between functional groups of 

polysaccharides and crosslinking agent or another 

component. Positively charged polysaccharide functional 

group interact with negatively charged functional groups of 

polyaniniccrosslinker like tripolyphosphate in emulsion. This 

process is a water/oil emulsion polymerization method. It is 

simple and mild preparation technique out of all other 

methods in the aqueous environment.[33] In this technique, 

the size of the nanoparticles prepared depends on the size of 

droplets in emulsion. However, the size of the particles is 

large, and they have a broad size range. Narrow size 

distribution ultrafine polymeric nanoparticles can be 

Prepared with narrow size distribution could be achieved by 

using reverse micellar medium. [13] Calvo et al developed & 

reported Chitosan NP first time prepared by ionotropic 

gelation technique.  

Coacervation is also ionotropic gelation method, [34] 

which also avoids the use of toxic organic cross-linking 

agents. [13] 

 

Microemulsion method  

Microemulsions are also known as Reverse micelles. 

These emulsion usually form spontaneously, single optically 

isotropic and thermodynamically stable systems. 

Microemulsions can solubilize both aqueous and oil-soluble 

compounds. Microemulsions have ultralow interfacial 

tension and large interfacial area. They are made from liquid 

mixture of water, oil, and surfactant. [Preparation and 

Characterization of Chitosan-Based Nanoparticles] 
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Depending on the hydrophilic–lypophilic balance (HLB) 

value of the used surfactant and proportion of various 

components microemulsions can be classified as water-in-oil 

(W/O), oil-in-water (O/W) emulsions. There is one 

intermediate structural type, bicontinuous emulsions. These 

can turn reversibly from one type to the other. 

In this technique, the nanoparticles of polysaccharides 

form in the aqueous core of reverse micellar droplets and 

subsequently cross-linked. Maitra et al. prepared & reported 

Chitosan NP by microemulsion technique first time.  

 

Emulsification solvent evaporation method 

Emulsification solvent evaporation is the most widely 

employed technique to prepare nanoparticles of polymers. 

[35] In the conventional methods, two main strategies are 

being used for the formation of emulsions: the preparation of 

single emulsions, e.g., oil-in-water (o/w) or double-

emulsions, e.g., (water-in-oil)-in-water, (w/o/w). 

In single emulsification solvent evaporation process, 

volatile organic solvents like ethyl acetate, chloroform, 

dichloromethane, etc are used as solvent. These solvents are 

immiscible with water, creates oil – in – water emulsion. 

These solvents will dissolve hydrophobic surfactants also. To 

reduce problem of organic solvent droplets coalescence, the 

droplet size is reduced by continuous stirring, or 

microfluidization by using sonication and/or homogenizer. 

In double emulsion process, hydrophilic solvents are used. 

Aqueous solution of active component is added in organic 

phase to create primary emulsion. Which is now added in 

aqueous phase (external water phase), results in w/o/w 

double emulsion. To keep the droplet size much lower, first 

aqueous phase needs large qty of emulsifier than second one. 

To solidify nanoparticles formed, the solvents are either 

evaporated or extracted. [13] 

In o/w emulsion, the size of nanoparticles produced 

depend not only on concentration of surfactive polymer in 

the aqueous phase, but also depends on zeta potential, 

hydrophilicity, and drug loading, Homogenization intensity 

and duration, Type and amounts of emulsifier, polymer and 

drug, Particle hardening (solvent removal) profile [36]. 

 

Solvent diffusion method 

Solvent diffusion method is also known as spontaneous 

emulsification. It is a modified version of solvent 

evaporation method. In this method, pharmaceutically 

acceptable partially water soluble solvents are used. So high-

pressure homogenizers are not required to handle emulsions. 

[37,38] Water soluble solvents can diffuse in aqueous phase 

and so offer advantage of reduction in particle size with 

increase in concentration. Due to differences in the polymer-

solvent and water–solvent interactions, the type of solvent 

and polymer affect the formation of nanoparticles. Solvents 

like DMSO, DMF, acetone, THF and pyridine are used in 

this method. Due to lower miscibility of organic solvents in 

water, large amount of water is used. Due to diffusion of 

organic solvent molecules into water, nanoparticles formed. 

It shows high percentage of drug entrapment. This method 

was developed by Niwaet al.to prepare PLGA nanoparticles. 

El-Shabouri prepared & reported chitosan NP by emulsion 

solvent diffusion method first time. Harsh processing 

conditions (e.g., the use of organic solvents) and the high 

shear forces are major drawback of this method.  

 

Polyelectrolyte complex (PEC)  

Cationic charged polymer and plasmid DNA forms 

Polyelectrolyte complex by self-assembly. So this technique 

is also known as self-assembled polyelectrolyte. Due to the 

charge neutralization of both components, hydrophilicity of 

the complex decreases. Several cationic polymers (i.e. 

gelatin, polyethylenimine) also possess this property. This 

technique is simpler and mild, no harsh conditions involved. 

DNA-Chitosan nanoparticles spontaneously formed when 

DNA solution added into acetic acid solution of chitosan. 

The complexes size can be varied from 50 nm to 700 nm. 

When hydrophilic polymeric chains are grafted with 

hydrophobic segments, amphiphilic copolymers are formed. 

Usually, these hydrophobic molecules can be divided into 

linear, cyclic hydrophobic molecules, hydrophobic drug, 

polyacrylate family, etc.  

 

3. Modified polysaccharides (MP) for preparation of their 

nanoparticles 

Natural biopolymers offer advantages like, 

biodegradability, biocompatibility and available from 

replenish able natural resources and, therefore leading to 

ecological safety. Recently, many researchers working on 

modification of various polysaccharides and prepared their 

derivatives for biodegradable nanoparticles. These 

nanoparticles have shown ability to control the drug release 

and also offer drug protection. 

Polysaccharides have a number of positive characteristics 

such biodegradability, biotolerability, receptor interaction 

through specific sugar moieties, protein rejecting ability and 

abundance of functional groups for modification or 

functionalization [39]. Amphiphillic polysaccharides 

consisting of hydrophilic and hydrophobic fragments. They 

can form self-assembled nanoparticles and show unique 

physicochemical characteristics such as a thermodynamic 

stability and nanoparticle structure. The amphiphilic 

character imparted upon polysaccharides after hydrophobic 

modification gives them a wide and interesting use spectrum, 

for instance as emulsion stabilizers, rheology modifiers 

[40,41], surface modifiers for liposomes and nanoparticles 

[42] and as drug delivery vehicles [43,44]. 

 

4. Medical applications of polysaccharide-based 

nanoparticles 

Owing to their unique potentials, polysaccharides have 

made special place in nano drug delivery systems. Many 

research groups are working with different polysaccharides 

in this area. 

Applications of chitosan nanoparticles  

Parenteral administration 

The smallest blood capillary is approximately 4 μm 

diameter, so Nano-sized polysaccharide particles can be 

administered intravenously. Nanoparticles size less than 100 

nm tend to have a prolonged circulation time, while larger 

particles are rapidly taken up by the reticuloendothelial 
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system (RES) in the liver, spleen, lung and bone marrow. 

Compare to positively-charged or neutral particles, 

negatively-charged particles are eliminated faster. It is 

expected that that nanoparticles should decrease the toxic 

side effects of drugs while improving the therapeutic efficacy. 

Theoretically, chitosan NP of size less than 100 nm offer 

advantage such as hydrophilic surface, and so are very 

attractive carrier system [11,12]. 

Peroral administration 

Polysaccharides like chitosan contains positive charge, 

which interact with negative charge of mucin results in 

mucoadhesive properties. Which in turn prolong contact time 

between the drug and the absorptive surface, and thereby 

promoting the absorption of drug. As they promote 

absorption of drug, polysaccharide NP became attractive 

carriers for oral delivery. Recent studies have shown that 

polysaccharide like protonated soluble chitosan, in its 

uncoiled configuration, only can trigger the opening of the 

tight junctions, thereby, facilitating the paracellular transport 

of hydrophilic compounds. This property implies that 

polysaccharide like chitosan would be effective as an 

absorption enhancer only in a limited area of the intestinal 

lumen where the pH values are below or close to its pKa. 

Non-viral gene delivery vectors 

Polysaccharides are cationic polymers with extremely low 

toxicity than PEI and poly-L-lysine. Additionally, it 

enhances the transport of drug across cell membrane. 

The transfection efficiency of polysaccharide like chitosan 

found higher at acidic pH than that at neutral pH. It is due to 

protonated amine groups of chitosan facilitate the binding 

between complexes and negatively charged cell surface. 

 

4. Characterization of polysaccharide-based nanoparticle 

Numerous properties of materials depend on the size and 

internal structure of their constituents. 

Nanomaterials, due to the particle size in the range of 

nanometers, exhibit properties that are unique and 

qualitatively different from those of large-size particles. 

Biomaterials posses internal nanostructure, they are 

biocompatible and biodegradable therefore they are favoured 

over synthetic polymer based materials. [46] Particle size is 

the greatest important characteristics of nanoparticles. It is 

challenging also. Some methods for the determining particle 

size are [45] 

a. Photon-correlation spectroscopy. 

b. Dynamic light scattering. 

c. Brownian motion and light scattering properties. 

d. Scanning or transmission electron microscopy (SEM or 

TEM). 

One can understand in vivo distribution, biological fate, 

toxicity and targeting ability of these delivery systems. In 

addition, they can influence drug loading, drug release and 

stability of the nanoparticles. SEM, TEM, AFM are also used 

to confirms size, shape and dimensions of nano particles. We 

prepare nano particles of chitosan, starch, and their 

copolymers. Details of synthesis explained somewhere else. 

The size, shape and dimensions in SEM micrographs are 

shown here.   

 

 
Fig. 2 SEM images of chitosan/starch nano particles (APS3%) 

 

 
Fig. 3 SEM images of chitosan/starch nano particles(APS3%)  The 

morphology of nanoparticles was observed at 3 kV using a scanning 
electron microscope (SEM; S-4200, Hitachi, Japan). 

 

 
Fig. 4XRD for Chitosan/ starch nanoparticles 

 

Physical status of chitosan/starch nanoparticles: An X-ray 

diffractometer (Philips, Xpert-Pro, The Netherlands) was 

used to determine the physical status of chitosan/ starch in 

the nanoparticles. The diffraction angle (2θ) was recorded 

from 3° to 80° with a scanning speed of 5°/minute. CuKa 

radiation was used as the X-ray source at 40 kV and 30 mA. 

Particle size of chitosan/ starch is also confirmed by X-ray 

diffraction study. Particles are found be crystalline in nature. 
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Fig.5. SEM photographs at 25kV of (a) chitosan (15,000·), (b) chitosan 

(50,000·), (c) starch (10,000·), (d) starch (20,000·), (e) chitosan/ starch 

copolymer PECs (15,000·), and (f) chitosan/ starch copolymer PECs 
(20,000·). 

 

IV. CONCLUSIONS 

To improve performance and scope of nanodrug delivery 

systems, one should focus on: (1) proper selection of carrier 

materials either single or combination, for desired drug 

release profile; (2) improvement in targeting ability by 

surface modification of nanoparticles; (3) the optimization of 

the nanoparticles characteristics to increase their application 

in clinics, their drug delivery capability and industrial 

production; (4) understanding in vivo interaction of blood, 

targeting tissues, organs, etc with nanoparticles. 
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Abstract- Twelve castor (Ricinus communis L.) genotypes 

consisting four lines and eight testers were crossed in a line × 

tester mating design. The resulting 32 hybrids along with 12 

parents and one standard check was included in crosses were 

grown in a randomized block design at the Agricultural 

Research Station, Anand Agricultural University, Sansoli-

387130 Gujarat in kharif 2014. The estimates of gca effects 

indicated that, among females and males, VP 1 and SKP 84 

and ANDCM 2, ANDCI 9 and ANDCI 10-4 were good 

general combiners for seed yield per plant. High sca effects 

were observed in the crosses JP 65 x JC 22, SKP 84 x 

ANDCM 2 and SKP 84 x SKI 215 for seed yield. 

Key words: Castor, combining ability, seed yield, hybrid, yield 

Components. 

 

I. INTRODUCTION 

astor (Ricinus communis L., 2n = 2x = 20) is an 

industrially important non-edible oilseed crop widely 

cultivated in the arid and semi-arid regions of the world. 

Castor is a sexually polymorphic species with different 

sex forms viz., monoecious, pistillate, hermaphrodite and 

pistillate with interspersed staminate flowers (ISF). The 

countries like India, Brazil, China, Russia, Thailand and 

Philippines are the principal castor growing countries.  

Combining ability is a powerful tool to provide 

guideline to the plant breeder in selecting the elite parents 

and desirable cross combinations to be used in the 

formulation of systematic breeding programme and at the 

same time provides means of understanding the nature of 

gene action involved in the inheritance of various traits. 

General combining ability is due to additive and additive 

x additive gene action and is fixable in nature while 

specific combining ability is due to non-additive gene 

action which may be due to dominance or epistasis or 

both and is non-fixable. The presence of non-additive 

genetic variance is the primary justification for initiating 

the hybrid breeding programme (Cockerham, 1961). 

 

II. MATERIALS AND METHODS 

The experimental material comprising of four lines (VP1, 

SKP 84, GEETA, JP 65) and eight testers (ANDCM 2, 

ANDCI 8, ANDCI 9, ANDCI10-4, SKI 215, JC 20, JC 

22, JI 96) were selected on the basis of the morphological 

differences. All these twelve parents were crossed to 

produce 32 F1S hybrids according to the line × tester 

mating design developed by Kempthorne (1957). The 

resulting 32 hybrids along with 12 parents and one 

standard check was included in crosses were grown in a 

randomized block design replicated thrice at the 

Agricultural Research Station, Anand Agricultural 

University, Sansoli-387130, Gujarat in kharif 2014. Each 

entry was planted in a 6 meter long row with inter and 

intra row spacing of 120 × 60 cm.  

The observations were recorded on five 

randomly selected plants for nine characters in each 

replication for each genotype and the average value per 

plant was computed except for days to 50 per cent 

flowering and days to 50 per cent maturity of primary 

spike. The observations of both these characters were 

recorded on population basis. 

Data recorded were subjected to analysis of 

variance according to Panse and Sukhatme (1978) to 

determine significant differences among genotypes. They 

were computed according to the line × tester method. 

Significance test for general combining ability and 

specific combining ability effects were performed using t-

test. Different ratios were used to rate the relative weight 

of additive versus non-additive type of gene actions. 

 

III. RESULTS AND DISCUSSION 

Analysis of variance for combining ability 

The recorded data were subjected to analysis of variance 

and mean square due to various sources of variation to 

confirm the differences among castor genotypes (Table 

1). Analysis of variance for combining ability revealed 

that mean squares due to females (lines) were highly 

significant for all the characters except for total number of 

branches per plant and 100 seed weight. Whereas for 

males (testers), it was highly significant for all the 

characters except for total number of branches per plant. 

The mean squares due to females x males interaction were 

highly significant for all the characters. A comparison of 

variances due to males (σ
2
m) and females (σ

2
f) indicated 

that the females showed higher magnitude of variability 

for the character seed yield per plant. The magnitudes of 

sca variances were higher than the gca variances for 

almost all the characters indicated the predominance of 

non-additive gene action in the inheritance of almost all 

the traits.  

The presence of non-additive genetic variance is 

the primary justification for initiating the hybrid 

programme (Cockerham, 1961). The perusal of the data 

revealed lower σ
2
 A/σ

2
 D ratio for days to 50 per cent 

flowering and plant height up to primary spike suggested 

preponderance of non-additive gene action. Above one 

C 
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value of potence ratio and above one half value of 

predictibility ratio indicated preponderance of additive 

genetic variance for plant height up to primary spike, 

whereas, non–additive genetic variance was prime 

importance for the characters like length of primary spike, 

number of capsules on primary spike and seed yield per 

plant as their values of potence ratio was less than one and 

values of predictability ratio were below one half. 

General combining ability 

Variation in general combining ability (gca) effects was 

estimated among females and males for yield and its traits 

to identify the best parent for subsequent hybrid 

development programme (Table 2). However, an overall 

appraisal of general combining ability effects revealed 

that VP 1, SKP 84, ANDCM 2, ANDCI 9 and ANDCI 

10-4 among females and males was found to be a better 

and consistent general combiner for majority of the traits. 

Among females VP 1 (16.39) and SKP 84 (8.92) were 

good general combiners as indicated by significant and 

positive gca effects for seed yield per plant. Seed yield per 

plant, being the ultimate objective is very important to 

castor breeders. Among the males ANDCM 2 (25.54), 

ANDCI 9 (21.76) and ANDCI 10-4 (20.24) were good 

general combiners as indicated by significant and positive 

gca effects for seed yield per plant. 

For contributing characters in female parent JP 

65 (3.86), VP 1 (1.49) and SKP 84 (0.96) and male parent 

ANDCI 9 (10.24), ANDCI 8 (5.94), ANDCM 2 (2.07) 

and SKI 215 (0.67) exhibited significant positive 

estimates of gca effects and thus possessed favorable 

genes for length of primary spike. The perusal of results 

revealed that only female parent VP 1 (10.94) exhibited 

significant and positive gca effect in number of capsule on 

primary spike. Among male parents, inbreds ANDCM 2 

(17.52), ANDCI 9 (7.72) and ANDCI 10-4 (3.82) had 

significantly and positive estimates of gca effect in 

number of capsule on primary spike. Identification of 

such superior combiners helps the breeders in selecting 

appropriate parents to be used in the breeding 

programmes to develop superior hybrids. 

Specific combining ability 

Specific combining ability effect estimates revealed a 

wide range of variation for all the characters (Table 3). 

The results of seed yield per plant revealed that 12 crosses 

exhibited significant positive sca effects. Out of them, 

positive significant sca effect for seed yield per plant was 

exhibited by five promising specific crosses viz., JP 65 x 

JC 22 (32.09), SKP 84 x ANDCM 2 (28.75), SKP 84 x 

SKI 215 (27.66), Geeta x ANDCI 8 (23.77) and VP 1 x 

ANDCI 9 (22.77) indicated the preponderance of non-

additive gene action. Of these five combinations, in 

addition to seed yield per plant, the cross combinations JP 

65 x JC 22, SKP 84 x ANDCM 2, SKP 84 x SKI 215 and 

Geeta x ANDCI 8 registered high and positive sca effects 

for length of primary spike. 

From this study it is observed that parental lines 

VP 1, SKP 84, ANDCM 2 ANDCI 9 and ANDCI 10-4 

were good general combiners. The best three hybrids for 

seed yield per plant viz., JP 65 x JC 22 (poor x poor), SKP 

84 x ANDCM 2 (good x good) and SKP 84 x SKI 215 

(good x poor) had significant positive sca effects. This 

could be exploited beneficially in future castor breeding 

programme by adopting appropriate breeding technique in 

order to evolve high yielding hybrid varieties. 
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Table 1: Analysis of variance and variance estimates for combining ability for yield and its components in castor 

 

Source 
d

f 

Days 

to  

50  % 

flowering 

 

Days 

to  

50 % 

maturity 

Plant 

height 

up to 

primary 

spike 

Length of 

primary 

spike 

 

Number 

of 

capsules 

on 

primary 

spike 

Number 

of 

effective 

branches 

per plant 

100  

seed 

weight 

Seed 

yield per 

plant 

 

Oil 

content 

 

Replication 2 5.91 16.42 16.41 5.31 2.43 0.003 0.14 42.62 0.70 

Hybrids 
3
1 

50.68** 54.43** 202.15** 383.64** 842.06** 2.69** 5.47** 3177.99** 9.95** 

Females 
3 237.39** 177.25** 399.51** 451.64** 1511.45*

* 

1.41** 3.43 5865.10** 11.11** 

Males 
7 44.36** 58.85** 562.70** 509.67** 1015.28*

* 
2.14** 5.37** 5343.51** 5.84** 

Females x 

Males 

2

1 

26.11** 35.41** 53.78** 331.91** 688.69** 3.05** 5.79** 2072.27** 11.15** 

Error 
6
2 

7.86 5.25 9.47 5.44 15.86 0.15 1.40 134.98 1.48 

ESTIMATES   

σ2f 3 8.76  5.91 14.41 4.99 34.27 -0.07 -0.10 158.09 0.01 

σ2m 7 1.47 1.96 42.41 14.81 27.20 -0.08 -0.04 272.63 -0.44 
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σ2 fm 
2
1 

6.08** 10.05** 14.77** 108.82** 224.22** 0.97 1.47 645.76** 3.22** 

σ2 gca (Av.)    6.38 4.59 23.74** 8.26** 31.91** -0.071 -0.08 196.22** -0.15 

σ2sca 6.08** 10.05** 14.77** 108.82** 224.22** 0.97 1.47 645.76**   3.22** 

Potence ratio - - 4.52 0.214 0.401 - - 0.86 - 

Predictability ratio - - 0.76 0.31 0.22 - - 0.37 - 

σ2A 12.76 9.18 47.48 16.52 63.82 -0.14 -0.16 392.44 -0.3 

σ2D 6.08** 10.05** 14.77** 108.82** 224.22** 0.97 1.47 645.76** 3.22** 

[σ2 D / σ2 A ]0.5 0.69 1.05 0.55 2.57 1.87 2.63 3.03 1.28 3.27 

               *, ** significant at 0.05 and 0.01 levels of probability, respectively 
 

Table 2: Estimates of general combining ability (gca) effects of parents for yield and its components 

 

Parents 

Days 

to 50 % 

flowerin

g 

 

Days 

to 50 % 

maturity 

of 

primary 

spike 

Plant 

height up 

to 

primary 

spike 

 

 

Length 

of 

primary 

spike 

 

Number 

of 

capsules 

on 

primary 

spike 

Number 

of 

effective 

branches 

per plant 

100 seed 

weight 

 

Seed 

yield per 

plant 

 

Oil 

content 

 

Females 

VP 1 
-4.63** 

-3.00** -2.09**  1.49** 10.94** 0.25** -0.12  16.39** -0.84* 

SKP 84 
1.56** 

-1.46* -1.81**  0.96* -5.20** 0.12 -0.16   8.92** -0.21 

Geeta 
2.23** 

1.52  6.11** -6.22** -6.46** -0.30** -0.28 -18.33** 0.74* 

JP-65 
0.85 

2.95** -2.22**  3.86**  0.72 -0.08 0.56* -6.99** 0.32 

S.E. (gi) 0.57 0.66 0.63  0.48  0.81 0.08 0.24  2.37 0.25 

CD at 5 % 1.11 1.29 1.23  0.94  1.58 0.15 0.47  4.64 0.49 

S.E. (gi – gj) 1.14 0.94 1.25 0.95 1.62 0.16 0.48  4.74 0.497 

CD at 5 % 2.23 1.84 2.45 1.86 3.17 0.31 0.94  9.30 0.97 

Males 

ANDCM 2 2.76** 0.25 5.24**  2.07** 17.52** 0.25* 0.86** 25.54** -0.34 

ANDCI 8 -1.21 0.10 1.87  5.94** -4.89** -0.12 -0.91** -9.04** 0.72* 

ANDCI 9 -1.22 -3.82** 5.09** 10.24**  7.72** -0.64** 0.24 21.76** -0.99** 

ANDCI 10-4 -1.71* -2.88** 3.06** -0.68*  3.82** -0.48** 0.57 20.24** -0.56 

SKI 215 1.80* 2.10** 5.54**  0.67* -3.04** 0.01 0.52 -0.23 0.56 

JC 20 1.99* 1.45** -11.58** -1.08 -2.68* 0.45** -0.14 -3.87 -0.34 

JC 22 1.63* 2.10** -9.88** -9.92** -8.90** -0.19 -0.90** -25.52** -0.07 

JI 96 1.49 0.70 0.89 -7.24** -9.95** -0.54** -0.24 -28.88** 8.02** 

S.E. (gj) 0.81 0.66 0.89  0.67  1.15 0.11 0.34  3.35 0.35 

CD at 5 % 1.58 1.29 1.74  1.31  2.25 0.21 0.66  6.56 0.68 

S.E. (gi – gj) 0.81 0.66 0.89  0.67 1.15 0.11 0.34  3.35 0.35 

CD at 5 % 1.58 1.29 1.74  1.31 2.25 0.21 0.66  6.56 0.68 

               *, ** significant at 0.05 and 0.01 levels of probability, respectively 
 

Table 3: Estimates of specific combining ability (sca) effects of hybrids for yield and its components 
 

 
Sr. 

no. 

Hybrids Days 

to 50 % 

flowering 

 

Days 

to 50 % 

maturity 

of 

primary 

spike 

Plant 

height up 

to 

primary 

spike 

 

Length of 

primary 

spike 

 

Number 

of 

capsules 

on 

primary 

spike 

Number of 

effective 

branches 

per plant 

100-seed 

weight 

 

Seed 

yield per 

plant 

 

Oil 

content 

 

1 VP 1 x ANDCM 2 -1.06 -1.09 -1.44 9.65** 22.57** 0.97** 1.26 22.76** -2.66** 

2 VP 1 x ANDCI 8 1.17 0.06 3.94* 1.34 -7.49** 0.07 0.03 -19.94** -0.07 

3 VP 1 x ANDCI 9 -2.75 1.27 0.64 0.38 8.13** -0.11 -2.72** 22.77** -0.97 

4 VP 1 x ANDCI 10-4 -0.47 1.38 1.38 -0.59 8.32** 1.30** 0.90 15.10* -0.70 

5 VP 1 x SKI 215 1.71 -0.42 1.67 -7.50** -14.76** -1.90** -0.18 -17.88** 3.22** 

6 VP 1 x JC 20 1.97 1.46 0.34 6.96** 0.43 1.04** 1.96** 22.42** -0.85 

7 VP 1 x JC 22 -0.52 -1.39 -2.46 -5.47** -6.29** -0.77** -1.95** -27.96** 1.01 

8 VP 1 x JI 96 0.02 -1.28 -4.08* -4.77** -10.90** -0.61** 0.69 -17.27* 1.03 
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9 SKP 84 x ANDCM 2 -2.24 -1.22 3.58* 16.33** 28.68** 1.31** 0.99 28.75** -2.66** 

10 SKP 84 x ANDCI 8 0.19 2.52 3.57* 11.35** 1.21 0.34 0.22 0.70 0.87 

11 SKP 84 x ANDCI 9 1.52 0.84 -2.11 -14.27** -17.00** -0.81** -0.27 -54.35** 2.81** 

12 SKP 84 x ANDCI 10-4 3.15 1.50 0.56 -3.12* -16.17** -1.12** 0.54 -11.83 -0.24 

13 SKP 84 x SKI 215 -1.04 7.27** 2.09 12.22** 17.25** 0.80** 0.59 27.66** -0.80 

14 SKP 84 x JC 20 -4.05* -3.27* -3.46 -12.02** -4.61* -0.46* -0.94 6.89 1.29 

15 SKP 84 x JC 22 1.55 -4.85** -3.62* -3.78** -10.01** 0.16 0.58 -6.71 -2.15** 

16 SKP 84 x JI 96 0.93 -2.79* -0.61 -6.72** 0.64 -0.22 -1.72* 8.88 0.90 

17 Geeta x ANDCM 2 -1.88 1.68 -4.47* -6.73** -24.90** -1.24** -1.12 -5.81 2.02** 

18 Geeta x ANDCI 8 2.99 -4.99** 1.25 2.66* 8.47** 0.37 0.70 23.77** 1.31 

19 Geeta x ANDCI 9 5.19** -1.36 4.13* 10.36** -2.69 0.91** 1.25 16.22* -1.79* 

20 Geeta x ANDCI 10-4 -3.22* -3.52** 0.54 0.39 -2.92 -0.61** -1.12 -11.11 0.87 

21 Geeta x SKI 215 0.66 -1.60 -7.42** -5.16** 3.07 0.46*        -1.18 -23.52** -0.57 

22 Geeta x JC 20 0.61 2.30 2.16 -5.40** 6.59** -0.26 -0.82 -20.23** -0.95 

23 Geeta x JC 22 -1.85 6.13** 5.02** 2.19 9.81** -0.60* 1.84** 2.58 0.26 

24 Geeta x JI 96 -2.42 1.35 -1.20 1.69 2.56 0.97** 0.44 18.09** -1.15 

25 JP 65 x ANDCM 2 5.18** 0.63 2.32 -19.25** -26.34** -1.05** -1.13 -45.71** 3.30** 

26 JP 65 x ANDCI 8 -4.35** 2.40 -8.76** -15.35** -2.19 -0.79** -0.95 -4.53 -2.12** 

27 JP 65 x ANDCI 9 -3.96* -0.76 -2.67 3.54** 11.57** 0.01 1.74* 15.36* -0.04 

28 JP 65 x ANDCI 10-4 0.54 0.64 -2.47 3.31* 10.76** 0.43 -0.33 7.84 0.07 

29 JP 65 x SKI 215 -1.18 -5.25** 3.66* 0.43 -5.56* 0.64** 0.77 13.73* -1.85** 

30 JP 65 x JC 20 1.47 -0.50 0.96 10.46** -2.41 -0.32 -0.21 -9.09 0.51 

31 JP 65 x JC 22 0.82 0.11 1.07 7.07** 6.48** 1.21** -0.48 32.09** 0.89 

32 JP 65 x JI 96 1.48 2.72* 5.89** 9.80** 7.69** -0.14 0.59 -9.70 -0.77 

 
Range 

Min. -4.35 -5.25 -8.76 -19.25 -26.34 -1.90 -2.72 -54.35 -2.66 

 Max. 5.19 7.27 5.89 16.33 28.68 1.31 1.96 32.09 3.30 

                S. E.(Sij) 

                  CD at 5 % 

1.62 1.32 1.78 1.35 2.30 0.23 0.68 6.71 0.70 

3.17 2.58 3.48 2.64 4.50 0.45 1.33 13.15 1.37 

                CD at 1 % 4.17 3.14 4.59 3.48 5.93 0.59 1.75 17.31 1.81 

    *, ** significant at 0.05 and 0.01 levels of probability, respectively. 
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Abstract- The study investigated the optimum conditions of 

temperature, pH, metal ions, nitrogen source and carbon source 

on bacterial protease production. Protease producing bacterial 

species were isolated from marine environment located near 

Valsad. The optimum condition observed for protease 

production was  pH 9.0 in the laboratory  medium after 24 hrs 

of incubation with isolate  Vsd4. The study gave the evidence 

that this bacterial isolate could be potentially applied in enzyme 

production processes.  

Key words: Valsad, Protease enzyme, optimization of protease 

enzyme. 

I.    INTRODUCTION 

he world’s ocean’s coastline is of 312,000 km and it 

has been used since long period of time for variety of 

purposes. Marine microbes are found to a potential source 

for commercially available enzymes.  Industries require 

enzymes which are able to perform at range of physico-

chemical conditions and therefore selection of suitable 

enzymes having optimal performance at desired 

conditions is of prime importance.  Microbial protease 

represents about 60% of all the industrial enzyme’s sales 

in the world due to their applications in several industrial 

sectors (Gupte R., 2002).  The Proteolytic enzymes with 

higher activity, stability, extreme pH & temperature are 

main driving force in search of novel bacteria. Among  all 

the proteases, bacterial protease are most significant 

because of the abundance and cheap economically. 

Alkaline protease has considerable industrial appliance 

due to wide applications in food industries, silver 

recovery, detergent, waste water treatment, etc. This 

organism can be exploited because of its ability to 

produce important compound which can be used for 

industrial application. The focus of this study is to 

determine such activity and to identify its role for 

production of industrially valuable compound. The 

present study is aimed at isolation and determining the 

optimum condition for protease activity. 

 

II.  MATERIALS  AND METHODS  

A. Sample collection and enrichment techniques 

Soil, sediment and water samples were collected from 

Tithal beach located at Valsad , in South Gujarat coastal 

area . Soil and sediment samples were collected in 

separate polythene bags and water samples were collected 

in sterile container and transported to the laboratory as 

soon as possible. The samples were processed within four 

hours of collection by enriching in marine broth prepared 

in sea water and allowed to remain on a mechanical 

shaker for 2- 3h at 150 rpm. 

B. Isolation of Marine Bactria 

A serial dilution method has been followed after 

enrichment method for isolation of marine bacteria. The 

samples were plated on marine agar plates and the plates 

were incubated at 37°C for 2- 3 days. After incubation the 

isolates were stored on nutrient agar slants at 4°C for 

further uses. Twenty one isolates were purified for 

protease production. 

C. Screening for Extra cellular enzymes  

All the isolates were screened for the extracellular enzyme 

protease on Skim milk Agar plate and then incubated for 

48 hrs for hydrolysis of protein. After incubation for 2 

days, a clear hydrolytic zone formed isolates were 

selected for further studies & maintained on marine agar 

slants. The isolates were screened for protease production. 

Then, potential isolates was/were analyzed for its 

production at lab scale.  

D. Production of Protease medium 

One of the bacterial isolates named as DN2/ was selected 

and used in this study. For protease enzyme production 

media containing glucose 0.5% (W/%), peptone 1 g, 

FeSO4. 7H2O 0.1 g, KH2PO4 0.5 g, MgSO4 0.5 g, and 

NaCl 3 g at pH 7.0 (N.S.Nisha, 2014) was used. Inoculum 

was developed in marine broth for 24h. 1% inoculums 

was added to 50 ml of the production medium and then 

the flaks were incubated at 37°C for 48h. The samples 

were withdrawn after fermentation and centrifuged for 15 

min at 5000 rpm. Then, the supernatant has been used as 

crude enzyme for protease assay. 

E. Protease Assay 

Ten ml of the culture medium was taken for centrifuge 

from which take  3 ml supernatant, 3 ml phosphate buffer, 

3 ml 1% casein as substrate .this mixture was incubated 

for 30 min at 37°C. Then, 2 ml 20% TCA was added. 

Again the mixture was further incubated for 30 min at 

room temperature. By adding this precipitation formed so 

after incubation period the mixture was centrifuged to get 

supernatant. 

Then, take 1 ml supernatant, 2 ml 20% sodium carbonate , 

mix it well & then add 1 ml Folin ciocalteu reagent 

(1:10). Mix well & incubate it at room temp for 30 min.  

To this add 6 ml DW to stop the reaction & absorbance 

was read at 660 nm using UV viz spectrophotometer 

T 
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against a reagent blank using a tyrosine standard (Lowry 

et al., 1951). 

F. Optimization of protease enzyme activity 

Effect of pH on protease production 

Adjust the production medium for optimizing the pH for 

protease production to different pH value. For which the 

production medium was separately prepared at pH 6,7,8,9, 

and 10. The production medium was inoculated with 

potential isolate and incubated at 37°C. 

Effect of temperature on protease medium  

The production medium was adjusted at pH 9 and was 

inoculated with selected bacterial strain. The production 

medium was incubated at different temperatures from 37 

and 50°C for 48h.  

Effect of carbon sources on protease production 

Activity of the alkaline protease was determined by 

carrying out at different temperatures viz., 37°C & 50°C. 

The production medium was inoculated with bacterial 

strain and then incubated at different temperature.  

Effect of nitrogen sources on protease production 

Different nitrogen sources like casein, yeast extract, 

peptone, urea, ammonium chloride were used to 

determine their effect on protease production. 

Effect of metal ions on protease production 

The metal ions can influence the production of protease 

and it was determined by supplying with different metal 

ions such as KCL, MnSO4, CaCl2, and CuSO4. 

III. RESULTS AND DISCUSSION 

     Twenty one bacterial strains were isolated form marine 

soil and water samples. All the isolates were screened for 

protease production by agar plate method. Out of twenty 

one 10 isolates produced protease enzymes, but one 

isolate gave maximum zone of hydrolysis on skimmed 

milk agar plate. 

Isolation and Screening of Bacterial strain 

In this study, a protease enzyme was produced by a 

bacterial strain Vsd4 isolated from coastal area of Valsad, 

Gujarat, India. This strain was as Gram Positive, aerobes, 

positive for catalase & positive for oxidase. 

Morphological characteristics of the Potential Isolate 

Tests Results 

Pigments Yellow 

Gram reaction Positive  

Cell shape Cocci 

Motility Non – motile  

Biochemical and phenotypic characterization 

Tests Results 

Gram stain + 

Motility - 

Catalase + 

Oxidase + 

Indole production - 

Methyl Red - 

V – P Test - 

Citrate test - 

H2S Production - 

Urea Hydrolysis - 

Phenylalanine deaminase - 

Gelatin Hydrolysis + 

Sugar Fermentation  

D – Glucose + 

D – Fructose - 

D – Lactose - 

Maltose - 

Mannitol - 

Xylose + 

Nitrate Reduction - 

Lipase production + 

 

Effect of pH on protease activity 

In the present study, the effect of pH on protease 

production by isolate revealed that the optimal pH was 9 

which have 7.52 U/ml. The protease production was 

reduced at higher pH like 10. (Figure 1). This gives the 

attribution that as pH increases much higher then 

inactivation of enzyme would be occurred. (Tsujibo et al., 

1990; Mukesh Kumar et al., 2012). 

Effect of temperature on protease activity 

The effect of temperature on protease production showed 

that the maximum protease activity was found at 37°C 

(7.42 U/ml) and minimum activity has been observed at 

70°C (2.1 U/ml). At higher temperature the protein and 

nucleic acids would be denatured. So at higher 

temperature the inactivation of protein would be carried 

out. (Figure 1) 

Effect of Carbon sources on protease production 

There were five different carbon sources have been used 

for determination of protease production. After 

harvesting, the maximum protease activity was observed 

in glucose (7.89 U/ml) than the other carbon source like 

fructose, lactose, sucrose, maltose (Figure 3). 

Effect of nitrogen sources on protease activity 
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The nitrogen source is an important source for the growth 

of organism which favors higher enzyme or metabolites 

production (N.S. Nisha et al., 2014). In this present study 

organic nitrogen source has higher protease production 

than the inorganic nitrogen compounds. (Figure 4) 

Effect of metal ions on the protease activity 

The effect of various metal ions on the protease 

production was observed. The protease enzyme activity 

was enhanced by supplementing Calcium carbonate and 

Potassium chloride. The enzyme activity was enhanced by 

adding K
+
, Ca

+2
 salts to the medium for better protease 

production. By adding Manganese sulphate would be 

decreased the protease production. (Figure 5)  

  

                          

 

Enzyme Activity vs. Temperature (Figure 2) 

 

Enzyme Activity vs. Carbon Sources (Figure 3) 

 

Nitrogen Sources Vs Enzyme Activity (Figure 4) 

 

Metal Ions Vs Enzyme Activity (Figure 5) 
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Enzyme Activity vs. Nitrogen Sources (Figure 3) 

IV. CONCLUSION 

The marine source gives a wider scope of isolating 

potential microorganisms which can withstand wider 

change in physiocochemical conditions and producing 

economically favorable enzyme production. The use of 

glucose as a carbon source and organic nitrogen as 

nitrogen source increased the enzyme production. The 

addition of metal ions like K and Ca salts increased the 

production of enzyme.  The isolate Vsd4 can be further 

exploited for the protease enzyme production and scaled 

up for its industrial application.  
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Abstract:- Microbial degradation of malachite green was 

investigated by performing isolation of potential microbes 

from the dye contaminated soil samples. Bushnell-Haas 

medium embedded with 100ppm filter sterilized malachite 

green(pH 8.0) was used for the isolation. Among different 

isolates bacterium coded as SR0 was found to be more 

potential. Biodecolorization study indicates that 68 to70% of 

decolorization was found with SR0. Studies with physico-

chemical parameter indicates that the presence of nitrogen 

source, pH 7.0, 8.0 and shaking conditions at 37oC 

temperature were more suitable for the higher 

decolorization of malachite green. 

I. INTRODUCION 

yes are the chemical compounds used in textile 

industries. Malachite green, a triphenylmehtan dye is 

widely used in various applications (Pershetti et al., 

2006). Dye containing effluent has been treated using 

either chemical or physical methods, which are expensive 

and difficult to operate (Shah et al., 2013). Economic and 

safe removal of dyes from an effluent is still a bigger 

challenge and issue. In an environment, microorganisms 

have an indigenous capacity to grow in the presence of 

complex compounds. Literature review indicates 

numerous bacteria, fungi were able to decolorize as well 

as degrade the dye compounds. According to this, 

biological method must be an alternative method of 

choice because of its eco-friendly products (Acuner et al., 

2004; Akshu et al., 2003; Anjali et al., 2004). In recent 

days, researchers are mostly interested to isolate and 

identify the microbes which can degrade as well as 

decolorize the dye components. Thus, the present study 

deals to isolate potential dye decolorizing and degrading 

bacteria from dye containing effluent, optimization of 

physic-chemical parameters to stimulate the process. 

II. MATERIALS AND METHODS 

 

A. Enrichment and Isolation of dye decolorizing 

microbes 

Acclimatization of microbes from the samples was carried 

out by inoculating 5.0ml of prepared sample in Bushnell 

Haas medium (Magnesium suphate, 0.2; Calcium 

chloride, 0.02; Monopotassium phosphate,1.0; 

Dipotassium phosphate, 1.0; Ammonium nitrate, 1.0; 

Ferric chloride, 0.05; distilled water 1000ml) embedded 

filter sterilized 10ppm dye , pH 8.0 (Bhatt et al., 2012). It 

was kept at 120 rpm at room temperature for two days. 

This enriched culture was streaked on Bushnell Haas agar 

medium mentioned as above. Plates were kept at room 

temperature for two days. Each of the bacterial strains was 

isolated and purified on nutrient agar medium and 

preserved at 4
o
C temperature. 

B. Screening of potential dye degrading bacteria 

Screening of potential microbes were carried out by tube 

and plate method described by Syed et al.,(2009) and  

respectively. For, tube method, Bushnell Haas medium 

was embedded with different concentration ranging from 

10 to 400ppm of filer sterilized dye, pH 8.0.  5.0ml of 

above     mention    medium     was inoculated with 1.0ml 

of each bacterial suspension. All tubes and plates were 

kept for 24 hours at room temperature. 

Plate method 

Cup made by using cup borer on Bushnell Haas Agar 

embedded with 100 ppm dye and microorganism solution 

added in cup and incubate at 37
0
C for 24 hr .Bacterial 

strain capable to decolorize high concentration of dye was 

used for further studies. 

C. Dyes and Chemicals 

All media component and chemicals are analytical grade 

and purchased from Hi-media laboratories(Mumbai, 

India). Malachite green was purchased from Loba chemie 

Pvt. Ltd. 

D. Sample collection and its preparation 

Soil contaminated with dye effluent was collected from      

. Each sample was preserved in sterile glass bottles at 4
o
C 

temperature. Sample preparation was carried out by 

inoculating 1.0gm of soil samples in 100ml of sterile 

distilled water. Keep it for 3 to 4 hours for 

homogenization. Centrifuge it at 10,000 rpm for 10 

minutes. Collect the supernatant and used it for further 

studies.  

 E. Decolorizing experiment  

Decolorizing study was performed according to Parsetthi 

et al., 2006. Enriched culture grown (24 hours old) in 

Bushnell Haas medium embedded with 100 ppm dye, pH 

D 
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8.0 was used for the study. 5% (v/v) culture was added 

into the 250ml flask containing 100ml above mentioned 

sterile medium. It was kept at 37
0
C temperature at 120 

rpm for 48 hours. At specific time interval (24 hours), 

10ml sample was withdrawn and centrifuged at 

10,000rpm for 10 minutes. Supernatant was collected and 

used for the analysis of pH, optimal density to measure 

the dye concentration etc. Measurement of cell biomass 

was performed by collecting the cell pellet and washed 

twice with sterile normal saline. 

Percentage of dye decolorization was calculated according 

to the following formula (Sahasrabudhe et al., 2011); 

% of dye decolorization  = 

Initial absorbance – Observed    

absorbance_____________× 100             

    Initial absorbance 

F. Effect of physico-chemical factors on biodecolorization  

Decolorization is based on the environmental conditions 

provided to the microbes. Thus, experiment was carried 

out by performing the effect of various physic-chemical 

parameters. The design of the experiment was done using 

the parameters like effect of pH(5.0,6.0,7.0,8.0,9.0), 

temperature (37,55
o
C) addition of 1% different 

carbon(glucose, maltose, lactose, starch sucrose), nitrogen 

sources(yeast extract, peptone, urea, casein, ammonium 

sulfate) and static as well as shaking conditions (Ramizani 

et al., 2013).  

G. Analytical methods 

Dye concentration was measured by its optimal density at 

610 nm. Growth behavior was observed by taking its OD 

at 600nm. pH was measured using pH electrode. Each 

experiment was performed in triplicate with its respective 

controls. 

RESULTS AND DISCUSSION 

Collection of the samples and isolation of the bacterial 

strains 

All the effluent samples collected from the industrial sites 

of Ankleshwar, Surat, Navsari and Vapi gave  the growth 

of varied type of bacteria. Ten different isolates exhibiting 

different morphological and cultural characteristics were 

selected and further isolated. Isolate AK3, AK7 VP4, 

VP9, SR4, SR7, SR0, NV2, NV5 and NV8 were further 

screened for their efficiency of dye decolourization.     

Screening for dye decolorizing isolates 

The isolates were screened for their dye decolorizing 

capabilities for malachite green on solid media by 

observing the zone of decolorization. Isolate no. AK3, 

VP4, VP9, SR7 and SR0 gave positive results (Table 1). 

The isolate SR0 showed  efficient decolourization of dye 

and was further screened for the optimum  decolourization 

of malachite green. 

Table 1 :  Screening of Bacterial isolates for dye 

decolorization 

 

Sr.  No.  Isolates Decolorization of dye 

1. AK3 + 

2. AK7 - 

3. VP4 + 

4. VP9 + 

5. SR4 - 

6. SR7 + 

7. SR0 + 

8. NV2 - 

9. NV5 - 

10. NV8 - 

 

Screening for Maximum dye decolorization  

Isolate SR0 was screened for its capability of dye 

decolourization at a varied dye concentrations ranging 

from 10 ppm to 400 ppm after 24 hrs and 48 hrs. The 

highest decolourization was seen maximum at a dye 

concentration of 100 ppm at 24 hrs (56%) as well as 48 

hrs (61%). Decolourization upto 50 %  was also seen at 

200 ppm as well as 400 ppm.  

 

Table 2 : Qualitative data of dye decolourization 
 

 

 

 

 

 

 

 
  Concentration of dye (ppm) 

Isolate Time 

(hrs) 

 

10 20 30 40 50 60 70 80 90 100 200 400 

SR0 
24  +3 +3 +3 +3 +2 +2 +2 +2 +2 +2 +1 +1 

48 +3 +3 +3 +3 +2 +2 +2 +2 +2 +3 +1 +1 
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Optimization of Parameters for dye decolourization 

Effect of substrate variation on dye decolourization 

efficiency 

Table 3 indicates the results of optimization for the dye 

decolorization efficiency for the C source, N source,  

physical parameters of pH, Temperature as well as static 

and shaking conditions (Panewad et al.,2000). On varying 

the carbon source the % decolorization showed a varied 

result (Oranusi et al.,2005). Maximum decolorization was 

obtained when the carbon source used was Lactose 

(74.7%) Sucrose (73.2 %) compared to the other carbon 

sources Fructose, Glucose and maltose. Compared to the 

alternative C sources, the variation in Nitrogen sources 

gave greater decolorization efficiency. Caesin gave 

maximum % decolorization of 97.33% while yeast extract 

showed 93%.  

Table 3 : Effect  of Carbon and Nitrogen source on dye decolorization 

 

Sr. no. C   sources %   decolorization N sources %   decolorization 

1. Glucose 67.8 Peptone 80.0 

2. Sucrose 73.2 Yeast extract 93.0 

3. Maltose 68.0 Casein 97.33 

4. Lactose 74.7 Amm. sulfate  63.3 

5. Fructose 63.0 Urea 89.6 

 

Graph 1 : 

 

Effect of Physical parameters on decolourization 

efficiency 

The variation in pH seems to have a profound effect on 

the decolourization efficiency of the isolate SR0. 

Maximum dye decolourization (85.3%) is observed at an 

alkaline pH 8 (Le Goff et al.,2008)  as well as neutral pH 

7(80%) while acidic pH doesn’t seem to increase the 

decolourization. The % dye decolorization  showed 

variation with variation in temperature (Cetin et al., 2006 ; 

Varel et al., 1980). The optimum temperature for efficient  

decolourization of malachite green is 37c.   

 

Table 4 : Effect of physical parameters on dye decolorization 

Sr. no. pH %  decolorization Temperature (˚c) %  decolorization 

1. 6.0 50 27 55 

2. 7.0 80 37 74 

3. 8.0 85.3 55 60 

 

Series  1 - Carbon 

Source 

Series  3 – 

Nitrogen  
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Graph 2 : 

 

Effect of static and shaking conditions  

The  static and shaking conditions showed a profound 

effect on the dye decolourization efficiency (Chen et 

al.,2009) Variation in the dye decolourization efficiency 

was also seen when the SR0 isolate was kept in static and 

shaking conditions keeping the pH 7 and 37c. The 

efficiency of decolourization was observed higher when 

the medium was kept on shaking conditions for 24 hrs as 

well as 48 hrs.  

CONCLUSION 

The above results of decolourizing the malachite green 

varying the different parameters would lead to an 

effective bioremediation of dye. Combining the lactose as 

a carbon source,  casein as nitrogen source and keeping 

alkaline pH  would be an effective decolourization means 

of malachite green. The mesophilic range of temperature  

is suitable for dye decolourization is indicative of no 

additional need for maintaining higher temperature 

proving to be more economical measure. The further 

characterization of SR0 strain as well as optimization will 

prove an effective means of bioremediation  and an 

ecofriendly measure of removing the toxicity of dye from 

industrial effluent. 
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Abstract: - Wood is an important source to human beings for 

many years & it is especially an integral part of the cultural, 

social and economic traditions of many societies. Wood chips are 

pulped to make paper. Most of the papers are made from 

softwood trees such as fir, pine and arhar. Wood is one of the 

most important building materials. The machine consists of 

human powered flywheel motor as an energy source. The hpfm 

comprises of subsystems like human powered process unit, 

appropriate clutch and transmission and a process unit. Energy 

unit consists of bicycle-drive mechanism with speed increasing 

gearing, appropriate clutch transmission and a flywheel. The 

operator drives the bicycle by pedaling the mechanism while 

clutch is in disengage position. The hpfm is energy source. This 

energy source energizes the process unit through clutch and 

transmission. The flywheel is accelerate and energies which 

stores some energy inside it. When the pedaling is stopped, clutch 

is engaged and stores energy in the flywheel is transferred to the 

process unit input shaft by means of clutch. The process unit is 

wood chipper unit which comprises of upper & lower in feed & 

feed out rollers, counter knife, adjusting knobs, helical spur gear 

train, foundation frame and knuckle and pipe joint. 

 
Keywords: - Wood, Wood Chips, processing machinery, Flywheel, 

HPFM 

 
I. INTRODUCTION & OVERVIEW 

 
ood is an important source to human beings for many 

years & it is especially an integral part of the cultural, 

social and economic traditions of many societies. Vidarbha 

region is forest intensive area where wood is regular & easily 

available product. Wood chips are pulped to make paper. 

Most of the papers are made from softwood trees such as fir, 

pine and arhar. Paper has been important to write and print on. 

Without it we would not have books, magazines or 

newspapers. Wood is one of the most important building 

materials. The machine consists of human powered flywheel 

motor as an energy source. The human powered flywheel 

motor comprises of subsystems like human powered process 

unit, appropriate clutch and transmission and a process unit. 

Energy unit consists of bicycle-drive mechanism with speed 

increasing gearing, appropriate clutch transmission and a 

flywheel. The operator pumps energy to the flywheel at a 

convenient input power level. After enough energy is stored, 

pedaling is stopped and the energy in the flywheel is made 

available to the process unit by engaging the clutch. 

II.  AIM, OBJECTIVE AND SCOPE 
 

Due to rapid industrialization coupled with limitations on 
additional power generation and non-availability of power in 
the interior area, India is facing problems of power shortage. 
In this context the sources of energy is human power 
operated systems which are considered to be one of the form 
of non-conventional energy sources. Thus in this aspect, this 
work aims at developing approximate generalized 
experimental data based model for wood chipper cutter by 
means of human powered flywheel motor. The machine so 
developed is expected to have better quality of product of 
wood chips. At the same time the processing will be more 
efficient and more energy efficient. A new human power 
operated machine or unit will be fabricated based on 
improved design and will be tested for the performance.  

This research work is selected with following objectives 
and reasons: Cutting of trees is major responsible factor for 
global warming, the increasing issues of farmer suicide in 
ruler areas, unemployment & non profitable production. The 
major objectives are possibility of formulation of 
mathematical model for assessment of wood chipping 
properties and development of such model and possibility of 
formulation of Artificial Neural Network model for 
assessment of wood chipping properties and development of 
such model.  

Vidarbha region is forest intensive area having large part 
of it covered with dense forest. Wood is regular product of the 
local forest. Large varieties of local industries utilize wood as 
a raw material for manufacturing goods which are mainly 
value added products. Large numbers of these products are 
exported. So it is the source of foreign exchange for the 
country. At the same time it is a labor intensive industry, 
having potential to provide gainful employment to large 
section of rural and forest population which is also in the 
interest of economical development. The main theme involved 
in this work is to formulate approximate generalized 
experimental data based model for wood chipper cutter using 
human powered flywheel motor in a single unit.  

This machine is very useful in rural areas because wood 
articles have very high demand in rural market. So, they can 
start their own business of making wood chips by purchasing 
this machine. As it is operated by human powered flywheel, it 
does not require electric power. The unit operating by means 
of electricity has limited applications in the rural area. In 

W 
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remote and interior places where there is no facility of 
electricity as well as in urban areas, while in the duration of 
load shading or during electrical power-off timings, this type 
of human power operated unit will have very extensive utility.  

In the view of forgoing it is obvious that one will have to 
decide what should be the minimum processing torque and 
cutting force required and energy to be supplied to the system 
for getting appropriate sizes of processed wood in minimum 
time. By knowing this, one can establish wood machining 
properties. This would be possible if one can have a 
quantitative relationship amongst various dependent and 
independent variables of the system. This relationship would 
be known as the mathematical model of this wood chipper 
cutting operation. It is well known that such a model for the 
wood chipping cannot be formulated applying logic. The only 
option with which one is left is to formulate an experimental 
data based model [1]. Hence in this investigation, it is decided 
to formulate such an experimental data based model. In this 
approach all the independent variable will be varied over a 
widest possible range, a response data will be collected and an 
analytical relationship will be established. Once such a 
relationship is established then the technique of optimization 
[2] will be applied to deduce the values of independent 
variables at which the necessary responses will be minimized 
or maximized. Hence in this research, it is decided to make 
conformity about functional feasibility and economic viability 
of human powered unit for wood chipper cutter machine. This 
aims to establish the energized experimental model by means 
of human powered flywheel motor for chips cutting from 
wood 

 
III. WORKING OF THE SYSTEM 

 
The operator drives the bicycle by pedaling the 

mechanism while clutch is in disengage position. The human 
power operated flywheel motor is energy source. This energy 
source energizes the process unit through clutch and 
transmission. The flywheel is accelerate and energies which 
stores some energy inside it. When the pedaling is stop, clutch 
is engage and store energy in the flywheel is transferred to the 
process unit input shaft by means of clutch. The process unit 
is wood chipper unit which comprises of upper & lower in 
feed & feed out rollers, counter knife, adjusting knobs, helical 
spur gear train, foundation frame and knuckle and pipe joint. 
[3, 4-7] 

 
Figure1: Schematic Arrangement of human powered Wood Chipper Cutter 
Unit 1-Chain Sprocket, 2- Pedal, 3- Chain, 4- Freewheel, 5 & 6- Bearing for 

bicycle, 7-Gear I, 8- Bearing, 9- Tachogenerator for flywheel shaft, 10- 
Pinion I, 11- Bearing for flywheel shaft, 12- Flywheel, 13- Bearing for 
flywheel, 14- Two jaw Clutch, 15 & 16- Bearing of intermediate shaft, 17- 
Pinion II, 18- Gear-II, 19 & 20- Bearing for process unit shaft, 21- Coupling, 
22- Process Unit.  

When the input shaft is rotated by means of energy 
transferred by the flywheel with the help of clutch, the pulley 
keyed to the input shaft starts to rotate due to which the 
rollers are driven by knuckle and pipe joint through helical 
spur gear train which is keyed to shaft. The shafts of the 
rollers are supported in brass bush bearings which are fixed in 
spring loaded housing to accommodate any size of wood. The 
wood or crop stem is fed and guided through the feeder which 
is fixed before pull-in arbor type rollers at the front end of 
process unit i.e. chipper cutting unit. When the wood is fed 
through the feeder and pull-in rollers of chipper cutting unit, it 
passes through rotating pull-in rollers and due to the force 
given by pull-in rollers, that wood passes through the rotating 
push-out rollers and when this wood comes out of push-out 
rollers, it strikes to chipper cutter which is fitted just after 
push-out rollers. By positioning the cutter in downward 
direction, the chips are cut from wood. The thickness of chip 
is adjusted by adjusting the position of wood by moving the 
chipper cutter up and down by means of studs fixed to the 
cutter frame. For continuous contact between the wood and 
cutter, a spring tension of the springs fitted over the bearing 
housing is adjusted by tightening and loosening the adjusting 
knobs. This helps in adjusting any size of wood chips [8]. 

 
 

Figure 2: Main proposed process unit of wood chipper cutter machine 
showing the inlet and outlet manifold from different views. 

 

 
Figure 3: Bicycle mechanism with flywheel as energy unit with mechanical 

power transmission from input to the output by means of mechanical 
component like chains, shaft, gears, flywheel & coupling. 

 
IV. IDENTIFICATION OF VARIABLES 

 
The term variables are used in a very general sense to 

apply any physical quantity that undergoes change[8]. The 
various physical quantities or parameters involved in the 
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process of wood chipping will be identified. The variables 
affecting the effectiveness of the phenomenon under 
consideration might be speed, cutter dimensions, cross section 
of material to be processed, elasticity of material , cutting 
angle, feed and power .The dependent or the response 
variables in this case are :-  
a) Processing Torque  

b) Processing Energy and   
c) Processing Time  
 

4.1 Dimensional Equations: 
 

The dimensional equations will be established in reduced 
or compact mode in order to make the complete 
experimentation process less time taking having generation of 
optimum data. Buckingham π Theorem will be used for 
dimensional analysis.  
No of variables consider for dimensional analysis as 

mentioned in Table 1. 

                                             Table 1:  Variables related to Wood Chipping Operation

 

Sr. No Variables Symbols Fundamental Equation Dependent / Independent 

1 Processing Torque Tp ML 
2
T 

-2
 Dependent 

2 Processing Energy Ep ML 
2
T 

-2
 Dependent 

3 Processing Time tp T Dependent 

4 Mass of the material Mm N Independent 

5 Diameter of the cutter Dc L Independent 

6 Thickness of cutter tc L Independent 

7 Length of the cutter Lc L Independent 

8 Speed of the cutter Nc T-1 Independent 

9 Modules of elasticity Em ML -1 T -2 Independent 

 of Material    

10 Modules of elasticity Ec ML -1 T -2 Independent 

 of Cutter    

11 Cutting angle Ø - Independent 

12 Feed of the material Fm LT
-1

 Independent 

 
The Buckingham’s Π- Theorem is used for the dimensional 
analysis of proposed machine after identifying the 
dependant and independent variables. The process of 
dimensional analysis is followed step by step as explained 
below:  

The processing torque, Tp is function of Mass of wood (Mm), 
Diameter of Cutter (Dc), Length of the cutter (Lc), Thickness 
of the cutter (Tc), Speed of the cutter (Nc), Modulus of  

elasticity of wood (Em), Modulus of elasticity of cutter (Ec),  
 
 

Cutting angle of cutter (Φc). Thus processing torque, Tp is 
dependent variable and others are independent variables.  
Tp = Function of (Mm, Dc, tc, Lc, Nc, Ø, Fm, Em, Ec) Ep = 

Function of (Mm, Dc, tc, Lc, Nc, Ø, Fm, Em, Ec)  

Tp = Function of (Mm, Dc, tc, Lc, Nc, Ø, Fm, Em, Ec)  
Considering mass of the material (Mm) Speed of the Cutter 
(Nc) & Diameter of the cuter (Dc) as the repeating variables 
we get the π Equations as: 

 

 

1) Π1 = (Mm)
a1

, (Nc)
b1

, (Dc)
c1

, (Tp) ------------------------ (1) 
 

 Π1 = (M) 
a1

, (T
-1

) 
b1

, (L)
c1

, (ML 
2
T 

-2
)    

 

 M
0
L

0
T

0
 = (M) 

a1
, (T

-1
) 

b1
, (L)

c1
, (ML 

2
T 

-2
)    

 

 Power of M = 0,   Power of L = 0,   Power of T = 0, 
 

 0 = a1 + 1     0 = c1 + 2   0 = -b1 -2 
 

 a1 = -1      c1 = -2   b1 = -2 
 

 Putting values of a1, b1, and c1 in equation (1)    
 

 Π1 = Mm
-1

, Nc
-2

, Dc
-2

, Tp       
 

 
Π1 = 

   Tp       
 

 

           

  2 
, Dc 

2     
 

     Mm, Nc      
 

2) Π2 = (Mm)
a2

, (Nc)
b2

, (Dc)
c2

, (tc) ------------------------ (2) 
 

 Π2 = (M) 
a2

, (T
-1

) 
b2

, (L)
c2

, L      
 

 M
0
L

0
T

0
 = (M) 

a2
, (T

-1
) 

b2
, (L)

c2
, L    
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 Power of M = 0   Power of L = 0   Power of T = 0 
 

 0 = a2      0 = c1 + 1   0 = -b2 
 

 a2 = 0      c2 = -1   b2 = 0 
 

 Putting values of a2, b2, and c2 in equation (2)    
 

 Π2 = Mm
0
, Nc

0
, Dc

-1
, tc       

 

 
Π2 = 

 tc         
 

            

  

Dc 
        

 

            
 

3) Π3 = (Mm)
a3

, (Nc)
b3

, (Dc)
c3

, (Lc) ------------------------ (3) 
 

 Π3 = (M) 
a3

, (T
-1

) 
b3

, (L)
c3

, L   
 

 M
0
L

0
T

0
 = (M) 

a3
, (T

-1
) 

b3
, (L)

c3
, L   

 

 Power of M = 0    Power of L = 0  Power of T = 0 
 

 0 = a3         0 = c3 + 1  0 = -b3 
 

 a3 = 0         c3 = -1  b3 = 0 
 

 Putting values of a3, b3, and c3 in equation (3)   
 

 Π3 = Mm
0
, Nc

0
, Dc

-1
, L     

 

 
Π3 = 

   L        
 

    

Dc 
      

 

            
 

              
 

 Π4   = Ø            
 

           

5) Π5 = (Mm)
a5

, (Nc)
b5

, (Dc)
c5

, (Fm) ------------------------ (4) 
 

 Π5 = (M) 
a5

, (T
-1

) 
b5

, (L)
c5

, LT
-1

   
 

 M
0
L

0
T

0
 = (M) 

a5
, (T

-1
) 

b5
, (L)

c5
, LT

-1
   

 

 Power of M = 0    Power of L = 0  Power of T = 0 
 

 0 = a5         0 = c5 + 1  0 = -b3 -1 
 

 a5 = 0         c5 = -1  b5 = -1 
 

 Putting values of a5, b5, and c5 in equation (4)   
 

 Π5 = (Mm)
0
, (Nc)

-1
, (Dc)

-1
, (Fm)   

 

 
Π5 = 

    Fm      
 

    

Nc. Dc      
 

           
 

6) Π6 = (Mm)
a6

, (Nc)
b6

, (Dc)
c6

, (Em) ------------------------ (5) 
 

 Π6 = (M) 
a6

, (T
-1

) 
b6

, (L)
c6

, ML 
-1

 T 
-2

   
 

 M
0
L

0
T

0
 = (M) 

a6
, (T

-1
) 

b6
, (L)

c6
, ML 

-1
 T 

-2
   

 

 Power of M = 0    Power of L = 0  Power of T = 0 
 

 0 = a6 +1      0 = c6 - 1  0 = -b3 -2 
 

 a6 = -1         c6 = 1  b6 = -2 
 

 Putting values of a6, b6, and c6 in equation (5)   
 

 Π6 = (Mm)
-1

, (Nc)
-2

, (Dc)
1
, (Em)   

 

 
Π6 = 

     Em. Dc     
 

     

Mm. Nc
2
 

   
 

          
 

7) Π7 = (Mm)
a7

, (Nc)
b7

, (Dc)
c7

, (Ec) ------------------------ (6) 
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 Power of M = 0    Power of L = 0  Power of T = 0 
 

 0 = a7 +1      0 = c7 - 1  0 = -b3 -2 
 

 a7 = -1         c7 = 1  b7 = -2 
 

 Putting values of a7, b7, and c7 in equation (6) we get 
 

 Π6 = (Mm)
-1

, (Nc)
-2

, (Dc)
1
, (Ec)   
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Tp = f (Mm, Dc, tc, Lc, Nc, Ø, Fm, Em, Ec) 
Tp = f (Π1, Π2, Π3, Π4, Π5, Π6, Π7) 

Replacing the values of all the Π terms in above all 6 equations we get Tp as 

 

 
 

Dimensional Equation for Processing Energy (Ep) 
Ep = f (Mm, Dc, tc, Lc, Nc, Ø, Fm, Em, Ec) 
Ep = f (Π1, Π2, Π3, Π4, Π5, Π6, Π7)   

 

1) Π1 = (Mm)
a1

, (Nc)
b1

, (Dc)
c1

, (Ep) ------------------------ (7) 
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, (T
-1
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2
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Power of M = 0,  Power of L = 0,  Power of T = 0, 
 

0 = a1 + 1  0 = c1 + 2  0 = -b1 -2 
 

a1 = -1    c1 = -2  b1 = -2 
 

Putting values of a1, b1, and c1 in equation (7)   
 

Π1 = Mm
-1

, Nc
-2

, Dc
-2

, Ep   
 

Π1 = 
 Ep    

 

 

Mm, Nc
2
, Dc

2
 

   
 

      
 

As we know Ep = f (Mm, Dc, tc, Lc, Nc, Ø, Fm, Em, Ec) 
 

 

Ep = f (Π1, Π2, Π3, Π4, Π5, Π6, Π7) 
Replacing the values of all the Π1 from above equation and remaining Π values from equation 1-5 we get “Ep” as 

 

Dimensional Equation for Processing Time (tp)  
As we know tp = f (Mm, Dc, tc, Lc, Nc, Ø, Fm, Em, Ec) tp = f (Π1, Π2, Π3, Π4, Π5, Π6, Π7) 

1) Π1 = (Mm)
a1

, (Nc)
b1

, (Dc)
c1

, (tp) ------------------------ (13) 
Π1 = (M) 

a1
, (T

-1
) 

b1
, (L)

c1
, (T)   

M
0
L

0
T

0
 = (M) 

a1
, (T

-1
) 

b1
, (L)

c1
, (T)   

Power of M = 0,  Power of L = 0,  Power of T = 0, 
0 = a1   0 = c1  0 = -b1 +1 
a1 = 0   c1 = 0  b1 = 1 
Putting values of a1, b1, and c1 in equation (13) we get 
Π1 = Mm

0
, Nc

1
, Dc

0
, tp   

Π1 = tp Nc    
       

 
As we know tp = f (Mm, Dc, tc, Lc, Nc, Ø, Fm, Em, Ec) 
tp = f (Π1, Π2, Π3, Π4, Π5, Π6, Π7)  
Replacing the values of all the Π1 from above equation and remaining Π values from equation 1-5 we get “tp” as 
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V.  FURTHER RESEARCH METHODOLOGY TO FORM 

EXPERIMENTAL DATA BASED MODEL 
 

Thus in this way the dimensional equations are 
established in reduced or compact mode in order to make the 
complete experimentation process less time taking having 
generation of optimum data.  

The experimental data will be generated for formulation 
of the mathematical model. The experimental set up will be 
designed which will include the measurement of processing 
torque, processing time and angular velocity at outlet using 
specially designed electronic kit, stop watch and tachometer 
etc. The extensive experimental data will be generated 
through experimentations for which the test envelope, test 
points and plan of experimentation will be decided. The 
indices of mathematical model will be formulated using 
regression analysis. The analysis technique implemented for 
this work will comprise of sensitivity analysis, determination 
of limiting values, optimization, reliability and AI technique 
will be used to establish ANN model and to reduce error 
between experimental and mathematical data. Based on the 
results conclusions and hypothesis will be made.  

The process of this work includes the design of 
experimentation which comprises of Test Planning, Design of 
Appropriate Instrument, Physical Design of Experimental Set 
up, Trial Experimentation, Main Experimentation, Test Data 
Checking and Rejection, Formulation of Model, Optimization 
of Model, Reliability of the Model, Application of AI 
Techniques for Model Formulation, Comparison of Models, 
Discussions of Results, Conclusions and hypothesis. 
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Abstract— The paper describes an approach for formulation of 

generalized field data based model for the process of filament 

winding. The theory of experimentation as suggested by Hilbert 

Schenck Jr. is applied. It suggests an approach of representing 

the response of any phenomenon in terms of proper interaction 

of various inputs of the phenomenon. The filament winding of 

tube/ pressure vessel made up of glass fiber reinforcement is 

considered for study which is a complex phenomenon.  

The aim of field data based modeling for filament 

winding process is to improve the performance of system by 

correcting or modifying the inputs for improving output. The 

reduction of human energy expenditure while performing axle 

assembly is main objective behind study. Reduced human energy 

consumption will increase overall productivity of assembly 

process. The work identifies major ergonomics parameters and 

other workstation related parameters which will affect the 

productivity of axle assembly process. The identified parameters 

are raw material dimensions, workstation dimensions, energy 

expenditure of workers, anthropometric data of the workers and 

working conditions. Working conditions include humidity of air, 

atmospheric temperature, noise level, intensity of light etc. at 

workstation which influence the productivity of assembly 

operation. Out of all the variables identified, dependant and 

independent variables of the axle  

Manufacturing system are identified. The nos. of 

variables involved were large so they are reduced using 

dimensional analysis into few dimensionless pi terms. 

Buckingham pi theorem is used to establish dimensional 

equations to exhibit relationships between dependent terms and 

independent terms. A mathematical relationship is established 

between output parameters and input. The mathematical 

relationship exhibit that which input variables is to be 

maximized or minimized to optimize output variables. Once 

model is formulated it can be optimized using the optimization 

technique. Sensitivity analysis is a tool which can be used to find 

out the effect of input one parameter over the other. The model 

will be useful for an entrepreneur of an industry to select 

optimized inputs so as to get targeted responses. 

 

 Keywords— FDBM; filament winding; Dimensional analysis, 

mathematical model. 

 

I. OVERVIEW OF FILAMENT WINDING 

 

ilament winding is a technique used for the manufacture 

of surfaces of revolution such as pipes, tubes, cylinders, 

and spheres and is used frequently for the construction of 

large tanks and pipe work for the chemical industry. High-

speed precise lay-down of continuous reinforcement in pre-

described patterns is the basis of the filament-winding 

method. In a filament winding process, a band of continuous 

resin impregnated rovings or monofilaments is wrapped 

around a rotating mandrel and then cured either at room 

temperature or in an oven to produce the final product. The 

technique offers high speed and precise method for placing 

many composite layers. The reinforcements may be wrapped 

in adjacent bands that are stepped the width of the band and 

which eventually cover the entire mandrel surface. The 

technique has the capacity to vary the winding tension, wind 

angle, and resin content in each layer of reinforcement until 

the desired thickness and resin content of the composite are 

obtained. The winding angle used for construction of pipes or 

tanks depends on the strength-performance requirements and 

may vary from longitudinal through helical to 

circumferential,as shown. Often combinations of patterns are 

used. The mandrel can be cylindrical, round or any shape that 

does not have re-entrant curvature. Among the applications of 

filament winding are cylindrical and spherical pressure 

vessels, pipe lines, oxygen & other gas cylinders, rocket 

motor casings, helicopter blades, large underground storage 

tanks (for gasoline, oil, salts, acids, alkalies, water etc.). The 

process is not limited to axis-symmetric structures: prismatic 

shapes and more complex parts such as tee-joints, elbows may 

be wound on machines equipped with the appropriate number 

of degrees of freedom. Modern winding machines are 

numerically controlled with higher degrees of freedom for 

laying exact number of layers of reinforcement. Mechanical 

strength of the filament wound parts not only depends on 

composition of component material but also on process 

F 
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parameters like winding angle, fibre tension, resin chemistry 

and curing cycle 

 
1.1.1 Design  model 

 

 
 

1.1.2 Process of filament winding  

 

A winding operation is the basic fabrication technique for 

forming load-bearing structural elements made of  polymer 

matrix-based fibrous composites, which have the shapes of 

bodies of revolution. A semifabricated product (uncured 

perform of previously impregnated filaments, strands, tapes 

and fabrics is wound layer by layer with controlled tension 

onto the mandrel or previous layers. By varying the angle of 

filament or tape placement, it is possible to control the 

reinforcement fiber angles within the same layer and through 

the thickness of the composite wall. During winding, fiber 

tension generates pressure between layers of uncured 

composite; this pressure influences the compaction and void 

content of the article and contributes to more complete 

utilization of the strength and stiffness of the reinforcing 

fibers. If the contact pressure is insufficient for compaction of 

the material, additional layer-by-layer compaction of  asemi 

fabricated product must be employed. The wound article must 

be converted by chemical and/or thermal means to the 

finished article. With heat treatment, the usual method, the 

temperature can be constant or can vary with time. The 

mandrel defines the internal shape of the article. It is removed 

after curing if the mandrel is not an element of the structure. 

Filament winding is a natural way to combine two-

dimensional reinforcement and, with additional processes and 

devices, three- dimensional reinforcement. Advanced 

processes, combining filament winding and braiding, allow 

fabrication of spatially sewn structures.  

The most important groups of wound articles are: thin-walled 

shells (their thickness is negligible compared to  their radius) 

 

 There are three basic types of reinforcement 

configurations: circumferential, helical and polar. There are 

up to six degrees of freedom between the mandrel and the 

wind eye in typical advanced winding machines today and 

more motions are possible. Wind eyes can have three  

additional degrees of  freedom (three rotational motions). The 

combination of several motions may allow more effective or 

rapid reinforcement placement on a complex surface. 

 

 
Circumferential or hoop winding 

 
The wind eye is stationary, except for travel along 

the length of  the mandrel at a bandwidth per revolution and 

the mandrel together with the article rotates about one axis, 

i.e. for winding of  rings, discs, profiled rings and discs (the 

ultimate case of  profiling is the winding through an opening), 

short pipes, cones and other bodies of revolution. During 

circumferential winding, the shape of a cross section is 

decided either by the shape of the mandrel or by localized 

inserts, or by varying the bandwidth additional hoop layers. 

Some large and small-scale articles have been fabricated by 

rotating the wind eye about the stationary mandrel. Circular 

rings, ellipses, ovals and other shapes can be fabricated by a 

circumferential winding technique. The wind eye reciprocates 

parallel to the axis of the rotating mandrel and the article and 

is the most common technique used for tubular structures. By 

controlling the ratio of rotational and translational speeds, it is 

possible to control  the  wind angles of  the reinforcement. 

Three other techniques can be used: one or more wind eyes 

are stationary, while the mandrel rotates and translates, the 

wind eye rotates around the translating mandrel, i.e. winding 

with a stationary whirling arm type winder which is one of the 

widely used methods of  continuous fabrication of pipe; a 

wind eye rotates round a stationary mandrel and executes a 

translational motion along its axis. Winding with a whirling 

arm type winder is a popular method of insulating metallic 

pipelines. Circumferential winding is a particular case of 

helical winding with a wind angle of close to 90" (related to 

the band- width and the mandrel diameter).  

 
Polar winding  

 

This type of winding combines several different 

winding processes. It has the same combination of  motions as 

helical winding, but the shortest axis is the axis of rotation. 

This technique combines two rotational motions. During 
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simultaneous rotation of the mandrelaround its axis and the 

wind eye around an axis nearly perpendicular to it, a race-

trackpattern is generated 

 
 

 This process enables the fabrication of vessels with different 

sized polar openings or closed ends. There are a number of 

alternative techniques. First, the wind eye executes a 

rotational motion in two planes. It is a very complex technique 

and is used only for unique articles. Second, the rotational 

motion of  the mandrel is in two planes  sometimes 

supplemented by a reciprocating motion of a wind eye or 

turning of its head.  

 
there is a group involving three motions, two of which are 

rotational in two planes and one is translational. To this group 

belong, for example, a race-track type of winding, where a 

wind eye executes a motion along a closed but not circular 

trajectory. The trajectory shape affects the variation of the 

winding angle over the surface of the article. Pendulum 

winding is analogous to lathe winding, but instead of 

translation motion of a wind eye, there is a reciprocating 

motion along a curvilinear trajectory. One version of winding 

with a whirling arm-type winder is when a wind eye rotates 

and moves along some curvilinear trajectory. Fourthly, there 

is a group involving two rotational motions executed 

alternately (a planar-polar winding). Applications of  this 

method include chord winding of composite flywheels.  

 

Dimension Analysis of Filament winding process 

Table 1. Dependent and Independent variable For Filament winding Operation 

Dependent Variable 

π Variables Symbol Unit M
0
L

0
T

0
 

Dependant/ 

Independent 
Variable/Constant 

01 
DENSITY OF  CY 

VESSEL 
ρv N/mm

3
 ML

-3
T

0
 Dependent Response Variable 

02 
Ultimate Tensile Strength 

of Cy. Vessel 
бsh N/mm

3
 ML-

1
T

-3
 Dependent Response Variable 

03 
cycle time  Component 

Processing 
tp second M

0
L

0
T-

1
 Dependent Response Variable 

04 Fibre volume ratio 60% fv % M
0
L

0
T

0
 Dependent Response Variable 

05 Weight of shell wsh kgf ML
0
T

0
 Dependent Response Variable 

1 DENSITY OF 

ACCELERATOR    

ρac N/mm
3
 ML

-3
T

0
 Independent Variable 

2 DENSITY OF 

ARALDITE       

ρar N/mm
3
 ML

-3
T

0
 Independent Variable 

3 DENSITY OF 

HARDENER     

ρhr N/mm
3
 ML

-3
T

0
 Independent Variable 

4 DENSITY OF 

PLASTICIZER    

ρpl N/mm
3
 ML

-3
T

0
 Independent Variable 

5 Specific Gravity of Glass 

Fibre 

ρg N/m
3
 ML

-3
T

0
 Independent Variable 

6 Acceleration Due to 

gravity 

g m/s
2
 M

0
L

-1
T

-2
 Independent Variable 

7 Major Dia of vessel Ds mm M
0
L

1
T

0
 Independent Variable 

8 Viscosity of HARDENER          µhr N·s/ m
2
 ML

-1
T

-1
 Independent Variable 

9 Viscosity of 

PLASTICIZER    

µpl N·s/ m
2
 ML

-1
T

-1
 Independent Variable 

10 Viscosity of µac N·s/ m
2
 ML

-1
T

-1
 Independent Variable 
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ACCELERATOR     
11 Viscosity of ARALDITE      µar N·s/ m

2
 ML

-1
T

-1
 Independent Variable 

12 modulus of elasticity of 

glass fibre  

Eg N/mm
2
 ML

-1
T

-2
 Independent Variable 

13 Tensile Stress of Glass 

Fibre 

Бg N/mm
2
 ML

-1
T

-2
 Independent Variable 

14 Pressure testing  Pt N/mm
2
 ML

-1
T

-2
 Independent Variable 

15 Carriage Speed Vs mm/s M
0
L

1
T

-1
 Independent Variable 

16 Carriage Feed fca mm/min M
0
L

1
T

-1
 Independent Variable 

17 Rotating Mandrel Speed   ωm ω=2πN/60 M
0
L

0
T

-1
 Independent Variable 

18 Minor Dia of vessel dsh mm M
0
L

1
T

0
 Independent Variable 

19 length of  vessel Ls mm M
0
L

1
T

0
 Independent Variable 

20 Thickness of Glass Fibre tf mm M
0
L

1
T

0
 Independent Variable 

21 length of Mandrel Lm mm M
0
L

1
T

0
 Independent Variable 

22 CONTENT OF 

ACCELERATOR    
Wac N M

1
L

0
T

0
 Independent Variable 

23 CONTENT OF 

ARALDITE       
War N M

1
L

0
T

0
 Independent Variable 

24 CONTENTOF 

HARDENER     
Whr N M

1
L

0
T

0
 Independent Variable 

25 CONTENT OF 

PLASTICIZER    
Wpl N M

1
L

0
T

0
 Independent Variable 

26 TEX OF GLASS FIBRE  Tx N/km ML
-1

T
0
 Independent Variable 

27 Nos. of Layers/ Roving Nro nos. M
0
L

0
T

-0
 Independent Variable 

28 Temperature of Curing 

Oven 

tC 0
0
C M

0
L

0
T

-0
 Independent Variable 

29 Angle of Roving Ørov Φc M
0
L

0
T

-0
 Independent Variable 

  

For Filament winding Operation: 

 

ρv =f(ρv, бsh, tpfv, wsh ,ρac, ρar, ρhr, ρpl, µhr, µpl, µac, µar, Eg, Бg, Pt, Vs, fca, ωm, dsh, Ls, tf, Lm, Wac, War, Whr, Wpl, tx, Nro, tC, 

Ørov,Nro,wsh, fv)  ….(Equn. 4.1) 

Consider repeating variables as (ρg), (g) & (Ds)  

No. of actual variables=26 

No. of repeating variables=3 

Therefore No. of Π terms=n-m=26-3=23 

Π1=(ρg)
a1

(g)
b1

(Ds)
c1

(ρac) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

 a1
(M

0
L

1
T

-2
)

 b1
(M

0
L

1
T

0
)

 c1
(M

1
L

-3
T

0
) 

For „M‟ 

M0=a1+1=0 

a1=-1 

For „L‟ 

L0=-3a1+b1+c1-3 

-3(-1)+(0)+c1=3 

c1 = 0 

For „T‟ 

T 0=-2b1 

b1=-0 

Π1=(ρg)
a
1(g)

b
1(Ds)

c
1(ρac) 

Π1=(ρg)
-1

(g)
0
(Ds)

0
(ρac) 

DENSITY OF ACCELERATOR  
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Similarly 

DENSITY OF ARALDITE       

 

         DENSITY OF HARDENER 

 

         DENSITY OF PLASTICIZER 

 

 

Π5=(ρg)
a
5(g)

b
5(Ds)

c
5(µhr) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

a
5(M

0
L

1
T

-2
)

 b
5(M

0
L

1
T

0
)

 c
5(M

1
L

-1
T

-1
) 

For „M‟ 

M0=
 a

5+1=0 

a
5=-1 

For „L‟ 

L0=-3a5+b5+c5-1 

C5= -njh3/2 

For „T‟ 

T 0=-2b5 

B5=-0 

Π5=(ρg)
a
5(g)

b
1(Ds)

c
1(µhr) 

Π5=(ρg)
-1

(g)
0
(Ds)

-3/2
(µhr) 

VISCOSITY OF HARDENER          

 

Similarly 

            VISCOSITY OF PLASTICIZER    

 

VISCOSITY OF ACCELERATOR     
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VISCOSITY OF ARALDITE      

 

Π9=(ρg)
a
9(g)

b
9(Ds)

c
9(Eg) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

 a
9 (M

0
L

1
T

-2
)

 b
9(M

0
L

1
T

0
)

 c
9(ML

-1
T

-2
) 

For „M‟ 

M0=
 a

9+1=0 

a
9=-1 

For „L‟ 

L0=-3a9+b9+c9-1 

C9= -1 

For „T‟ 

T 0=-2b9-2 

B9=-1 

Π9=(ρg)
a
5 (g)

b
1(Ds)

c
1(Eg) 

Π9=(ρg)
-1

(g)
-1

(Ds)
-1

(Eg) 

 

MODULUS OF ELASTICITY OF GLASS FIBER 

=  

Similarly 

TENSILE STRESS OF GLASS FIBRE 

=  

PRESSURE TESTING 

=  

Π12=(ρg)
a
12(g)

b
12(Ds)

c
12(Vs) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

 a
12 (M

0
L

1
T

-2
)

 b
12(M

0
L

1
T

0
)

 c
12(M

0
L

1
T

-1
) 

For „M‟ 

M0=0 

a
12=0 

For „L‟ 

L0=-3a12+b12+c12+1 

b12+c12= -1, C12= -1/2 

For „T‟ 

T 0=-2b12-1 

B12=-1/2 

Π12=(ρg)
a
12 (g)

b
12(D12)

c
12(Vs) 

Π12=(ρg)
0
(g)

-1/2
(Ds)

-1/2
(Vs) 

CARRIAGE SPEED 
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=  

Similarly 

 CARRIAGE FEED 

=  

Π14=(ρg)
a
14(g)

b
14(Ds)

c
14(ωm) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

 a
14 (M

0
L

1
T

-2
)

 b
14(M

0
L

1
T

0
)

 c
14(M

0
L

0
T

-1
) 

For „M‟ 

M0=0 

a
14=0 

For „L‟ 

L0=b14+c14 

b14+c14= -1 

C14= 1/2 

For „T‟ 

T 0=-2b14-1 

B14=-1/2 

Π14=(ρg)
a
14 (g)

b
14(Ds)

c
14(ωm) 

Π14=(ρg)
0
(g)

-1/2
(Ds)

1/2
(ωm) 

ROTATING MANDREL SPEED   

= ωm 

Π15=(ρg)
a
15(g)

b
15(Ds)

c
15(ds) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

 a
15 (M

0
L

1
T

-2
)

 b
15(M

0
L

1
T

0
)

 c
15(M

0
L

1
T

0
) 

For „M‟ 

M1a15=0 

a
15=0 

For „L‟ 

L0=-3a15+b15+c15+1 

c15= -1C15=-1 

For „T‟ 

T 0=-2b15 

B15=0 

Π15=(ρg)
a
15 (g)

b
15(Ds)

c
15(ds) 

Π15=(ρg)
0
(g)

0
(Ds)

-1
(ds) 

      MINOR DIA OF VESSEL 

 

 Similarly 

LENGTH OF  VESSEL 

=  

   THICKNESS OF GLASS FIBRE 
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=  

 LENGTH OF MANDREL 

=  

Π19=(ρg)
a
19(g)

b
19(Ds)

c
19( ) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

 a
19 (M

0
L

1
T

-2
)

 b
19(M

0
L

1
T

0
)

 c
15(M

1
L

0
T

0
) 

For „M‟ 

Ma19+1=0 

a
19=-1 

For „L‟ 

L0=-3a19+b19+c15+1 

3+c19= 0C19=3 

For „T‟ 

T 0=-2b19 

B15=0 

Π15=(ρg)
a
19 (g)

b
19(Ds)

c
19( ) 

Π15=(ρg)
-1

(g)
0
(Ds)

3
( ) 

CONTENT OF ACCELERATOR    

=  

    CONTENT OF ARALDITE       

=  

      CONTENT OF HARDENER     

=  

CONTENT OF PLASTICIZER    

=   

Π23=(ρg)
a
23(g)

b
23(Ds)

c
23(Tx) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

 a
23 (M

0
L

1
T

-2
)

 b
23(M

0
L

1
T

0
)

 c
23(ML

-1
T

0
) 

For „M‟ 

Ma23+1=0 

a
23=-1 

For „L‟ 

L0=-3a23-b23+c23-1 

C23=-2 

For „T‟ 

T 0=-2b23 

B23=0 

Π23=(ρg)
a
23 (g)

b
23(Ds)

c
23(Tx) 

Π23=(ρg)
-1

(g)
0
(Ds)

-2
(Tx) 
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TEX OF GLASS FIBRE 

 Π23=  

ρv =f(ρv, бsh, tpfv,………………………………………….23)….(Equn. 4.1) 

 

ρv =f(ρv, бsh, tpfv, wsh ,ρac, ρar, ρhr, ρpl, µhr, µpl, µac, µar, Eg, Бg, Pt, Vs, fca, ωm, dsh, Ls, tf, Lm, Wac, War, Whr, Wpl, tx, Nro, tC, ØrovNro, 

wsh, fv)  ….(Equn. 4.2) 

ρv =f(   , ,  , , , , , ,   ,  ,  , , 

,     ,  , ,  , ,  ,   , ωm,  

,Nro, wsh, fv)  ….(Equn. 4.3) 

 

Reduction of Pi Terms 

 

={ }  

={ }………-  Related to Density of ingredient/mixture 

={ }  

=     { }-…….Related to Viscocity of ingredient/mixture 

={ }  

=     { }-…………….Related to weight of ingredient/mixture 

={ }  
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=     { }-……………Related to Viscosity of ingredient/mixture 

={ }  

=     { }-……………………….Related to velocity of carriage 

={ ωm} ……………………Related to rotating mandrel speed 

={ }……………………………Related to tex of glass fiber 

={ }  

=    }-………  …….Related to Geometric parameter 

={Nro, wsh, fv}…………………Related to Viscocity of ingredient/mixture 

ρv =f({ },{ }, { }, { }, { }, { ωm}, 

{ }, }, {Nro, wsh, fv} ….(Equn. 4.1) 

FOR DEPENDANT Pi TERMS : 

i) For Density of cylindrical pressure vessel (ρcv) 

Π01=(ρg)
a
01(g)

b
01(Ds)

c
01(ρcv) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

 a
01(M

0
L

1
T

-2
)

 b
01(M

0
L

1
T

0
)

 c
01(M

1
L

-3
T

0
) 

For „M‟ 

M0=a01+1=0 

A01=-1 

For „L‟ 

L0=-3a01+b01+c01-3 

-3(-1)+(0)+c01=3 

C01 = 0 

For „T‟ 

T 0=-2b01 

B01=-0 

Π01=(ρg)
a
01(g)

b
01(Ds)

c
01(ρcv) 

Π01=(ρg)
-1

(g)
0
(Ds)

0
(ρcv) 
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DENSITY OF cylindrical pressure vessel (ρcv) 

 

ii) For UTS of cylindrical pressure vessel ( ) 

Π02=(ρg)
a
02(g)

b
02(Ds)

c
02( ) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

 a
02 (M

0
L

1
T

-2
)

 b
02(M

0
L

1
T

0
)

 c
02(ML

-1
T

-2
) 

For „M‟ 

M0=
 a

02+1=0 

a
02=-1 

For „L‟ 

L0=-3a02+b02+c02-1 

C02= -1 

For „T‟ 

T 0=-2b02-2 

B02=-1 

Π02=(ρg)
 a

02 (g)
b

02(Ds)
c
02( )) 

Π02=(ρg)
-1

(g)
-1

(Ds)
-1

( )) 

UTS of cylindrical pressure vessel ( ) 

=  

iii) For cycle time for component processing  (tcp) 

Π03=(ρg)
a
03(g)

b
03(Ds)

c
03(tcp) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

 a
03 (M

0
L

1
T

-2
)

 b
03(M

0
L

1
T

0
)

 c
03(M

0
L

0
T

1
) 

For „M‟ 

M0=
 a

03=0 

a
03=0 

For „L‟ 

L0=-3a03+b03+c03-1 

C03= -1/2 

For „T‟ 

T 0=-2b03+1 

B03=-1/2 

Π02=(ρg)
 a

03 (g)
b

03(Ds)
c
03(tcp)) 

Π02=(ρg)
-1

(g)
1/2

(Ds)
-1/2

(tcp) 

cycle time for component processing  (tcp) 

=  

iv) For cycle time for component processing  (tcp) 

           Π04=fvr 

v) For Weight of Cy. Vessel (Wcv) 

Π05=(ρg)
a
05(g)

b
05(Ds)

c
05(Wcv) 

(M)
0
(L)

0
(T)

0
= (M

1
L

-3
T

0
)

 a
05 (M

0
L

1
T

-2
)

 b
05(M

0
L

1
T

0
)

 c
05(M

1
L

0
T

0
) 

For „M‟ 

Ma05+1=0 

a
05=-1 

For „L‟ 

L0=-3a05+b05+c05+1 

3+c05= 0  C05=3 

For „T‟ 

T 0=-2b19 

B05=0 
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Π15=(ρg)
 a

19 (g)
b

19(Ds)
c
19(Wcv) 

Π15=(ρg)
-1

(g)
0
(Ds)

3
(Wcv) 

For Weight of Cy. Vessel (Wcv) 

=  

 

Therefore the final equations for dependant pi terms are as follows: 

For Density of cylindrical pressure vessel (ρcv) 

Π01 =f({ },{ }, { }, { }, { }, { ωm}, 

{ }, }, {Nro, wsh, fv}) ….(Equn.) 

 =f({ },{ }, { }, { }, { }, { ωm}, 

{ }, }, {Nro, wsh, fv}) ….(Equn.) 

 = f({ },{ }, { }, { }, { }, 

{ ωm}, { }, }, {Nro, wsh, fv}) 

For UTS of cylindrical pressure vessel ( ) 

Π02 =f({ },{ }, { }, { }, { }, { ωm}, 

{ }, }, {Nro, wsh, fv}) ….(Equn. 4.1) 

=f({ },{ }, { }, { }, { }, { ωm}, 

{ }, }, {Nro, wsh, fv}) 

 (  ({ },{ }, { }, { }, { }, 
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{ ωm}, { }, }, {Nro, wsh, fv}) 

For cycle time for component processing  (tcp) 

Π03 =f({ },{ }, { }, { }, { }, { ωm}, 

{ }, }, {Nro, wsh, fv}) ….(Equn. 4.1) 

 =f({ },{ }, { }, { }, { }, { ωm}, 

{ }, }, {Nro, wsh, fv}) 

=K { },{ }, { }, { }, { }, 

{ ωm}, { }, }, {Nro, wsh, fv}) 

For cycle time for component processing  (tcp) 

 

Π04 =f({ },{ }, { }, { }, { }, { ωm}, 

{ }, }, {Nro, wsh, fv})….(Equn. 4.1) 

fvr=K ({ },{ }, { }, { }, { }, { ωm}, 

{ }, }, {Nro, wsh, fv}) 

fvr=  K ({ },{ }, { }, { }, { }, { ωm}, 

{ }, }, {Nro, wsh, fv}) 
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For Weight of Cy. Vessel (Wcv) 

 

Π05 =f ({ },{ }, { }, { }, { }, { ωm}, 

{ }, }, {Nro, wsh, fv})….(Equn. 4.1) 

 

=f({ },{ }, { }, { }, { }, 

{ ωm}, { }, }, {Nro, wsh, fv}) 

 

= K ( )({ },{ }, { }, { }, 

{ }, { ωm}, { }, }, {Nro, wsh, fv}) 

DEPENDENT VARIABLES 

 

Dependent Variables 

π01 π001 π02 π002 π03 π003 π04 π05 π005 

DENSITY 

OF 

VESSEL 

 

Ultimate 

Tensile 

Strength of 

SHELL 

 

cycle time  

 

  
 

Fiber 

volume 

ratio 

60% 

Weight 

of 

shell 

 

ρsh   бfib   tcomp   fvshell wshell   

1.9 ± 5% 

gm/cm3        210 N/mm2   

10-11 

HRS   60±2% 

6.260 

Kg   

Kg/m3   N/m2   second   % Kg   

1805.000   210000000.000   36000.000   59.000 6.260   

1995.000   210000000.000   39600.000   61.000 5.634   

1805.000 736.434 210000000.000 40892362.959 36000.000 243731.515 59.000 5.635 470.498 

1880.000 752.000 210000000.000 40072129.834 36018.000 268041.989 60.000 5.800 474.117 

1810.000 680.451 210000000.000 37644177.199 36036.000 243617.595 61.000 6.100 467.990 

1900.000 703.704 210000000.000 37069163.646 36054.000 243682.476 59.000 5.685 429.088 

1990.000 783.465 210000000.000 39441072.671 36072.000 243918.210 60.000 5.634 453.295 

1900.000 772.358 210000000.000 40723709.181 36090.000 244040.047 61.000 6.200 515.056 
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1950.000 792.683 210000000.000 40742756.753 36108.000 244218.978 60.000 6.100 507.460 

1805.000 731.955 210000000.000 40586675.524 36126.000 244169.597 60.000 6.085 502.860 

1880.000 764.228 210000000.000 40666673.173 36144.000 244234.346 59.000 5.952 492.379 

1810.000 680.451 210000000.000 37661776.159 36162.000 244527.396 61.000 5.756 442.218 

1900.000 712.946 210000000.000 37608698.541 36180.000 244706.441 59.000 6.111 469.269 

1990.000 765.385 210000000.000 38530894.071 36198.000 244771.071 60.000 6.252 491.409 

1900.000 742.188 210000000.000 39151242.817 36216.000 244950.173 61.000 6.200 495.631 

1950.000 764.107 210000000.000 39273973.986 36234.000 245072.038 60.000 5.960 477.939 

1800.000 692.308 210000000.000 38530894.071 36252.000 245136.582 61.000 5.698 447.865 

1885.000 708.647 210000000.000 37644177.199 36270.000 245201.110 59.000 5.985 459.168 

1845.000 715.116 210000000.000 38793310.792 36288.000 245265.620 60.000 5.682 448.809 

1835.000 764.583 210000000.000 41741801.910 36306.000 245502.094 61.000 5.687 484.250 

1855.000 713.462 210000000.000 38530894.071 36324.000 245623.931 60.000 5.792 455.253 

1900.000 730.769 210000000.000 38548916.004 36342.000 245803.233 60.000 6.120 481.709 

1925.000 751.953 210000000.000 39096383.532 36360.000 245752.741 59.000 6.100 485.590 

INDEPENDENT VARIABLES 

 

π1 π2 π3 π4 π5 π6 π7 π8 π9 π10 

DENSITY OF 

ACCELERATOR    

DENSITY 

OF 

ARALDITE       

DENSITY OF 

HARDENER     

DENSITY OF 

PLASTICIZER    

Viscocity of 

HARDENER          

Viscocity of 

PLASTICIZER    

Viscocity of 

ARALDITE      

Viscocity of 

Accelerater       

Tensile Stress 

of Glass Fibre 

modulus of 

elasticity of glass 

fiber  

ρacc ρar ρhr ρpl µhr µpl µre µac бfib Efib 

kg/m3 kg/m3 kg/m3 kg/m3 N·s/ m
2
 N·s/ m

2
 N·s/ m

2
 N·s/ 

m
2
 

N/m2 N/m2 

1.0-1.05 

gm/cm3 

1.15-1.2 

gm/cm3 

1.15-1.25  

gm/cm3 

0.95-1.05   

gm/cm3 

150-250 

mPa s 

50-110  

mPa s 

800-2000 

mPa s 

0.895-

0.91 mPa 
s 

488N/mm2 2.57 GPA 

Kg/m3 Kg/m3 Kg/m3 Kg/m3 N·s m2 N·s m2 N·s m2 N·s m2 N/m2 N/m2 

1000.000 1150.000 1150.000 950.000 150000.000 50000.000 800000.000 895.000 0.488 2570000.000 

1050.000 1200.000 1250.000 1050.000 250000.000 110000.000 2000000.000 910.000   2570000.000 

1011.000 1161.000 1156.000 966.000 150000.000 50000.000 800000.000 910.000 488000.000 
2570000.000 

1050.000 1162.000 1156.000 956.000 160000.000 60000.000 890000.000 895.000 488000.000 
2570000.000 

1020.000 1168.000 1236.000 986.000 185000.000 65000.000 1200000.000 910.000 488000.000 
2570000.000 

1011.000 1159.000 1256.000 1020.000 195000.000 56000.000 1800000.000 920.000 488000.000 
2570000.000 

1013.000 1159.000 1189.000 1005.000 200000.000 75000.000 1400000.000 910.000 488000.000 
2570000.000 

1014.000 1157.000 1196.000 1021.000 225000.000 100000.000 1500000.000 895.000 488000.000 
2570000.000 

1036.000 1185.000 1195.000 1034.000 190000.000 105000.000 1890000.000 910.000 488000.000 
2570000.000 

1035.000 1194.000 1156.000 1050.000 185000.000 90000.000 1850000.000 920.000 488000.000 
2570000.000 

1025.000 1159.000 1163.000 986.000 160000.000 80000.000 1482000.000 910.000 488000.000 
2570000.000 

1045.000 1189.000 1185.000 999.000 160000.000 75600.000 785000.000 910.000 488000.000 
2570000.000 

1044.000 1199.000 1156.000 985.000 185000.000 55000.000 987000.000 895.000 488000.000 
2570000.000 

1028.000 1192.000 1199.000 1005.000 175000.000 65400.000 1258000.000 910.000 488000.000 
2570000.000 

1029.000 1185.000 1200.000 1025.000 168000.000 56800.000 1654000.000 910.000 488000.000 
2570000.000 

1021.000 1179.000 1250.000 1025.000 220000.000 56500.000 1951000.000 910.000 488000.000 
2570000.000 

INDEPENDENT VARIABLES 
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π11 π13 π14 π15 π16 π17 π18 π19 π20 π22 

 

Pressure testing  

 

length of 

shell 

 

Thickness of 

Glass Fibre 

 

length of  

Mandrel 

CONTENT OF 

ACCELERATOR    

CONTENT 

OF 

ARALDITE       

 

CONTENTOF 

HARDENER     

 

CONTENTOF 

PLASTICIZER    

Carriage 

Speed 

Carriage 

Feed 

pshell Lshell tfib Lmand Wacc Wara Whar Wpla scarr fcarr 

N/m2 m m m Kg Kg Kg Kg  m/s m/s 

30 Kg/cm2 895mm 0.65mm 1000mm 20 gm 2 Kg 2 Kg 200 gm 30.000 2.4mm/s 

N/m2 m m m Kg Kg Kg Kg  m/s m/s 

2941995.000 0.895 0.000 1.000 0.200 2.000 2.000 0.200 30.000 
0.002 

294.000 0.895 0.000 1.000 0.200 2.000 2.000 0.200 24.000 
0.002 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

2940000.000 0.895 0.650 1000.000 0.020 2.000 2.000 0.200 30.000 2400.000 

 

CONCLSION 

 

It is seen that filament winding 

process/Manufacturing system  for cylindrical  pressure 

vesselare identified. The dependent and independent  

variables involved were large so they are reduced using 

dimensional analysis & pi terms evaluated. Buckingham pi 

theorem is used to establish dimensional equations to 

exhibit relationships between dependent terms and 

independent terms. A mathematical relationship is 

established between output parameters and input. The 

mathematical relationship exhibit that which input variables 

is to be maximized or minimized to optimize output 

variables. After model is formulated it mow possible for  

optimizing entire process.. The model will be useful for an  

composite industry/entrepreneur of an industry to select 

optimized inputs so as to get targeted responses. 
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Abstract- In this research paper preset the stirrup making 

process by using human power flywheel motor. This set-up is 

used to bend the round bar. Stirrup is one of the essential 

element of reinforce cement concrete in civil construction. 

These stirrups are used for strengthening columns and beams, 

avoiding buckling of long slender column and avoiding sagging 

of horizontal beam. Traditionally stirrup are made on a wooden 

platform providing with pins and the rod is bent with the help 

of lever. The force is applied on lever and the pin works as 

fulcrum point for bending the rod. 

 This present manually stirrup making activity 

indicates that the process suffers from various draw back like 

lack of accuracy and due to repetitive motion of his hands 

subject internal injury to his body organ like carpel tunnel 

syndrome, spondylitis, muskulo-skeletal disorder, etc.  

Keeping these things in mind, we have designed and 

developed a machine which will used for stirrup making  (i.e., 

Human power).  

Keywords— Human Power, Flywheel Motor, stirrup, Traditional 

Method, Column  

I. INTRODUCTION 

n the present age of use of electricity, petrol,diesel, fossil 

fuels etc. For production. In the age of the human power 

was neglected but hazardous environmental pollution caused 

by fossil fuels again brought the human power in the 

mainstream of renewable power resources. So in recent past 

vast research is going on for harnessing human power. A 

stationery system similar to a bicycle having flywheel is 

conceptualized as Human Powered Flywheel Motor (HPFM) 

[1-4] in which a human being spins a flywheel at about 600 

RPM to store energy.  The energy achieved by paddling will 

be stored in a flywheel at an energy-input rate convenient to 

the peddler. After storing the maximum possible energy in 

the flywheel, the same will be made available for the 

actuation of process unit. The stored energy in the flywheel 

will be made available through a suitable clutch and torque-

amplification if needed. The flywheel speed will be 

decreased depending on the actual resisting torque offered by 

the stir-up making process. It implies that it will not be 

necessary to pedal when the flywheel will be supplying 

energy to the process unit. 

 
 

Figure 1. Stirrup Holding bar of Column and beam 

 

1. Traditional  Method of Manually Stirrup Making 

 

Presently the stirrup are made up of the manually 

operation  generally uses the M.S. Round bar of the size 

6mm, 8mm are cut . The operator uses the wooden block to 

perform the bending operation; the wooden block contains 

the three holes alternately drilled on the wooden block. The 

stirrup wire is horizontally passed through the nails up to the 

chalk marks & then operator bends it into the 90 degree. It is 

operation performs 03 times to get the desired stirrup in 

perfect 90 degree. The chalk marks are made up for the 

purpose of size of the stirrup. His way with the help of the 

manual efforts the stirrup are Produced.  

 

 
Figure 2.Concrete block as a platform for stirrup making 

 

1.1 Material  Used for Making of Stirrup 

i) Mild Steel 

ii) Torr Steel 

iii) Thermo Mechanically Treated Steel (TMT) 

 

 

I 
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1.2 Generally Used Sizes for Making of Stirrup 

 

Sr.no Size of Stirrup Diameter 

of rod 

Material of 

rod 

1 179 mm X 229 mm  6 mm MS 

2 229 mm X 229 mm 6 mm MS 

3 229 mm X 229 mm 6 mm  TMT 

4 459 mm X 536 mm  8 mm TORR 

 

           1.3 Technical Data for stirrup Making 

 

Sr.

No 

Particular Remark 

1 Commonly used sizes 

of the Stirrup ( in mm) 

178 x 178 , 229x178, 

305 x 229, 

305 x 305, 229 x 

381, 

2 Commonly used 

shapes  of the Stirrup 

Square, rectangle, 

round, pentagon , 

triangular , 

3 Commonly used sizes 

of the Stirrup  wires 

( in mm) 

6,8,10,12 

4 Percentage utility of 

the stirrup of various 

shapes 

Square :-55 %  

Round 9 %  

Rectangle :35% other 

1 % 

5 Percentage utility of 

the stirrup 

material 

Plain M.S. Bar    

65 % 

Tool Steel bar        

35 %s 

 

The details study of manual stirrup making indicates 

that the process suffers from the drawbacks like of accuracy, 

low productivity and resulting into sever fatigue in the 

operator. The construction worker not only subject their hard 

work to hours of repetitive motion but also sometimes suffers 

internal injury to his body organ i.e. disorder carpel tunnel 

syndrome CRS. Many researchers have carried work in order 

to reduce musculoskeletal disorder. 

 
Figure 3 Traditional method of stirrup making  

2. Basic Concept of HPFM Stirrup Making Machine 

 

 
 

Figure 4 Schematic arrangement of HPFM for Stirrup Making 

 

1-Chain Sprocket 2-padel. 3-Chain 4-Freewheel 5, 6- 

Bearing for bicycle side 7-Gear I 8-Bearing 9-

Tachogenerator for flywheel shaft 10- Pinion I 11-Bearing 

for flywheel shaft 12-Flywheel 13-Bearing for flywheel 14-

Two jaw clutch 15, 16-Bearing for intermediate shaft 17-

Pinion II 18-Gear II 19, 20-Bearing for process unit shaft 21-

Coupling 22-Stirrup making process unit. 

The schematic arrangement of human energized 

flywheel motor stirrup making machine is shown in Figure 3. 

The operator drives the flywheel (12). The rider accelerates 

the flywheel to a desired speed in about one minute , through 

a chain (3) and a pair of gears (7,10) .The chain drive is 

utilized for first stage transmission because the drive is 

required to be irreversible, this is achieved by conventional 

bicycle chain drive with a free wheel (4). A free wheel is 

used between pedals (2) and the flywheel to prevent the back 

flow of energy from flywheel to pedals. When flywheel 

attains desired speed, pedaling is stopped and it is connected 

to the process unit though torque amplification gears by 

engaging a two jaw spiral clutch (14). A special jaw clutch is 

used in this machine in place of conventional friction clutch 

as friction clutch consumes more energy for its own 

operation. [7] The energy stored in flywheel is supplied at 

the required rate to stirrup making unit. (22). 

2.1 Specification of Energy Unit for stirrup making  

Following Material is required for fabrication of 

Energy unit for stirrup making.  

 

S
r.

 N
o

  

N
am

e 
o

f 

P
ar

ts
  

M
at

er
ia

l 
 

S
ta

n
d

ar
d
 

S
iz

e 
 

Q
u

an
ti

ty
  

1  Cycle Frame  Std.  As per std.  1  

2  Large Sprocket  Std.  D = 175 mm  1  

3  Chain  Std.  L = 2010 mm  1  

4  Small Sprocket  Std.  D = 95 mm  1  

5  Spur Gear 

(Big) 1  

Std.   m=  6 kg  

Dia = 370 mm  

n =120  

t = 25 mm  

1  

6  Pinion 1  Std.  m= 1.8 kg  

Diar = 103 mm  

n= 30  

1  

7  Shaft 1  EN-8  Dia= 30 mm  

L = 283 mm  

1  
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8  Shaft 2 (Step 

Shaft )  

EN-8  Dia= 40 mm  

L = 290  

Dia = 30 mm  

L= 145  

1  

9  Shaft 3  EN-8  Dia = 30 mm  

L= 280 mm  

1  

10  Flywheel  CI  D = 515 mm, w = 75,  

t = 54 mm,  

1  

11  Clutch  - C  CI  Do = 83 mm 

Di = 30 mm 

Width = 100 mm 

1  

12  Pinion 2  Std. m=  1.5 kg 

Dia= 70 mm 

n = 20 

t  = 28 mm 

1  

13  Ball Bearing  Std. UCP 210  7  

14  Spur Gear- G1  CI   m=  1.5 kg 

Dia = 133 mm 

n = 40 

t  = 28 mm 

1  

15  Spur Gear- G2  CI m=  2.2 kg 

Dia = 200 mm 

n = 60 

t  = 28 mm 

1  

16  Spur Gear- G3  CI m=  2.2 kg 

Dia = 258 mm 

n = 80 

t  = 28 mm 

1  

17  Shaft – Sh1  SAE

1040  

Dia = 30 mm 

L =500 mm 

1  

18  Shaft – Sh2  EN-8 Dia = 30 mm 

L = 510 mm 

1  

19  Shaft – Sh3  EN-8 Dia = 30 mm 

L = 510 mm  

1  

3. Fabricated View of human energized flywheel motor for 

Stirrup making machine 

 

 
 

Figure 5: Fabricated  View of human energized flywheel motor for stirrup 

making machine 

 

 
 

    Figure 6: Top View of human energized flywheel motor for stirrup 

making  

 

4. Specification of Processing Unit (Stirrup Making Unit) 
 

S
r.

 N
o

  

N
am

e 
o

f 

P
ar

ts
  

M
at
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ia

l 
 

S
ta

n
d

ar
d

 

S
iz

e 
 

Q
u

an
ti

ty
  

1  Spur Gear 

1  

CI  PCD =130 mm  

n= 18  

t = 30 mm  

1  

2  Spur Gear 

2  

CI  Dia = 170 mm  

n= 55  

t = 30 mm  

1  

3  Shaft 1  EN-8  Dia = 30 mm  

L  = 225 mm  

1  

4  Shaft 2  EN-8  Dia = 30 mm  

L  = 280 mm  

1  

5  Rotating 

Disc  

MS  Dia = 180 mm  

t = 18 mm  

1  

6  Rotating 

Pin  

MS  Dia = 12 mm  

L = 50 mm  

1  

7  Coil 

Spring  

As per 

Std.  

Outer Dia = 45  

Inner Dia = 43  

Coil  t = 2 mm 

w= 5 mm  

n= 14  

1  

8  Ball 

Bearing  

As per 

Std.  

Bearing No.  

UCP- 206  

4  

9  Coupling  Star  L- 

100  

Do= 65 mm  

Di = 30 mm  

   t = 35 mm  

1  

 

 



International Conference on Multidisciplinary Research & Practice                                                          P a g e  | 535 

 

Volume I Issue VIII                                                                   IJRSI                                                                  ISSN 2321-2705 

 

   

 
    Figure 7: Front & Side View of HPFM for stirrup making machine 

 

   
 

 
 

Figure 7: Actual Photograph for stirrup making process unit 
 

5. Operational step of HPFM Stirrup Making Machine 

 

1)   A person pedals the mechanism for about a minute with 

the clutch in the disengaged position. In this time the 

flywheel of about 0.515 m diameter and 0.075  m rim 

width can be accelerated from rest to about 600- 700 

rpm. During pedaling he has to overcome only the 

inertia of the flywheel. The operator pedals for about 

one and half hours. 

 After attaining the pre decided maximum flywheel 

speed pedaling is stopped. The clutch is immediately 

engaged and the energy stored in the flywheel is made 

available to the process unit through the clutch and 

torque amplification gears. The stirrup making process 

unit immediately commences upon the clutch 

engagement and it continues for  30-35 sec until such 

time as the flywheel comes to rest still follow steps 

2,3,4,5.  

2)   First the small length of rod is bend which is called as 

anchorage length by pressing the clutch .This length is 

important for binding the stirrup to the column rods. 

3)   Then second bend is made according  to size of stirrup 

by forwarding the required size stirrup length and 

pressing the clutch. 

4)  Similarly third and fourth bend is made to make the 

stirrup in shape according to each side of stirrup size by 

forwarding the required size stirrup length and pressing 

the clutch. 

5)   Finally the fifth bend is made in which other anchorage 

length is bend which is finally tied with the first anchor 

by pressing the clutch and stirrup is prepared.  

 
II   SCOPE OF THE WORK 

 

Operation for making stirrup is tedious and required 

continuous manual work to perform the bending operation. 

This will minimize human efforts for less physical exertion 

of the operator. 

 Adverse effect of repetitive work on human health is 

minimising.  

 Reduce  the wastage of stirrup and this will reduce the 

cost of stirrup making activity. 

 There is a scope to design the stirrup with safety 

standards and with ergonomic considerations which will 

help to avoid the incidents during manually stirrup 

making. 

 There is a scope to improve the stirrup making 

efficiency and production capacity of stirrup by using 

human powered flywheel motor of stirrup making. 

 The currently available machines are motor power 

(electrical supply) operation machines and hydraulic 

type machine which cannot work where non availability 

of electricity. 

 This research presents a new urge as method to bend the 

given rod of 6,8 mm diameter with the help of human 

power as a energy source for performing the job. 

 This area is having a large scope because of construction 

in MIHAN & CARGO project, at the same time fast 

development in rural area. 

CONCLUSION 

 It is seen that process by human powered flywheel 

motor required less effort and reduced the internal 

injury of the workers. 

 It is also reduce the human energy expenditure of 

workers. 

 It is reduce cost of stirrup making activity. 

 So this paper gives detailed design, development 

and fabrication of human powered flywheel motor for stirrup 

making machine that is the best process as compare to 

present manual stirrup making process shown in figure 3 
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Abstract-- Due to increase in population and socio-

economical growth, the constructions are carried out on soft 

grounds which were left past. Among the various ground 

improvement techniques, stone column is often used because 

ease in construction, economical and environmental friendly. 

But the Ordinary Stone Column (OSC) is not suitable for 

very soft soils. For such soils the newly developed technique 

called Reinforced Stone Column (RSC) is gaining popularity 

because the problems caused by the ordinary stone column 

can be minimized. This paper deals with results and 

discussion on the field prototype load tests carried out on 

RSC in the Surat city, Gujarat.  

 

Keywords-- Stone column, geotextile,  prototype tests. 

 
I. INTRODUCTION 

 

ue to scarcity of favorable land for the constrictions, 

nowadays civil engineering structures are carried out 

on soft soils which were not being used in past. Civil 

(Geotechnical) Engineers have to face many problems to 

carry out the construction on soft soils. These soils have 

low bearing capacity, increase amount of settlement, 

lateral flow, etc. To do the constructions on such soft 

soils, it is necessary to improve such soils.  

Vibro-compaction, pre-fabricated vertical drain, 

stone column, dynamic compaction, lime treatment, 

cement treatment, deep mixed column are some of the 

ground improvement techniques commonly used for 

shallow and deep seated soils (Greenwood 1970; Hughes 

et al. 1975). Stone column is the one of the ground 

improvement method most used nowadays.  

But in very soft soils, stone column face many 

problems like improper lateral confinement, excessive 

utilization of stone column material or sometimes 

formation of stone column is in doubt. This ultimately 

results in low bearing capacity of the stone column or 

excessive settlement. To minimize these problems, stone 

column can be reinforced with the adequate geosynthetic 

which confine the stone column peripherally (Murugesan 

and Rajagopal 2007).  

Many researchers have done studies on the 

applicability of RSC for soft soil improvement. The 

studies focused on laboratory model test, numerical 

analyses, field tests, and analytical solution. (Raithel and 

Kempfert 2000; Kempfert et al. 2002; Ayadat and Hanna 

2005; Di Prisco et al. 2006; Tan et al. 2006; Lee et al. 

2007; Alexiew et al. 2009; Araujo et al. 2009; Gniel and 

Bouazza 2010; Zhang et al. 2011; Tandel et al. 2012; 

Tandel et al. 2013).  

Though different aspects of RSC are studied by 

various researchers, there is lacking of systematic 

investigation on factor affecting the performance of RSC 

in the field.  

This paper presents the detail study on the behaviour 

of RSC in the field. The results and discussion of 

prototype field load tests first time performed in the Surat 

city is discussed. The results of the tests indicated that the 

stone column can be reinforced partially to improve the 

load carrying capacity adequately. 

II. SITE CHARACTERISTICS, MATERIAL AND 

METHODOLOGY 

 

Soils at the site consists of 0.5 m thick layer of highly 

plastic clay, followed by 3.5 m-thick layer of blackish 

non-plastic silt underlain by yellowish plastic silty clay 

with sand and gravel upto termination level of the bore 

hole. The ground water table was not observed upto the 

termination depth. Standard penetration test value at the 

site was varied between 3 and 38, having 3 to 5 in the first 

4 m of depth. 

For the construction of stone column clean river 

sand having frictional angle 36˚ was used.   

Two woven geotextiles having 10% secant stiffness 

of 121.90 and 450 kN/m were used for the reinforcement 

of the stone column.  

In the current research programme 15 field load tests 

have been carried out, which consists of one test on 

untreated ground, two tests on OSC (0.30 and 0.45 m 

diameter), twelve tests on RSC (0.30 and 0.45 m 

diameter) with different stiffness of geotextile. 

 

III. RESULTS AND DISCUSSION 

 

Influence of geotextile reinforcement 

The influence of geotextile reinforcement is studied by 

comparing the stress-settlement curves of OSC with RSC 

for 0.30 m diameter in Figure 1. Form the Figure 1, it can 

be seen that with the use of geotextile reinforcement load 

carrying capacity of the OSC increased remarkably. It is 

clearly seen that soil without treatment and soil treated 

with OSC fail while RSC do not fail at large settlement. 

The increase in the load carrying capacity of the RSC is 

due to increase amount of additional lateral confinement 

provided by the reinforcement material. The amount of 

increase in load carrying capacity at the initial stage is 

low but after this the load carrying capacity is increased 

rapidly. This phenomenon may be due to initial 

adjustment of stone particles of column.      

D 
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Figure 1: Comparison of Stress-settlement response of OSC and  

 
RSC 

Influence of stiffness of geotextile reinforcement (J) 

The influence of stiffness of geotextile reinforcement on 

load carrying capacity is judged by performing the field 

load tests with two different stiffness of geotextile 

reinforcement (J = 121.90 and 450 kN/m). Figure 2 shows 

the stress-settlement curves for 0.45 m diameter RSC for 

different stiffness of geotextile reinforcement. It can be 

seen from this figure that as the stiffness of the 

reinforcement increases the load carrying capacity of the 

stone column increases. The maximum is being achieved 

with reinforcement stiffness of 450 kN/m. The increase in 

load carrying capacity is thought due to more amount of 

confining stress provided by the geotextile.            

 

Influence of diameter of stone column  

For the OSC, it is believed that as the diameter of the 

stone column increases the load carrying capacity of the 

column increases. To verify this concept for RSC, the 

load tests were done on two different diameters (0.30 and 

0.45 m). As being seen in Figure 3 that load carrying 

capacity of the OSC almost remains same, but for RSC, 

the load carrying capacity increases with decrease in 

diameter of the stone column. This may be due to increase 

amount of hoop force provided by the small diameter 

RSC.   

 

 
 

Figure 2: Influence of stiffness of reinforcement on stress-settlement 

response 

 

 
 

Figure 3: Influence of diameter of stone column on stress-settlement 

response of OSC & RSC 
  

Influence of reinforcement length of geotextile 

The stone column develops its axial vertical load carrying 

capacity by the confining pressure provided by the 

surrounding soil. The depth about three to four time’s 

diameter of the stone column is most effective in 

imparting effective stresses to the column. This depth is 

called bulging depth upto which stone column deforms. 

So, it may be enough to provide the reinforcement upto 

this depth. To check this phenomenon, in the current file 

load testing programme three different reinforcement 

lengths are taken into consideration. This length form the 

top of the stone column are: two & three time’s diameter 

of stone column and full reinforcement length. Figure 4 

shows the stress-settlement response of 0.30 m stone 

column with stiffness of reinforcement equal to 450 

kN/m. This figure clearly indicates the remarkable 

increase in load carrying capacity of the RSC having 

reinforcement length twice the diameter of the stone 

column. Though with further increase in the 

reinforcement length (four times diameter of column & 

full reinforcement) the load carrying capacity increase but 

the amount of increase is not significant as it increase 

from OSC to RSC having two times diameter of the 

column. It is further added that RSC with four times 

diameter of the column having load carrying capacity 

close to that of fully reinforced stone column. This 

indicates that it is appropriate to provide the 

reinforcement length upto four times the diameter of the 

column to substantially increase the load carrying of the 

column.  
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Figure 4: Influence of reinforcement length on the behaviour of RSC 

 

CONCLUSION 

 

Based on the full scale prototype load tests on the 

ordinary and reinforced stone column, following 

conclusion are drawn. 

 The load carrying capacity of the stone column can be 

increased by providing the suitable geotextile 

reinforcement. 

  The stiffness of the reinforcement has significant 

influence on the performance of the reinforced stone 

column. The load carrying capacity of the reinforced 

stone column increase with increase in the stiffness of 

the reinforcement material. 

 The reinforced stone column of small diameter has 

larger load carrying capacity compared to bigger 

diameter. 

 It is sufficient to provide reinforcement length upto 

four times the diameter of the stone column. 
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Abstract— Wollastonite (CaSiO3) was produced using solid-

state reaction from used Plaster of Paris and quartz as starting 

materials. Plaster of Paris from recycled molds serves as the 

source for lime and quartz was used as the source of silica. The 

ratios of plaster of Paris and quartz used were taken as 2:1, 3:1 

and 4:1 and firing was carried out at 1200oC, 1300oC and 

1350oC. The raw materials and fired products were 

characterised for mineral phases, chemical composition of 

content such as CaO, SiO2 and loss on ignition (LOI), density 

and microstructure. CaSiO3 with an α-phase was detected at 

firing temperatures 1350oC with 3 h soaking obtained from a 

2:1 ratio. No α-CaSiO3 was detected for 3:1 and 4:1 ratios. 
 

Keywords— Plaster of Paris, Quartz, Wollastonite, Solid-state 

reaction. 
 

I. INTRODUCTION 
 

alcium silicate is an industrial material that has many 

uses in industries, but the most important applications 

are in building materials such as glass, cement, bricks and 

tiles for roofs, fireproof ceilings and building board. Calcium 

silicate consists of four types of compound, i.e. monocalcium 

silicate (CaSiO3), dicalciumsilicate (Ca2SiO4), tricalcium 

silicate (Ca3SiO5) and tricalcium disilicon heptaoxide 

(Ca3Si2O7), all of which are obtained by reacting various 

molar ratios of calcium oxide (CaO) / silicon dioxide (SiO2), 

namely1:1, 2:1, 3:1 and 3:2. 

Wollastonite, also known as monocalcium silicate 

(CaSiO3), has been synthesized using a few techniques such 

as precipitation, sol-gel, solid-state reaction, etc. 

Precipitation is the most frequently used technique, with 

sintering temperature between 900◦ and1250◦C, which 

produces the amorphous β-phase of wollastonite[4-8]. 

Production of β-wollastonite using solid-state reaction has 

been reported by several researchers [4,9]. They used reagent 

grade limestone and natural silica sand as raw materials with 

a sintering temperature of 1400◦C for 2 h. De la Casa-Lillo et 

al. [10] used the sol-gel technique to produce wollastonite 

and obtained a stable phase of α-wollastonite 

(pseudowollastonite) at 1400◦C. 

Plaster of Paris is used mainly in construction and in 

medical industry. Plaster of Paris used as molds have a short 

durability because they tend to react with water. Also when it 

is stored for a long time in open atmosphere they react with 

atmospheric moisture and get hardened. So a considerable 

amount of plaster of Paris is wasted. Therefore, it is essential 

to reduce the wastage of plaster of Paris. To the best of our 

knowledge, plaster of Paris has not been used as lime source 

to produce wollastonite materials. According to previous  

studies, calcium silicate materials produced from a mixture 

of limestone and silica sand are found to possess bioactive  

properties in a simulated body fluid solution environment, 

especially the silicate mineral chains wollastonite (CaSiO3) 

and diopside (CaMgSi2O6).In the present study, attempt was 

made to produce wollastonite material using waste plaster of 

Paris and quartz as a waste management process. A solid-

state technique with various plaster of Paris/quartz ratios 

namely 2:1, 3:1, 4:1 and different firing temperatures like 

1200
o
C, 1300

o
C and 1350

o
C were employed for producing 

wollastonite materials. The phases present and 

microstructures of the final fired materials are reported. 

II. EXPERIMENTAL WORK 
 

The sequence followed for the preparation of 

wollastonite is illustrated in the Fig.1 

 
 

 

 

 

 

 

 

 

 

 

                

 

 

 

 

 

 

Fig 1 Flow sheet for preparation of wollastonite 

   

The raw materials taken in this work are used Plaster of Paris 

and quartz. Plaster of Paris was obtained from the waste 

ceramic molds. Both the raw materials were sampled and 

ground separately by planetary mill to obtain finer particle 

size, i.e. of 100% passage through a ~70-µm sieve. 

Calcium silicate material was prepared from a 

mixture of plaster of Paris and quartz via the solid-state 

reaction according to the following equation. 

 

CaSO4+SiO2      CaSiO3+SO3 

C 

Weighing 

Raw materials 

Firing 

Drying 

Mixing 
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                      Plaster of Paris/quartz molar ratios of 2:1, 3:1, 4:1 

and firing temperatures of 1200°C, 1300°C, 1350°C were 

used in this study. Each sample is varied with soaking time 

of 1hour, 2hours, and 3hours respectively. The mixed powder 

was placed in a box furnace and heated at a rate of 5°Cmin
-1

. 

The heated sample is then cooled to room temperature and 

ground to obtain fine powders. A total of 27 samples were 

prepared. 

 The raw materials and final products were 

characterised for phase identification using X-ray 

diffractometry(XRD), analysis of CaO was done using 

titrimetric method and SiO2 by gravimetric method and loss 

on ignition(LOI) content by the wet loss technique. Density 

was measured using pycnometer and morphology was 

examined using a scanning electron microscope (SEM). 

   

III. RESULTS AND DISCUSSION  
 

A.  Characteristics of raw materials: 

  

Fig 2 shows the XRD pattern of the raw materials 

and consists of calcium sulphate from Plaster of Paris and 

99% silica from quartz; calcium sulphate has orthorhombic 

structure and silica has hexagonal structure. The results of 

CaO, SiO2, LOI and density are tabulated in Table 1.The 

obtained CaO(32%) and SiO2(99%) contents show that the 

Plaster of Paris and quartz used in this study were from high 

grade materials. The LOI content of the used Plaster of Paris 

of 45.6% and quartz 17% revealed the decomposition of 

carbonates from Plaster of Paris and also showed that 

elimination of volatile matter, such as water of  hydration 

and organic materials, had occurred [15]. The obtained 

Plaster of Paris had a density of  2.59 g/cm
3
and quartz of 

2.65 g/cm
3
, which are close to their typical densities of 2.62 

g/cm
3 
and 2.66 g/cm

3
, respectively [1,3].  

 

TABLE 1-CaO,SiO2, LOI and density of raw materials. 

Materilas CaO 

(%) 

SiO2 

(%) 

LOI 

(%) 

Density 

(g cm
−3

) 

Plaster 

of Paris 

32 - 45.6 2.59 

Quartz - 99 17 2.65 

 

 

 

 
 

Fig 2 XRD pattern of Quartz and Plaster of Paris 

 

 

 
 

Fig 3 SEM images of Plaster of Paris and Quartz. 

 

Fig 3 shows the SEM micrographs of Plaster of Paris and 

quartz after the grinding process. 
 

B.  Characteristics of fired product: 

a. XRD  
 The fired samples were characterized by Scanning 

Electron Microscope (SEM) and X-Ray diffraction (XRD). 

All the 27 samples with 3different firing temperature and 

each soaked for 3 different times were characterized by SEM 

and XRD. Of the various firing temperatures and soaking 

times, the sample prepared with plaster of Paris/quartz taken 

in 2:1 ratio, fired at 1350
o
C and soaked for 3 hours (Sample 

ID. W21C3) was found to result in better formation of 

wollastonite as observed from the XRD pattern given in Fig 

4. The XRD patterns obtained for the sample prepared with 

plaster of Paris/quartz taken in 3:1 ratio, fired at 1300
o
C and 

soaked for 3 hours (Sample ID. W31B3) and the sample 

prepared with plaster of Paris/quartz taken in 3:1 ratio, fired 

at 1350
o
C and soaked for 3 hours (Sample ID. W31C3) are 

given in Fig 5 and Fig 6 respectively for comparison. 
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Fig. 4 XRD Pattern of W21C3 

 
Fig. 5 XRD Pattern of W31C3 

 
Fig. 6 XRD Pattern of W31B3 

 

 It can be observed from the XRD pattern that 

W21C3 shows a better result in concern with the calcium 

silicate material. It is noted that after the firing process, X-

ray patterns showed that all of the final products were in the 

crystalline phase.  

 In this study, the α-CaSiO3 phase was observed at 

1350
o
C for the stoichiometric mixture of Plaster of Paris and 

quartz of 2:1 proportion. 

A few mineral crystalline phases, such as 

portlandite [Ca(OH)2],larnite (CaSiO4) and olivine 

[Ca2(SiO4)] can be obtained at particular  firing temperatures. 

The formation of larnite and olivine is in agreement with the 

work done by chen et al.[16],and wesselsky &Jensen[17]. 

 

b. LOI AND DENSITY 

 The purity of calcium silicate produced was 

influenced by the chemical reaction between Plaster of Paris 

and quartz   that occurred at each firing temperature. 

Nevertheless, the LOI content was more affected by the 

decomposition of Plaster of Paris and the removal of volatile 

materials produced from the firing process. The main 

component of LOI are shown in the Fig.7.Density of the 

fired products at a molar ratio 2:1increased with temperature 

and was highly influenced by the sintering temperature and 

purity of raw materials, Plaster of Paris and quartz [20].At 

1350°C. α- CaSiO3 was produced with a density approaching 

its typical density of 2.86-3.09 g/cm
3
 [21]. 

 

 

 
Fig.7. LOI content of the final products after firing at different firing 

temperatures for molar ratio 2:1 

  

C.SEM 

 The SEM image of W21C3 is shown in Fig. 

8.Only in this composition the morphology of obtained α-

CaSiO3 showed needle-like structure. 

 

 
 

Fig 8 SEM micrograph 
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       IV. CONCLUSION 

 

Calcium silicate material was successfully 

synthesized from plaster of Paris and quartz using a solid-

state reaction. The wollastonite phase was fully obtained at a 

Plaster of Paris/Quartz molar ratio of 2:1, sintered at 1350°C 

for 3 h, with a dense microstructure. Purity of the raw 

materials, molar ratio of plaster of Paris/quartz and firing 

temperature all had an influence on the final product of 

calcium silicate materials. The study shows that the 

preparation of wollastonite can be from used Plaster of Paris. 
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Abstract--Increasing competition and complex business 

processes are pushing IT firms gain competitive advantage by 

squeezing delivery timelines. IT firms are thus increasingly 

seeking ways to become more responsive in their methodology 

and requirements. 

This paper focus on a modified Requirements Engineering (RE) 

technique by using Agile methodology which would help in 

developing quality software products faster and  stamping out 

problems associated with traditional RE technique. 
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         I. WATERFALL MODEL 

The simplest process model is the waterfall model, which 

states that the phases are organized in a linear order. In this 

model, a project begins with feasibility analysis. Upon 

successfully demonstrating the feasibility of a project, the 

requirements analysis and project planning begins. The 

design starts after the requirements analysis is complete, and 

coding begins after the design is complete. Once the 

programming is completed, the code is integrated and testing 

is done. Upon successful completion of testing, the system is 

installed. After this, the regular operation and maintenance 

of the system takes place. It is very simple to understand and 

use.   

 
                              Fig1.1: Waterfall Model 

In a waterfall model, each phase must be completed fully 

before the next phase can begin.   At the end of each phase, a 

review takes place to determine if the project is on the right 

path and whether or not to continue or discard the project. In 

waterfall model phases do not overlap [1]. 

 

II. AGILE MODEL 

 

Agile is an iterative, team-based approach to development. 

This approach emphasizes the rapid delivery of an 

application in complete functional components. Rather than 

creating tasks and schedules, all time is “time-boxed” into 

phases called “sprints.” Each sprint has a defined duration 

(usually in weeks) with a running list of deliverables, 

planned one sprint in advance. Deliverables are prioritized 

by business value as determined by the customer. If all 

planned work for the sprint cannot be completed, work is 

reprioritized and the information is used for future sprint 

planning. As work is completed during each sprint, it is 

continuously reviewed and evaluated by the customer, who 

may be considered the most critical member of the Agile 

team. As a result, Agile relies on a very high level of 

customer involvement throughout the project [5]. 

 

There are various methodologies that are collectively  

known as agile, as they promote the values of the agile 

manifesto and they are consistent with the above principles. 

 The most popular ones are: 

 

DSDM (Dynamic System Development Method) is probably 

the original agile development method. DSDM was around 

before the term „agile‟ was even invented, but is absolutely 

based on all the principles we‟ve come to know as agile. 

 DSDM seems to be much less well-known outside of the 

UK [9]. 

http://www.dsdm.org/
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Scrum is also an agile development method, which 

concentrates particularly on how to manage tasks within a 

team-based development environment.  Scrum is the most 

popular and widely adopted agile method because it is 

relatively simple to implement and addresses many of the 

management issues that have plagued IT development teams 

for decades [4]. 

XP (Extreme Programming) is a more radical agile 

methodology, focusing more on the software engineering 

process and addressing the analysis, development and test 

phases with novel approaches that make a substantial 

difference to the quality of the end product [6]. 

 

 
 
        Fig 2.1: Scrum --- Agile Development Methodology 

  

III. OVERVIEW OF RE USING AGILE 

 

Agile software processes provide very efficient RE in that 

they narrow the gap between customer's needs and the 

software product being developed [3]. The main aspects of 

Agile are: 

Onsite and Co-located Customer: This principle suggests 

that at least one person from the customer's group physically 

joins the team of developers for the predominant part of the 

project. He/she selects and sorts the requirements to 

implement and set priorities by doing so. Development is 

therefore driven by business interests that help define what is 

useful to the customer. 

  
Table1: Factors to consider when Extracting Requirements from Agile 

                     

 

When to use  

waterfall model 

When to use Agile 

model 

--Requirements are 

very well known, clear 

and fixed. 

 

--Product definition is 

stable. 

 

--Technology is 

understood. 

 

--There are no 

ambiguous 

requirements 

 

--Ample resources 

with required expertise 

are available freely 

 

--The project is short. 

--When new changes are 

needed to be 

implemented. New 

changes can be 

implemented at very little 

cost because of the 

frequency of new 

increments that are 

produced. 

 

--To implement a new 

feature the developers 

need to lose only the 

work of a few days, or 

even only hours, to roll 

back and implement it. 

 

--Very 

limited planning is 

required to get started 

with the project. 

  

--Changes can be 

discussed and features 

can be newly effected or 

removed based on 

feedback. This 

effectively gives the 

customer the finished 

system they want or 

need. 

 

http://www.controlchaos.com/about/index.php
http://www.extremeprogramming.org/
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Frequent Short Releases: Frequently releasing pieces of 

software product provides the ability to deliver faster and 

expected results to the clients. Also, shorter delivery cycle 

means sharper crystallization of client's needs. During the 

incipient stages of the project, clients are usually clueless on 

the system's requirements. Short releases help them form a 

mental map of how the future system would look like. Also, 

each release takes into account the experiences of previous 

releases, thus leading to a continuous improvement in the 

subsequent releases. 

 

Facilitating Extraction: High level (abstract) and detailed 

level (concrete) end-user requirements can be extracted 

using Agile. User stories or use-cases form the high level 

requirement. Usually clients write user-stories because they 

know best about the desired functionality. Each user-story is 

written in a language that enables the customer to prioritize 

such stories according to their business value. One of the 

first things one wants to decide on is how much detail to 

include in the requirements artifacts. Table 1 lists factors that 

may be considered to decide what level of requirements 

should be extracted using Agile. 

 

Acceptance Test Criteria During RE: Clients write 

acceptance tests that are transformed into unit tests by the 

developers before any other development activity. The 

system has to pass all acceptance tests on every release. 

Acceptance test descriptions are also very suitable as a 

contractual base. The above aspects allow for a lot of 

knowledge to be transferred from customer to developer in a 

very short time with few bureaucratic overheads [3] [7]. 

 

IV. AGILE VS WATERFALL MODEL 

 

Agile methods grew out of the real-life project experiences 

of leading software professionals who had experienced the 

challenges and limitations of traditional Waterfall model on 

various projects. By delivering working, tested, deployable 

software on an incremental basis, Agile methodology 

delivers increased value, visibility and adaptability much 

earlier in the lifecycle, significantly reducing project risk. 

Figure 1 depicts the difference between traditional model 

and Agile model. In traditional Waterfall project, we release 

version 1 (i.e., RL1) to meet the business target as shown in 

Figure 4.1. But with time the value of that software/ product 

decreases. This is expected because of the changing business 

environment. Thus, the software is not in sync with the pace 

of change as every new release in Waterfall model involves 

planning, design, development, testing and deployment -- a 

rather time consuming process[2].  

 
                                                            

Fig 4.1: Traditional Model vs. Agile Model 

 

Above all, second and subsequent release(s) most often fall 

short of meeting the business goal or in other words, the gap 

between business need and value that the software delivers is 

not fully recovered. In most cases, the software fails to 

deliver to the business' requirements [8]. 

 

The value delivered by Agile project is therefore expected to 

be much higher than the value delivered by Waterfall project 

over this whole period of time. The benefits of Agile 

methodology can be identified as: 

 

Higher Visibility on Project Progress: In Agile 

methodology, measuring and evaluating the status based on 

the working and testing software provides much more 

accurate visibility into the actual progress of projects. In 

traditional projects, the visibility is high during the 

requirements gathering phase but the customer remains 

almost in the dark post the requirements gathering phase till 

the implementation. 

 

Higher Adaptability to Changes: In the course of building 

business software requirements, changes are the norm. A late 

change in requirement is often a competitive advantage for 

the customer. As one cannot avoid it, the question is what 

cans one do about it. Waterfall method is a predictable 

methodology and using a predictable process in an 

unpredictable environment almost always leads to trouble. 

RE with Agile enables the customer to include the latest 

changes that need to be incorporated in the requirements that 

add to the market advantage of the customer. As a result of 

the planning and feedback loop, teams are able to 

continuously align the delivered software with desired 

business needs, easily adapting to changing requirements 

throughout the process. 

 

Lower Overall Risk: Agile methodology maintains a focus 

on the rapid delivery of business benefit. As a result of this 
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focus and its associated benefits, organizations are capable 

of significantly reducing the overall risk associated with 

software development. 

 

Effective Requirement Elicitation by Feedback Method: It is 

often difficult for customers to clearly articulate what they 

need, in the first go. At times they are far from having a 

complete, concise and unambiguous model in mind that has 

to be transferred to the developer. Seeing and feeling the 

running system, in iterations in Agile, enables the customers 

to provide requirements in iterative feedbacks. 

 

V. AGILE APPROACH TO REQUIREMENT 

ENGINEERING 

 

Agile focuses very strongly on customer interaction. 

However, most of this interaction is done by prototyping. It 

is sometimes not possible to have all the requirements from 

just one person. So there is still the need to consider 

elicitation as a process to gather requirements from 

viewpoints of different business stakeholders. 

The project using Agile should also learn from various 

interviewing techniques that have been in use in the RE of 

Waterfall model. The importance of context-free questions, 

open questions and meta-questions is also valid in an Agile 

environment. If there are conflicts between stakeholder 

requirements, the use of Joint Application Development 

(JAD) can help promote the use of a professional facilitator 

who can help resolve conflicts [3]. 

Agile methods rely on the use of validation (testing), not 

only as a way of achieving quality by getting rid of errors, 

but also as a way of identifying requirements. Agile 

processes do not address aspects of verification and they 

would benefit if they additionally include verification 

together with validation. Simple tools to check early 

requirements descriptions associated with effective 

management practices for applying inspections can improve 

the quality of Agile processes [11]. 

Sometimes, software systems fail to deliver the intended 

objective due to the lack of consideration of non-functional 

requirements (NFRs). As Agile considers non-functional 

requirements at implementation level, it may cause some 

problems. There is a need for Agile methods to include 

techniques that make it possible to identify non-functional 

requirements early and describe them in a manner to indicate 

that an analysis may happen before implementation. Since 

Agile develops software in small releases and uses 

refactoring as a frequent practice, change is intrinsic to Agile 

methods. Agile methods should not rely only on 

configuration management practices but also adapt the 

requirements management practices to provide traceability 

from customers' needs to actual implementation [10]. 

In the first release of the project using Agile, environment 

setup should not be mixed with the actual product 

development. Even though the first release is small in Agile, 

environment set up should be made ready before the release. 

Also, projects using Agile should have similar detailed 

project planning for each release like that of projects using 

Waterfall model. 

 

                               CONCLUSION 

 

Agile effectively manages requirements and focuses on 

generating value for the customer by reducing irrelevant 

elements. Therefore, the involvement of the customer is of 

paramount importance to achieve this goal. Also, as 

customers give continuous feedback throughout the lifecycle 

of the project, any late changes become easy to incorporate. 

Agile is a valuable approach to software development for 

some types of projects, but their limits are not well defined 

yet. Since these methods are new, the subject is still evolving 

and many techniques are under investigation. 
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Abstract: Cloud Computing provide reliable, cost effective and 

scalable method for delivery of computing and delivery of data. 

To Store the data in cloud system without burden hardware and 

software management on remote site and enjoying the on 

demand cloud application.Entering the benefits are clear, such a 

service is also ‘metaphorically surrender users’ physical control 

of their outsourced data, which avoid position new security risks 

in direction of correctness of the data in cloud. In order to 

overcome the this new problem and further enhancement  a 

secure and dependable cloud storage service, we propose in this 

paper a flexible distributed storage integrity third party auditing 

mechanism, utilizing the homomorphism token and distributed 

ensure-coded data with error recovery.The proposed design 

allows users to audit the cloud storage with less computation cost 

and lightweight communication. The auditing result shows not 

only ensures strong cloud storage correctness verification 

guarantee, but also simultaneously achieves data error 

localization, i.e., the identification of misbehaving server. 

Considering the cloud data are dynamic in nature, with 

consideration block modification, deletion and append the 

proposed system design further supports secure and efficient 

dynamic operations on outsourced data. Analysis shows the 

proposed scheme is highly efficient and flexible against Byzantine 

failure, malicious data modification attack, and even server 

colluding attacks. This article also focuses on parallel data 

processing for dynamic resource allocation for both task 

scheduling and execution. 

 

Index Terms—Data integrity, dependable distributed storage, error 

localization, data dynamics, Cloud Computing. 

 

I. INTRODUCTION 

loud Computing has began to receive mass attract in 

corporate organizations as it makes the data center be 

able to work like the Internet to share and access resources in 

safe and secure manner. CLOUD   computing  has   been   

envisioned  as  the   next- generation information technology 

(IT) architecture for enterprises, due to its long list of 

unprecedented advantages in   the   IT  history:   on-demand  

self-service,   ubiquitous network  access,   location   

independent   resource  pooling, rapid resource elasticity,  

usage-based pricing and  transference  of risk [2]. To provide 

data storage service, Cloud Computing utilizes network of 

enormous amount of servers generally running lower cost 

customer PC technology with peculiar connections to disperse 

data processing tasks across end users.As a disruptive 

technology with  profound implications,  cloud   computing  is  

transforming  the   very nature of how  businesses use 

information technology. One fundamental aspect of this 

paradigm shifting is that data are being  centralized or 

outsourced to the  cloud.  From  users‘ perspective, including 

both  individuals and  IT enterprises, storing data  remotely to 

the cloud  in a flexible on-demand manner brings  appealing 

benefits:  relief  of the  burden  for storage management, 

universal data  access  with  location independence,  and   

avoidance  of  capital   expenditure  onhardware, software, 

and  personnel maintenances, etc., [3]. 

Moving data into the cloud offers great convenience to users 

since they don‘t have to care about the complexities of direct 

hardware management. The pioneer of Cloud Computing 

vendors, Amazon Simple Storage Service (S3) and Amazon 

Elastic Compute Cloud EC2) [2] are both well known 

examples. While these internet-based online services do 

provide huge amounts of storage space and customizable 

computing resources, his computing platform shift, however, 

is eliminating the responsibility of local machines for data 

maintenance at the same time. As a result, users are at the 

mercy of their cloud service providers for the availability and 

integrity of their data [3]. On the one hand, although he cloud 

infrastructures are much more powerful and reliable than 

personal computing devices, broad range of both internal and 

external threats for data integrity still exist. Examples of 

outages and data loss incidentsof noteworthy cloud storage 

services appear from time to time [4]–[8]. On the other hand, 

since users maynot retain a local copy of outsourced data, 

there exist various incentives for cloud service providers 

(CSP) to behave unfaithfully towards the cloud users 

regarding the status of their outsourced data. For example, to 

increase the profit margin by reducing cost, it is possible for 

CSP to discard rarely accessed data without being detected in 

a timely fashion [9]. Similarly, CSP may even attempt to hide 

data loss incidents so as to maintain a reputation [10]–[12]. 

Therefore, although outsourcing data into the cloud is 

economically attractive for the cost and complexity of long-

term large-scale data storage, it‘s lacking of offering strong 

assurance of data integrity and availability may impede its 

wide adoption by bothenterprise and individual cloud users. 

Reason for moving into Cloud is simply because of Cloud 

allows users to access applications from anywhere at any time 

through internet. But in past, consumers run their programs 

C 



International Conference on Multidisciplinary Research & Practice                              P a g e  | 549 

Volume I Issue VIII                                                                   IJRSI                                                                         ISSN 2321-2705 
 
 

and applications from software which downloaded on 

physical server in their home or building. Cloud provides 

benefits such as flexibility, disaster recovery, software 

updates automatically, pay-per-use model and cost reduction. 

However Cloud also includes major risks such as security, 

data integrity, network dependency and centralization.  When 

storing customer‘sdata into cloud data storage, security plays 

a vital role. Sometimes customers store some 

sensitiveinformation in cloud storage environment.  This 

causes some serious security issues. So providing security to 

such sensitive information is one of the difficult problems in 

Cloud computing. In preceding works, several methods 

areproposed for securely storing data into Cloud. This paper 

discussed those methodologies and various techniques to 

effectively store data. Also analyzed the advantages, 

drawbacks of those techniques and provides some directions 

for future research work. 

We also provide the extension of the proposed main scheme 

to support third-party auditing, where users can safely 

delegate the integrity checking tasks to third-party auditors 

and are worry-free to use the cloud storage services. Our 

work is among the first few ones in this field to consider 

distributed data storage security in Cloud Computing. Our 

contribution can be summarized as the following three 

aspects: 

1) Compared to many of its predecessors, which only provide 

binary results about the storage status across the distributed 

servers, the proposed scheme achieves the integration of 

storage correctness insurance and data error localization, i.e., 

the identification of misbehaving server(s). 

2) Unlike most prior works for ensuring remote data integrity, 

the new scheme further supports secure and efficient dynamic 

operations on data blocks, including: update, delete and 

append. 

3) The experiment results demonstrate the proposed scheme 

is highly efficient. Extensive security analysis shows our 

scheme is resilient against Byzantine failure, malicious data 

modification attack, and even server colluding attacks. 

 

II. PROBLEM STATEMENTS 

 

A.  System Model 

The System and Threat Model 

We  consider a cloud  data  storage service  involving three 

different entities,  as illustrated in Fig. 1: the cloud user, who 

has large  amount of data  files to be stored in the cloud;  the 

cloud server, which  is managed by the cloud service 

provider to provide data   storage service   and   has  

significant storagespace  and  computation resources (we 

will not differentiate CS  and   CSP  hereafter);  the  third-

party  auditor,  who   has expertise and  capabilities that  

cloud  users  do not have  and is trusted to assess  the  cloud  

storage service  reliability on behalf  of the  user  upon 

request. Users rely on the CS for cloud data storage and 

maintenance. They may also dynamically interact with the 

CS to access and update their stored data for various 

application purposes. As users  no longer  possess  their  data  

locally,  it is of critical  importance for users  to ensure that  

their  data  are being  correctly  stored and  maintained. To 

save  the  computation resource as well as  the  online  

burden potentially brought by  the  periodic storage 

correctness verification, cloud  users  may  resort  to TPA for 

ensuring the  storage integrity of their  outsourced data,  

while  hoping to keep  their  data  private from  TPA. 

 
Fig. 1: Cloud storage service architecture 

 

We assume the data integrity threats toward users‘ datacan 

come from both internaland external attacks   at CS. These 

may include: software bugs, hardware failures, bugs in the 

network path, economically motivated hackers, malicious or 

accidentalmanagement errors,   etc.  Besides, CS can be self-

interested. For their  own  benefits,  such  as to maintain 

reputation, CS might  even  decide  to  hide  these data   

corruption  incidents  to   users.   Using   third-party auditing 

service provides a cost-effective method for users to gain trust 

in cloud.  We assume the TPA, who is in the business of 

auditing, is reliable and independent. However, it may harm 

theuser if the TPA could learn the outsourced design should 

achieve the following security and performance guarantees: 

1.  Public   auditability:  to   allow   TPA   to   verify   the 

correctness of  the  cloud   data  on  demand without 

retrieving a copy  of the  whole  data  or introducing 

additional online  burden to the cloud  users. 

2.  Storage  correctness: to  ensure that  there  exists  no 

cheating cloud  server  that  can pass  the TPA‘s audit 

without indeed storing users‘  data  intact. 

3.  Privacy preserving: to ensurethat the TPA cannot derive   

users‘   data   content from   the   information collected 

during the auditing process. 

4.  Batch   auditing:  to  enable   TPA  with   secure   and 

efficient  auditing  capability to  cope  with  multiple 

auditing delegations from  possibly large  number of 

different users  simultaneously. 

5.  Lightweight:  to   allow   TPA   to   perform 

auditingwith minimum communication and 

computation overhead. 

 

 

III. THE PROPOSED SCHEMES 

This section   presents our public   auditing scheme   which 

provides a complete outsourcing solution of data—not only 

the   data   itself,   but   also   its   integrity checking.   After 

introducing notations and brief preliminaries, we start from 
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an overview of our public auditing system and discuss two 

straightforward   schemes and   their   demerits.  Then,   we 

present our   main   scheme   and   show   how   to extent   

our main scheme to support batch auditing for the TPA upon 

delegations from multiple users.  Finally, we discuss how to 

generalize our privacy-preserving public auditing scheme 

and its support of data dynamics. 

STORAGE TECHNIQUES IN CLOUD COMPUTING 

In this section, various existing techniques have been dies- 

cussed. Cloud storage is regarded as a system of disseminated 

data centers that generally utilizes virtualization technology 

and supplies interfaces for data storage. 

A.  Implicit Storage Security to Data in Online 

Providing implicit Storage Security to data in Online is more 

beneficial in a cloud environment. Presented implicit storage 

security architecture for storing data where security is 

disseminated among many entities [8] and also look at some 

common partitioning methods. So data partitioning scheme is 

proposed for online data storage that involves the finite field 

polynomial root. This strategy comprises of two partitioning 

scheme. Partitioned data are saved on cloud servers that are 

chosen in a random manner on network and these partitions 

are regained in order to renovate the master copy of data. Data 

pieces are accessible to one who has knowledge of passwords 

and storage locations of partitioned pieces. 

B.  Identity-Based Authentication 

In Cloud Computing, resources and services are distributed 

across numerous consumers. So there is a chance of various 

security risks. Therefore authentication of users as well as 

services is an important requirement for cloud security and 

trust. When SSL Authentication Protocol (SAP) was 

employed to cloud, it becomes very complex. As an 

alternative to SAP, proposed a new authentication  protocol 

based on identity which is based on hierarchical model with 

corresponding signature and encryption schemes [2]. 

Signature and encryption schemes are proposed to achieve 

security in cloud communication. When comparing 

performance, authentication protocol based on identity is very 

weightless and more efficient and also weightless protocol for 

client side. 

C.  Public Auditing with Complete Data Dynamics 

Support 

Verification of data integrity at unreliable servers is the major 

concern in cloud storage. Proposed scheme first focused to 

discover the potential security threats and difficulties of 

preceding works and build a refined verification scheme 

Public auditing system with protocol that supports complete 

dynamic data operations is presented [3]. To accomplish 

dynamic data support, the existent proofread of PDP or PoR 

scheme is improved by spoofing the basic Markle Hash Tree 

(MHT). Proposed system extended in the direction of 

allowing TPA to perform many auditing jobs by examining 

the bilinear aggregate signature technique. 

D.  Efficient Third Party Auditing (TPA) 

Cloud consumers save data in cloud server so that security as 

well as data storage correctness is primary concern. A novel 

and homogeneous structure is introduced [4] to pro- vide 

security to different cloud types. To achieve data storage 

security, BLS (Boneh–Lynn–Shacham) algorithm is used to 

signing the data blocks before outsourcing data into cloud. 

BLS (Boneh–Lynn–Shacham)  algorithm  is  efficient and 

safer than the former algorithms. Batch auditing is achieved 

by using bilinear aggregate signature technique 

simultaneously. Reed-Solomon technique is used for error 

correction and to ensure data storage correctness. Multiple 

batch auditing is an important feature of this proposed work. 

It allows TPA to perform multiple auditing tasks for different 

users at the same. 

E.  Way of Dynamically Storing Data in Cloud 

Securely preserving all data in cloud is not  an easy job when  

there  is  demand   in  numerous   applications  for clients in 

cloud. Data storage in cloud may not be completely trustable 

because the clients did not have local copy of data stored in 

cloud.  To address these issues, proposed a new protocol 

system using the data reading protocol algorithm to check the 

data integrity [5]. Service providers help the clients to check 

the data security by using the proposed effective automatic 

data reading algorithm. To recover data in future, also 

presented a multi server data comparison algorithm with 

overall data calculation in each update before outsourcing it 

to server‘s remote access point. 

F.  Effective and Secure Storage Protocol 

Current trend is users outsourcing data into service provider 

who have enough area for storage with lower storage cost. A 

secure and efficient storage protocol is proposed that 

guarantees the data storage confidentiality and integrity [6]. 

This protocol is invented by using the construction of Elliptic 

curve cryptography and Sobol Sequence is used to confirm 

the data integrity arbitrarily. Cloud Server challenges a 

random set of blocks that generates probabilistic proof of 

integrity. Challenge-Response protocol is credential so that it 

will not exposes the contents of data to outsiders. Data 

dynamic operations are also used to keep the same security 

assurance and also provide relief to users from the difficulty 

of data leakage and corruptions problems. 

G.  Storage Security of Data 

Resources are being shared across internet in public 

surroundings that creates severe troubles to data security in 

cloud. Transmitting data over internet is dangerous due to the 

intruder attack. So data encryption plays an important role in 

Cloud environment.  Introduced a consistent and novel 

structure for providing security to cloud types and 

implemented a secure cross platform [7]. The proposed 

method includes some essential security services that are 

supplied to cloud system. A network framework is created 

which consists of three data backups for data recovery. These 

backups located in remote location from main server. This 
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method used SHA Hash algorithm for encryption, GZIP 

algorithm for compression and SFSPL algorithm for splitting 

files. Thus, a secure cross platform is proposed for cloud 

computing. 

H.  Secure and Dependable Storage Services 

Storage service of cloud permits consumers to place data in 

cloud as well as allowed to utilize the available well qualified 

applications with no worry about data storage maintenance. 

Although cloud provides benefits, such a service gives up the 

self-control of user‘s data that introduced fresh vulnerability 

hazards to cloud data correctness. To handle the novel 

security issue, accomplish the cloud data integrity and 

availability assurances, a pliable mechanism is proposed for 

auditing integrity in a dispersed manner [8]. Proposed 

mechanism allows users to auditing the cloud data storage and 

this auditing result utilized Homomorphic token with Reed-

Solomon erasure correcting code technique that guarantee the 

correctness insurance and also identifying misconduct servers 

rapidly. The proposed design is extended to support block-

level data dynamic operations. If cloud consumer is not able 

to possess information, time and utility then the users can 

assign their job to an evaluator i.e. TPA for auditing process 

in safe manner. 

I.  Optimal Cloud Storage Systems 

Cloud data storage which requires no effort is acquiring 

more popularity for individual, enterprise and institutions 

data backup and synchronization. A taxonomic approach to 

attain storage service optimality with resource provider, 

consumer‘s lifecycle is presented [9]. Proposed scheme 

contributes storage system definition, storage optimality, 

ontology for storage service and controller architecture for 

storage which is conscious of optimality. When compared 

with existing work, more general architecture is created that 

works as a pattern for storage controller. 

J.  Process of access and Store Small Files with Storage 

To support internet services extensively, Hadoop distributed 

file system (HDFS) is acquired. Several reasons are 

examined for small file trouble of native Hadoop distributed 

file system: Burden on Name Node of Hadoop distributed 

file system is enforced by large amount of small files, for 

data placement correlations are not considered, perfecting 

mechanism is not also presented. In order to overcome these 

small size problems, proposed an approach that improves the 

small files efficiency on Hadoop distributed file system [10]. 

Hadoop distributed file system is an Internet file system 

representative, which functioning on clusters. The cut-off 

point is measured in Hadoop distributed file system‘s 

circumstance in an experimental way, which helps to 

improve I/O performance. From taxonomic way, files are 

categorized as independent files, structurally and logically- 

related files. Finally perfecting technique is used to make 

better access efficiency and considering correlations when 

files are stored. 

K.  File Storage Security Maintenance 

To assure the security of stored data in cloud, presented a 

system which utilizes distributed scheme [11]. Proposed 

system consists of a master server and a set of slave servers. 

There is no direct communication link between clients and 

slave servers in the proposed model. Master server is 

responsible to process the client‘s requests and at slave server 

chunking operation is carried out to store copies of files in 

order to provide data backup for file recovery in future. Users 

can also perform effective and dynamic data operations. 

Clients file is stored in the form of tokens on main server and 

files were chunked on slave servers for file recovery. Thus 

proposed scheme achieved storage correctness insurance  and  

data availability by using Token generation algorithm with 

homomorphic token and merging algorithm were used. 

L.  File Assured Deletion (FADE) for Secure Storage 

Proposed a file assured deletion scheme based on policy to 

dependably efface files of cancelled file access policies [14]. 

Working prototype of FADE is implemented at the top of 

Amazon S3. Performance overhead is also evaluated on 

Amazon S3. 

a. . File Assured Deletion Based on Policy 

Data file is logically connected with file access policy and a 

data key. Each file access policy should be attached with 

control key. Maintenance of control key is the responsibility 

of key manager. When a policy is cancelled, control key of 

that policy will be dispatched from the key man- ager. The 

main idea is as follows: each file with data key is saved and 

control key is used to protect data key. Here key manager is 

responsible for retaining keys. The control key is deleted 

when a policy is cancelled. So that the encrypted file and data 

key could not be regained. In case the file is removed still a 

copy exists, that file is encrypted and unavailable to everyone. 

Multiple policies such as conjunctive and disjunctive policies 

are also presented. Conjunctive policies are used to recover 

file by satisfying all policies whereas disjunctive policies 

satisfying only one policy. Conclusion is FADE is executable 

in practice and this approach includes all dynamic data 

operations. Cryptographic operations are less and meta-data 

over- head is small. 

M.  Accessing Outsourced Data Efficiently 

An approach is proposed to attain flexible access control and 

dynamic large-scale data in a safe and effective way. An 

Owner-write-user-read scenario is presented for accessing 

data [12]. Original data owner be only able to update/modify 

their data. Cloud users will be able to read information with 

corresponding access rights. Proposed approach deals with 

key generation, dynamics handling and overhead analysis. In 

key generation part, a key derivation hierarchy is generated 

and Storage over- head is moderated. Dynamics handling part 

consists of dynamic data operations and access rights of user. 

Eavesdropping can be overcome by over-encryption and lazy 

revocation. 
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IV. CONCLUSION 

Cloud Computing is an emerging computing paradigm, 

allows users to share resources and information from a pool 

of distributed computing as a service over Internet. Even 

though Cloud provides benefits to users, security and 

privacy of stored data in cloud are still major issues in cloud 

storage. Cloud storage is much more beneficial and 

advantageous than the earlier traditional storage systems 

especially in scalability, cost reduction, portability and 

functionality requirements. This paper presented a survey on 

secure storage techniques in Cloud Computing. First several 

storage techniques that provide security to data in cloud have 

been discussed in detail and also highlighted the necessity 

for future research on storage methods to provider much 

better security and accountability. Finally, presented a 

comparative analysis on storage techniques, that includes the 

proposed approach, advantages and limitations of those 

storage techniques. 
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Abstract—Surveillance cameras are video cameras used for the 

purpose of observing an area. Sensitive areas need to be 

observed continuously for security reasons. The security of 

these areas shall not be depending on the size of an area but, 

shall be considered on the high priority of security. Before few 

decades this task was done by the humans, but now it is not 

possible for human to keep watch day and night (24x7) on such 

areas. We all know that there is massive increase in theft in 

either in one or more ways. Human can easily be distracted and, 

a small distraction is sufficient for thieves to break the security. 

System is proposed and presented using our own data set 

captured in laboratory datasets. The proposed system works on 

QVGA (Quarter Video Graphics Array) resolution at which 

most CCTV (closed circuit television) cameras operate and uses 

a simple mathematical model for detection of human and object.    

Proposed work is a combination of base works as    1: Real time 

video feed. 2: Discover frame from the video after fixed time 

interval. 3: Dual time background subtraction algorithm which 

periodically updates two sets of background.    4: Deriving a 

reference image. 5: Maintaining a Buffered Background 

image/frame. 6: Blob detection. 7: Motion Tracking. 8: Object 

tracking. 9: Detection and maintaining log of and Alarm 

signalling. An algorithm for tracking of abandoned objects even 

under occlusion is also proposed.  

 

Keywords- Video Surveillance System, Image Separation, Noise 

Removal, Human Detection, Handling occlusion, left baggage 

detection, background segmentation, tracking 

I. INTRODUCTION 

Video surveillance system for maintaining the security at all 

possible level is being used by human since last two decades. 

In early phases of video surveillance system the video 

captured by the cameras (on site) would simply be displayed 

on the screen present in the control room. Continuous 

monitoring of displayed video is done by human recourse for 

any abnormal activities. In recent years it has been observed 

that there is massive increase in terrorist attacks on public 

places. Train stations, bus stations, airport, subways, 

shopping malls, markets are the most targeted areas of these 

attacks. Even the CCTV surveillance systems are present in 

these areas, but the analysis of footages that has been 

captured by these CCTV‘s, are rarely observed by humans. 

Resent studies explores and analyze the limitations or 

effectiveness of human being in analyzing and processing the 

footages particularly of crowded scenes in surveillance 

system consisting of many cameras[1-3].  

Automatic video surveillance is becoming increasingly 

important in many applications, including traffic control, 

urban surveillance, home security and healthcare. With the 

innovation of intelligent (smart) cameras having greater 

processing capabilities it is possible to design the system that 

can detect the suspicious behaviors and abandoned objects.   

There are many algorithms suggested by many researchers to 

handle the problem human tracking and abandoned object 

detection. In practice many of these algorithms are based on 

complex mathematical manipulation to solve simple 

problems, because of this many of these algorithms failed to 

perform adequately.  

 This work presents a system based on a simplistic and 

instinctive mathematical model that works efficiently with 

standard input which is the industry standard for most CCTV 

cameras. The proposed work consists of a dual background 

subtraction technique which is based on Approximate 

Median model framework. Algorithms for tracking 

abandoned objects with or without occlusion are also 

proposed. 

    

II. LITERATURE SURVEY 

 
Basically there are three conventional approaches to 

moving object detection: temporal differencing, optical flow 

and background estimation methods. Temporal differencing 

[4] is a technique which work better for environments that 

are dynamic in nature, but the same technique is not so good 

when need to extract the relevant quality pixels[6].The 

technique used to detect an independently moving object in 

presence of motion camera is Optical flow method [4], [5], 

[7]. In practice the optical flow methods are complex and not 

applicable for real-time algorithm.  

In the next part of system few algorithms and 

methodologies have been proposed for Abandoned Object 

Detection. A. Singh has proposed the some method on dual 

background segmentation in which blob detection, tracking 

is done [1].A robust method has been proposed for 

recognizing abandoned object detection and also proposed a 

method based on illumination of foreground mask[8]. 

Objects that are deserted and removed from the site need to 

be handled; the solution for this situation is evolved by Lin 

et.al [8]. For real-time environment two methods are 

proposed based on Gaussian mixture model for object 

detection among two one is efficient and another one is 

robust [2]. 

III. SYSTEM OVERVIEW 

3.1 System Design Overview  

Overall design of the proposed system is as shown figure 

1. It consists of few modules connected, that describe the 
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operational flow of the system. Every module is designed in 

modular method, it helps to easily modify respective module. 

This method will help to maintain the compatibility of input 

and output data types used with respective module. The 

modules are separated as in processing blocks. The blocks 

are: Data extraction and conversion unit; Background 

subtraction module; object tracking and occlusion detection 

block and Alarm rising and display of result unit. 

A live video stream is provided as an input to the system, 

this video stream is segmented in to images or we can say 

that a sequence of images. With constant time interval the 

sequence of images is mapped in to a frame. These frames 

help to discover the reference image for initial reference 

background. Now considering the pixel features height, 

width and intensity of each pixel a 3D intensity matrix (for 

reference image) is passed as an input to the Background 

Subtraction module. 

 

 
Figure 1: Overall system operation 

3.2. Background Segmentation  

 There are many authors who have suggested many 

background subtraction methods. Based on the Gaussian 

mixture model is most popular method which was suggested 

by Friedman and Russell [9] first time. Several other authors 

modified this method according to the need of their work.   

An algorithm is proposed based on Approximate Median 

algorithm for background subtraction. This method is 

dynamic, easily adaptive, and instinctive in nature. In this 

work the information about pixel like color/intensity is used 

for background processing. As this system maintain the two 

different background frames, so the complex mathematical 

manipulation is reduced and, this will help to maintain 

system self-adaptability for real-time 

In this work the moving object or crowd, changes in light 

effects etc. are considered for maintaining the buffered 

background and current background with specific time 

interval for motion detection and object detection 

 

3.3 Algorithm 

 Based on Approximate median model for separation of 

foreground and background an algorithm is proposed in this 

system [10]. Tow reference background images are 

considered for comparison purpose. These two are named as 

Buffered background and Current background.      

This background separation technique is called as a dual 

background separation method. 

First background is initially stored and updated to buffered 

background and the second background is updated 

dynamically and updated to current background image 

 

The discovered first reference frame is considered as 

buffered background. The pixel intensity of buffered 

background frame is compared with the next frame that is 

being discovered after fixed time interval (0.4sec). If the 

comparison of pixel intensity is less than the current 

background updated and unit incremented by 1, if it is 

greater than the unit will be decremented by 1. In case the 

comparison is equal the pixel intensity will not be changed. 

This is how even in speed changing foreground will not the 

background reference, but for stationary foreground, it will 

merge into reference background 

Buffer background is nothing but the stored image reference 

background. And the changed observed in those pixel 

belongs to stored background are considered as the current 

background. This cycle is repeated at fixed time interval of 

20sec. 

This difference is represented in the form of binary image, 

in that the white portion of image is used to represent the 

foreground (it is referred as bloob).  

 

IV. OBJECT  DETECTION 

In this module, the binary image divide from the previous 

unit into a number of legitimate blobs (rectangular regions 

enclosing continuous regions of foreground). Once the blobs 

and their various properties like area, centered place etc. 

have been generated, the tracking algorithm is applied. 

4.1 Mathematical Model 

Let us suppose that, after blob analysis, we get ‗N‘ 

number of blobs, each with its enclosing region Rn (t, l, h, 

w), its area ‗An‘ and centered Cn(i,j). 

 

 

                     (t,l) 

           

 

                            h 

 

 

                                              w 
Figure 2: A typical blob 

 

Where, 

t is the pixel value at top position; l is the pixel value at left 

position; h is the blob height; and w is the blob width;         

and 1<  n  <  N 

 

 

Let ‗T‘ be the set of tracked blobs such that, 

 

T = [ Bn : Bn  = { Rn (t, l, h, w), An , Cn (i, j), tn, mn}] 

∀1<  n  <  M 

Where, 

  

 

            (i,j) 
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M is the tracked blobs number; tn is the frames for which 

the blob has been tracked and mn is the successive frames for 

which the blob being tracked. 

After analysis of the present frame we got a set of blobs 

let us represent it with ‗P‘, and its objects as bn, which are N 

in number. Then the set of blobs is  

 

T = [ bn : bn  = {rn (t, l, h, w), an , cn (i, j), tn, mn}] 

∀1<  n  <  N 

 

4.2 Blob detection 

Binary image is provided as an input to an algorithm one 

which described and returns various properties of the 

detected blobs as bounding box, area, centred place etc. A 

simplified version of the algorithm is as follows: 

1. Discover and create a region counter. 

2. An image is scanned from all four directions, from 

left to right and from top to bottom. 

3. Check for every pixel the north and west pixel (4-

connectivity) or the northeast, north, northwest, 

and west pixel (8-connectivity) to find out intensity 

value of 1 in the binary image (termed as criterion 

of blob analysis). 

4. If the neighboring pixel intensity is not fitting into 

the criterion assign a value to region counter. 

Increment the region counter. 

5. When any one neighboring pixel fits into the 

criterion, that pixel is assigned to that region. 

6. With multiple regions, if more than one neighbor 

matches the criterion of the same region then 

assign pixel to their respective region.  

7. If the members from different regions match the 

criterion, assign those to any one of region 

amongst present and notify those of that region and 

are equivalent. 

8.  Image is scanned again and the same value is 

assigned to all the regions those are equivalent. 

4.3 Tracking 

Tracking is the next process in object detection. 

Tracking different blobs to find out relationship with 

abandoned object In tracking module the first step is to 

create a set whose members have three variables: 1.blob- 

Properties. 2. hit count. 3. miss count. In the next step 

the incoming image is analyse for all the blobs. If due to 

change in area, centred place changes, the comparison of 

any element variable of set is below threshold value, we 

try to increment the count of hit count and reinitialize 

miss count to zero; otherwise a new element is created in 

set with respect to properties matching to incoming 

image blobe element property, also by reinitializing hit 

count and miss count to zero.  

All the elements of the set are run in loop. As threshold 

value is set for blobe and, if hit count value rises above 

this threshold, an alarm is triggered. An element is 

deleted from the set, if the miss count is below threshold 

value. These steps repeated until no image.  

 
Pseudo Code for Tracking 

 

Take area, centroid, bounding boxes (bbox) and the total 

number of blobs (n) as input from Blob Analysis block. Let 

Track=empty set of vectors of type t where t=(area, centroid, 

bbox, hit count, miss count, active, occluded) 

 

m= Track.Size 

      For i=1 to n 

           c=0 

        For j=1 to m 

          If (percentage background in Track[j].area<50) 

             Then Track[j].occluded=true 

          End 

        If (|area[i]–Track[j].area|/area[i] <.05 and 

|centroid[i]– 

           Track[j].centroid|/centroid[i]<.05) 

           Then Track[j].active =true, c=1, 

        break from loop 

     End 

   End 

If c=0 

      Then k=Track.size++, 

    Track[k].area = area[i]; Track[k].centroid = centroid[i]; 

   Track[k].bbox = bbox[i]; Track[k].hitcount = 1; 

  Track[k]. active = true; 

End 

End 

m= Track.Size 

     For j=1 to m 

      If (Track[j].active==true) 

        Then 

         Track[j].hitcount=Track[j].hitcount+1; 

        Track[j].miscount=0; 

     If (Track[j].hitcount > 4) 

Don‘t update pixels of Track[j].bbox in buffered 

background 

End 

     If (Track[j].hitcount > 40) 

      Then raise alarm for Track[j] 

     End 

     If (Track[j].active==false and misscount >3) 

       Then delete Track[j] 

     End 

    End 

    Update the buffered background 

 

4.4 Occlusion Detection and Tracking 

If the major region of blob is covered with foreground, the 

bolb is said to be occluded.  The tracking of the blob is 

continuing either region is occluded or area and centorid is 

matched with any of blob set 

An alarm is raised if tn> threshold. The blob is removed 

from T if mn>3. This idea is similar to the occlusion 

detection method, but instead of keeping track of two 

different foregrounds, system proposes the following 

modification. 

Consider that a particular portion of the frame containing 

the blob that is being tracked (i.e. present in the ‗Track‘ set 

of blobs) is now occluded. Due to this occlusion, the blob 

signifying that the particular object won‘t be included in the 

present set of Track.  
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The new frame of blob which was tracked with previous 

frame having few possibilities as:  

 A case in which an object may be removed from the 

location, the background pixel should contain object 

representation. 

  At the same location there may be new object.  

 A new object may completely or partially occludes 

the old object. 

 

To deal with occlusion we have added the following two 

steps to the tracking algorithm: 

Step 1: Number of pixels of buffered background which 

are same as that of current background for that element of set 

Track which has suddenly stopped being tracked (due to 

occlusion, or removal from scene). If it‘s below a threshold 

value, check the blob has been tracked enough long, and the 

hit Count is above a threshold value, we label this element of 

the set Track as occluded. 

Step 2: A blob labelled occluded remains in the Track set; 

i.e. its hit Count is incremented, and the miss Count is 

reinitialized. 

Rest of the tracking algorithm remains same. 

4.5 Alarm and Display 

System uses the Raise-alarm flag from previous units and 

highlights that part of the video for which the alarm has been 

raised. System also displays the binary-image (without 

background) video so that the operator can fine tune the 

value of   for shadow and reflection subtraction.  

V. CONCLUSION 

This Proposed work helps for security of educational 

institute under video surveillance, system based on a dual 

background segmentation scheme. Blob analysis is done on 

the segmented background. For tracking the blobs a dynamic 

tracking algorithm is proposed. In this proposed work, 

simple and less complex mathematical manipulations are 

handled to avoid expensive filtering techniques to 

accomplish better results. Still the research is going on in the 

detection techniques.     
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Abstract-- Management and Health System has, over the 

years, become a critical ingredient in Diet Recommender 

System. In this fast paced life, it has been observed that people 

very seldom  give importance to the quality of food they 

consume. Fast food consumption among the people of all age 

groups has increased drastically. And this consequently,  has 

lead to unhealthy food habits among the people. Hence it has 

become very essential to have a good balanced nutritional 

healthy diet.  Not only does it reduce the tendency of falling ill, 

by building up the immune system but also increase the 

resistance to diseases such as high cholesterol, obesity, high 

blood pressure, ulcers and diabetes and heart attacks. This 

paper emphasizes on major important nutrients such as 

Carbohydrates (C), Fats (F) and Proteins (P). Selecting what 

food to eat for good nutrition is a highly imperative task, and 

utmost care and precaution should be taken. In this paper we 

have developed ways and parameters to decide whether the 

food is nutritional enough for consumption or not. This task 

can be accomplished using Decision Theory- a vital topic of 

Operational Research. It is an integration of various MIS and 

OPT concepts to show how the different theories and lines of 

research fit together to bring out the best results for the task 

being performed. 

Keywords—Management, Health System, Decision Theory 

MIS: Management Information System, OPT: Optimization 

Principles and Techniques 

I.   INTRODUCTION 

he heart of any organization is data. Data of its 

employees, prospective customers, clients or suppliers. 

Conversion of this relevant data into information, storing 

excess data for future use, updating the system with new 

data instantaneously,  are all functions of a Management 

Information System 

II.   MIS 

 From a technical perspective, an information system 

gathers, stores, and distributes information from an 

organization's environment and internal operations to 

support organizational functions and decision making, 

communication, coordination, control, staffing , directing 

and analysis. Information systems transform raw data into 

meaningful information using 3 basic principles: Input, 

Processing, and Output. 

 From a business perspective, an information system 

provides an optimized solution to a problem faced by a firm 

and represents a combination of 3 elements: management, 

technology and organization. The management dimension 

of information system involves issues such as leadership, 

strategy and decision making. The technology dimension 

comprises of hardware, software, data management and 

networking technology. The organization dimension of 

information systems involves issues such as the 

organization's hierarchy , functional specialties, business 

processes, culture, people  and political interests groups. 

 MIS are typically computer systems used for managing. 

They have five components, each for, hardware, software, 

data, procedures and people. MIS highlights company's 

strengths and weaknesses in the form of reports, acts as a 

communication and planning tool, helps in obtaining 

feedback and gives a company a competitive edge. An MIS 

in effect, describes a company and its resources. Hence, 

inculcation of MIS in a business is a must in today’s time. 

III.   NEED TO SELECT FOOD WITH GOOD 

NUTRITIONAL QUALITY 

 With the pace of life drastically accelerated in the 

current scenario, fast-food has become more and more 

popular in daily life, which has basically lead to 

deterioration in the eating habits of the people. An 

important healthy eating tip is to eat foods with antioxidant 

properties to defend the body from viral and bacterial 

attacks and to maintain sufficient water intake. This tip is 

not only essential for the people but also plays a vital role in 

helping the dieticians calculate the nutritional quality of 

varieties of food and thereby select the food with highest 

nutritional quality for consumption, as well as 

recommendation. Thus, in order to solve this problem, we 

design a proposal of healthy eating analyzing and 

recommender system, which would track the eating habits 

and recommend the types of foods that improve health and 

avoid the types of foods that increase the risk of various 

illness and diseases. 

IV.  THE PROBLEM 

 To understand the need to select food with good 

nutrition, amongst the given alternatives, we consider an 

example of a company, Young and Healthy You, which 

hires a dietician to help the company decide which food are 

healthy enough for consumption and, whose inclusion in 

the daily diet would supply the body with all the basic and 

necessary nutrients in the desired amounts. For this 

purpose, the dietician selects three vital nutrients which 

he/she considers to be a basic necessity in the human body-

  Carbohydrates, Fats and Proteins, and specifies along their 

percentage requirements. Depending on the food we 

consume we intake different percentages of these three 

nutrients. Hence, out of the four alternatives, he/she needs 

to select the healthiest food.   

V. SOLUTION 

 This problem can be solved by calculating Nutrition 

Score of all the candidates using some mathematical tools 

of Operation Research. The best Nutrition score can be 

found out using Optimization Principles and 

T 
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Techniques and the food satisfying all the criteria can be 

chosen as the healthiest and most suitable for consumption. 

 Operations Research is a scientific approach to 

problem solving for executive decision making which 

requires the formulation of mathematical, economic and 

statistical models. 

 Optimization Principles and Techniques falls under 

the domain of "Operations Research". 

 Decision Making is an integral part of any business 

organization. The process involves selecting the most 

optimum alternative among several decisions through a 

proper evaluation of the parameters of each decision 

environment. It basically revolves around 3 main 

functions: Goal, Criteria, and Alternatives. 

 Since the coefficients of our objective function are 

constants and the decision alternatives can be interrelated 

by well defined mathematical linear functions, the optimal 

solution can be calculated under Decision under 

Certainty category. This section presents a different 

approach for the situations in which emotions and feelings 

are quantified to provide a numeric scale for prioritizing 

decision alternatives. The approach is known as 

the Analytic Hierarchy Approach (AHP). 

 The analytic hierarchy process (AHP) is a organized 

technique for structuring and analyzing complicated 

decisions, based on mathematics and psychology. The 

criterions and alternatives of the hierarchy can relate to all 

the aspects of the decision problem—accurately measured 

or roughly estimated, tangible or intangible, important or 

vague ideas- all that applies to the decision at hand. 

 The procedure of AHP can be summarized in 6 simple 

steps: 

1 Decompose the decision problem into categories of 

more easily comprehended sub-problems, that can be 

analyzed without any dependency. 

2 Model the problem into a hierarchy containing the 

decision goal, evaluation criteria and the alternatives 

for achieving the goal. 

3 Establish priorities among the elements of the 

hierarchy by making a series of judgments based on 

pairwise comparisons, thereby determining the 

weight given to each criterion and systematically 

evaluating the relative importance of various 

elements:  Alternatives vs. Criteria and Criteria vs. 

Goal 

4 AHP converts these evaluations to numerical values 

called priorities, that can be processed and compared 

over the entire range of the problem. Priorities allow 

diverse and often incommensurable elements to be 

compared to one another in a consistent and rational 

way. We determine these using the AHP matrix. 

5 Check the consistency of the judgments. 

6 Make the final decision based on the results of this 

process. 

 

 

 

5.1. Tables 

 
Table 1. Carbohydrates 

 A B C D PR 

A 1 3 1.66 5.66 0.4694 

B 1/3 1 1/1.33 2.66 0.1845 

C 1/1.66 1.33 1 4 0.2729 

D 1/5.66 1/2.66 1/4 1 0.0733 

 
Table 2. Fats 

 A B C D PR 

A 1 1/1.66 1/5.33 1/1.33 0.3645 

B 1.66 1 1/1.66 2.33 0.2592 

C 5.33 1.66 1 4 0.5033 

D 1.33 1/2.33 1/4 1 0.1267 

 
Table 3. Proteins 

 A B C D PR 

A 1 5.66 4 1/3.33 0.2901 

B 1/5.66 1 2.66 1/4.33 0.1111 

C 1/4 1/2.66 1 1/7 0.0598 

D 3.33 4.33 7 1 0.5390 

 

 
VI. OPTIMIZATION 

 
Table 4. Priority Table 

 C F P PR 

C 1 5 6.66 0.6756 

F 1/5 1 1.66 0.1469 

P 1/6.66 1/1.66 1 0.0939 

6.1. Hierarchy Criteria 

Goal : Select food with the best nutritional quality 

Criteria : Carbohydrates, Fats and Protiens 

Alternatives : Food A,B, C and D. 

Nutrition Score = (0.6756V + 0.1469W + 0.0939X) x 100 

Where V = Percentage composition of Carbohydrates in  

          Food 

  W = Percentage composition of Fats in Food 

  X = Percentage composition of Protiens in Food 
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VII.  CASE STUDY 

 After calculating the Nutrition Score of the 4 food 

items, we now take 3 case studies: Best case, Average case 

and Worst case. 

  

7.1. Best Case 

  

 The Nutrition Score of Food A comes to be 39.79, 

which is the highest when compared with all the 

alternatives. With quite appropriate percentages of 

Carbohydrates, Proteins and Fats compositions, Food A 

happens to be the most nutritional diet, fulfilling all the 

criteria of the dietician in the most effective manner(both 

by analysis and nutrition score), and hence gets selected as 

the healthiest diet. 

  

7.2. Worst Case 
  

 The Nutrition Score of Food D comes to be 11.87, 

which happens to be the least amongst the given 

alternatives. Since the percentages of Carbohydrates, Fats 

and Proteins is in extremely less quantity, it is least 

preferred and thereby holds no chance in the selection 

process and is not fit for consumption because of the 

relatively poor nutrients content in it. 
  

7.3. Average Case 
  

 The Nutrition Score of Food E comes to be 26.37 which 

turn outs to be an average value. With moderate amount of 

Carbohydrates, high amount of Fats and low amount of 

Proteins, it satisfies partially the criteria of the dietician. 

More closer the percentages of the nutrients in the diet, to 

the desired percentage requirements as defined by the 

dietician, more is the food item preferred over the others. 

VIII.  CONCLUSION 

 Rather than prescribing a "correct" alternative, the AHP 

helps decision makers find the most optimized solution that 

best suits their goal. It provides a comprehensive and 

rational framework for structuring a decision problem, for 

representing and quantifying its elements, for relating those 

elements to overall goals, and for evaluating alternative 

solutions. The hierarchical modeling of the problem, the 

possibility to adopt verbal judgments and the verification of 

the consistency are its major assets. However, it has some 

limitations too. It is very difficult to analyze and optimize 

non-quantifiable factors like soft skills. The performance 

needs to be measured objectively in such cases which can 

prove to be very difficult to put in numerical terms. Rank 

Reversal can also create a problem. Another important 

disadvantage of the AHP method is the artificial limitation 

of the use of the 9−point scale. Sometimes, it might get 

difficult to distinguish among them and tell for example 

whether one alternative is 6 or 7 times more important than 

another. 
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Abstract— MANETs are an emerging type of wireless 

networking in which mobile node associate on an 

extemporaneous or ad hoc basis. In today’s scenario, 

popularity of ad hoc networks are rapidly increasing, data 

rates are raised and their respective prices are going down. 

From the establishment of ad hoc networks to present, 

number of routing protocols has been introduced; though 

very few of them are capable of producing effective and 

efficient routing. In this paper , we have try to compared the 

results of two  routing protocols namelyReactive and 

Proactive by considering different web based application like 

HTTP, FTP, e-mail, Video conferencing etc. 

Key terms—AODV,TORA,ZRP,OLSR 

I. INTRODUCTION 

 

n “MANET” M stands for “mobile” A for “Ad hoc” 

and NET for “network”, on  putting these words 

together they will form Mobile Ad hoc Network  that 

means continuously configure its route and infrastructure 

by itself without using any cable wires or any physical 

entity. MANET has a feature that every individual mobile 

node is free to move in any direction as user wants. Sothe 

changing into its links to other device will be very 

frequently. The main focus in MANET is equipping each 

device to continuously maintain the information required 

to properly route traffic.  There are different types of 

MANET [1], like Vehicular MANET in which two 

different vehicles have communication which will provide 

enhanced version of vehicle. Internet MANET which 

means mobile nodes are interconnected with each other 

using internet. Military/tactical MANET which will 

provide special connectivity between military candidates 

.When two nodes wants to communicate with each other, 

it is essential to find a path between them, termed as 

ROUTING.[5]Various protocols were introduced for 

routing, but only few of them are being very popular. 

Some researchers categorized routing protocols of 

MANET into two types:Link state protocol and Distance 

vector routingprotocol.[3] Broadly theyare divided into 

threecategories:Reactive,Proactive,hybrid. 

Several researches had been made in the last decade but 

onlyPGP trust based security get popular. 

 
     Fig1.1. various types of ad-hoc routing protocol. 

 II. APPLICATION FIELDS OF MANET 

 

The area of implementation of MANET is very wide or we 

it is worldwide. For example in a regular person life 

wireless technology is playing a very important role which 

is good example of MANET by which a person is free to 

move within a range with the provided access to connected 

network.In autonomous sensor system is also a vast area 

of MANET.[7]In Business environment, MANET rather 

than WLAN is preferred as it  made people free from 

wire/cable implementation.[7].  

 

III. DESCRIPTION OF ROUTING PROTOCOLS  

 

1. Reactive protocol 

Protocols which setup their routes on-demand are known 

as reactive protocols. When a device wants to start 

interaction with another device where route is unknown, 

this routing protocol will try to find out path such a route.  

•ADOV 

The “AODV” stands for Ad-Hoc On-Demand Distance 

Vector routing protocol which is basically reactive 

protocol which follows the basic idea that data is only sent 

by nodes on-demand. When a device wants to send some 

data to a host, where path is unknown, then protocol will 

release a request to be flooded to other devices, which 

will called as RREQ route request. This will lead to 

CTO(control traffic overhead) to be dynamic, that’s why 

result will have initial delay, while starting such 

interaction. When flooded Route request reaches to its 

I 
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proper host, then route is said to be found [1]. Protocol 

stays passive, how long route exits between two devices. 

If somehow route becomes lost or not valid, then protocol 

has to release RREQ again. For every route, this protocol 

tries to escape from the “counting to infinity” by using 

sequence number from the classical distance vector 

algorithm. This problem arises when nodes updates about 

each other in loop [8].  

3 control statements are used by the protocol for 

maintenance of route: 

RREQ – When device wants to establish path between 

itself and another device, RREQ requires. This protocol 

uses Expanding Ring Technique (ERT) for optimization 

purpose while flooding these request messages to other 

nodes. Each RREQ has its TTL(time to live) values which 

shows the number of hops to be forwarded of this 

message. The TTL value is set to be fix to a pre decided 

value at the first transmission and increases at every 

retransmission. Retransmissions occur only if when have 

no reply from other nodes. The Data packets waiting for 

the transmission should be transmitted by a FIFO order 

and buffered locally when a route is set. 

 

RREP – this message is transmitted by destination host to 

that node who was finding route.  

 

RERR - An essential route maintenance task is to monitor 

the link status of upcoming nodes in active paths. If a link 

breakage is detected in an active route, then a RERR 

message is used to send to other nodes to notify them 

about the loss of the link. Each node keeps a ``precursor 

list'', so that it can enable this reporting mechanism, 

having the IP address of each its neighbors devices who 

are likely to use it like a next hop towards each 

destination. 

•DSR 

Distance source routing (DSR) is apopular reactive 

protocol, developed at Carnegie Mellon University, 

Pittsburgh USA and it is ademand driven protocol. DSR is 

a core protocol unlike AODV which is combination of 

DSR and DSDV [1]. This protocol is based on thebasis of 

source routing. Source routing is a mechanism where a 

packet sending node knows about the whole sequence of 

the nodes by which packet has to go through. The purpose 

of this protocol was to enable the use of multi hop 

wireless MANET. This protocol is said to be complete 

self-organized and self-configured protocol. This protocol 

is combination of two main operations they are  

(a) Route discovery process, where node searches for an 

optimum route between source and destination node. 

(b) Route maintenance, who ensures that searched 

optimum path is stable and free of loop. 

•TORA 

“TORA” stands for temporally ordered routing algorithm, 

and this protocol follows LTP’s (link traverse protocol) 

topology. According to LTP there should be multiple 

routes provided in MANET to send data packets to 

destination by source. This protocol becomes popular and 

efficient due to its adaptability and scalability. There are 3 

basic operations of this protocol and they are Create 

routes, Maintain routes, Erase routes. 

2. PROACTIVE PROTOCOL 

In proactive protocols routing is based on table-driven 

approach. In this approach every node has its routing table 

maintained about the nodes which comes in its range so 

that node does not have searching overhead for route 

between source and destination. In this approach all nodes 

have knowledge about. The best part of these protocols is 

routing traffic overhead is always constant and no initial 

delay. 

•OLSR 

OLSR is Optimized Link State routing (OLSR) which is 

a table-driven pro-active protocol. An optimized manner it 

uses link state routing to diffuse topology information. In 

this algorithm the information of link state is flooded in 

whole network. This approach is used by OLSR, but it is 

known that protocol runs in wireless multi-route form 

then an optimized way will be used to broadcast message 

to save bandwidth. TheMulti Point Relaying optimization 

technique is used as it is a table-driven approach, the main 

task in OLSR is to update and maintain the information in 

form of table. The received control traffic will make 

changes in data in tables and that received data will be 

used to control traffic activities from the table. The route 

calculation itself is also driven by the tables. 

OLSR has 3 essential control messages: 

HELLO –This message will be broadcast to all nearby 

nodes to do sensing of nearby nodes and to calculate MPR 

of all of them. 

 

 TC - Topology Control theses messages provide signal of 

the link state at OLSR [9]. To optimize this conversation 

MPR value contributes a lot. 

 

MID - Multiple Interface Declaration These messages are 

transmitted by active nodes in OLSR who has more than 

one interface. All IP addresses used by a node is listed by 

this message. 

 

3. HYBRID PROTOCOL 

 

To gain theefficiency of both Reactive and Proactive 

protocol, another category will know as Hybrid 

protocols. In these protocols strategy of both protocols 
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are to be followed. As of table driven approach, Proactive 

protocols are meant to be in limited area (zone), whereas, 

reactive protocols will find the route of those nodes who 

are presented outer of that zone. 

 

•ZRP 

 

A common fact about interaction is that it takes places 

between those nodes which are close to each other. 

ZONE ROUTING PROTOCOL (ZRP) protocol follows 

this fact and so it divides the whole network in a number 

of zones. Proactive protocols are used to find all nearby 

neighbor nodes and Reactive is used to connect with the 

nodes out sided of the zone [2]. In Zone perimeter, 

number of hops will define the size of zone. Dependencies 

of zone size are strength of signal, required power 

availability and last reliability of different nodes. ZRP is a 

combination of three protocols: 

 

(a)IARP Intra zone routing protocol, which monitors the 

route discovery mechanism inside of zone. 

 

(b)IERP Inter zone routing protocol, which work for route 

discovery and route maintenance outside of the zone. 

 

(c)BRPBorder cast Resolution Protocols, in perimeter 

nodes this protocol optimizes routing overhead. 

 

IV. ANALYSIS OF DIFFERENT SIMULATIONS  

 

Simulation means to observe the result of running 

process in given environment. For example to simulate 

different events like sending, receiving, forwarding and 

dropping packets is a part of evaluation of routing 

protocols. To simulate different events at a same time, 

we require software called as simulator, for example 

NS-2.34. An object oriented simulator written in C++, 

with OTcL interpreter as a front end. Because most of 

the scripts for simulation are written in TcL(Tool 

command Language). The result is presented 

graphically on its screen.For this simulation we use 

OPNET(Optimized Network Engineering Tool) 

simulator.The first simulation model we are here to 

describe is run with 25 nodes and a WLAN server 

randomly distributed over in a square area of 

800m*800m. The movement of nodes is according to 

mobility model “Random waypoint” with aspeed of 3 

meters per second and a pause time of 100 seconds. 

The comparison is also made between heavy and light 

traffic. Heavy traffic means browsing so fast like 60 

pages per hour, if we consider 10 objects per page and 

12000 bytes per object, then it will become heavy 

traffic.Light traffic means browsing so slow like 5 page 

per hour. Two basic parameters of performance are: 

 

Throughput:It is the rate of the successful message 

delivery over a communication channel. It is measured 

in Bits per sec. It is a synonymous of digital bandwidth 

consumption. 

 

Delay: This is the time it takes for a packet to be 

transmitted from the source node to the destination 

nodes. It is expressed in seconds. Short delay is 

desirable. 

 

 
 

Fig.1.2.Throughput comparison of protocols. 

 

This graph shows that OLSR has highest throughput in 

comparison of all other protocols. Because OLSR does 

not need to find route, a routing table is already 

maintained over there. Due to increment in load, 

TORA has lowest throughput. 

 

Another simulation was done on NS-2 simulator using 

CBR traffic source. Random waypoint, Mobility model 

was used in 500*500m
2 

square shape area. Comparison 

between ZRP, DSR and DSDV, using 30 nodes  

 
Fig.1.3.packet delivery ratio of DSDV, DSR and ZRP.ZRP 

downtrend the result. 

 

Another simulation study is about used simulator was 

NS-2.35. Comparison was done in between these 

protocols AODV, DSDV, DSR. The traffic source used 
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was UDP and application agent used was CBR. The 

mobility model was Random waypoint. The radio 

model was two way ground way point and 35 nodes 

were used for 150 sec using Omni Directional Antenna 

in 650*650meter. 

 

Observed effect of Variable Burst Time: 

 

It has important role in performance. When host/source 

node generates packets for target/sink node. 

 

 
 
            Fig.1.4 observation throughout the simulation 

 

And this gives result that reactive protocols perform 

better than proactive protocol in reference of the delay.  

 

 

Estimated effect of Variable Pause time: 

 

In MANET, mobile nodes are free to roam from one 

position to another position in a range. Pause time is 

when a node stays in a position before to move another 

position. 

 

 

 

 
 

Fig.1.5. proactive protocol was better for average delay at high 

mobility 

 

The figure shows proactive protocol was better for 

average delay at high mobility, because they are table 

driven approach, route had been maintained already. In 

proactive protocol, routing overhead remains constant. 

 

CONCLUSION 

 

In this paper we have studied about the various routing 

protocol and found a following conclusion on the basis 

of different simulation models: 

(1)The routing overhead of DSR is lesser than AODV’s 

routing overhead. 

(2)The poor delay and packet delivery ratio of DSR is 

mainly due to caching and lack of mechanisms to 

expire stale routes.  

(3) The overhead in DSDV is high due to exchange in 

routing table would increase with larger number of 

nodes and it would perform better if number of nodes is 

larger. 

(4) ZRP is hybrid protocol and always better than 

reactive and proactive protocols.  

(5) If we consider a medium size MANET than OLSR 

would be best among the all because it does not have to 

find the route, no route discovery is needed. 
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Abstract-The Transport Sector of India is largely dependent on 

the Energy resources accounting to nearly 11% of its total 

primary energy use which is predicted to reach 20% by 2030. 

Fuel usage in transportation sector is bound to increase by 87% 

in 20 years with a decrease in the available diesel stock and an 

alarming increase in the demand. Also the growing vehicle 

population has increased the contribution of Vehicular 

Pollution to the Urban Air Pollution from 60% in the year 1990 

to 90% in 2010. In order to eliminate these risks the interaction 

between these sectors should be studied in detail. The major 

objective of the work is to study and appreciate the existing 

energy scenarios in Chennai city and to build a System 

Dynamics (SD) model using STELLA to determine the Energy 

requirement levels from the transport sector in the year 2026.  

Keywords- Vehicle Growth, Energy Demand, Fuel cell, Do 

minimum Scenario, 

 

I. INTRODUCTION 

ndia is the sixth largest energy consumer in the world. The 

transport sector of the country accounts to nearly 19% of 

global energy use which is projected to reach 50% by 2030. 

Hence proper planning measures should be adopted to reduce 

the increasing energy demand and concomitant reductions in 

emissions. 

II. NEED FOR THE STUDY 

In 2005, India’s transport sector consumed 11% of its total 

primary energy demand. 78 % of this demand was consumed 

by Road Transport, 11% by Aviation, 10% by rail transport 

and 1 % by Inland water. The transport sector is set to grow 

at over 6% per annum on the back of rising economic 

activity and a rapid surge in the vehicle stock. By 2030, the 

share of transport sector is likely to double to about 20% of 

the primary energy demand. Globally, the share of the Indian 

transport sector is likely to triple from its low of 2% in 2005 

to about 6% in 2030. Hence a collective effort and unified 

policy direction is the need of the hour to face the challenges.   

III. OBJECTIVES OF THE STUDY 

 To study and appreciate the existing energy 

scenarios in Chennai city.  

 To collect secondary data on energy requirement in 

transportation sector 

 To build a System Dynamics model using STELLA 

software that would address transport and energy 

interactions  

 To determine the Energy requirement levels from 

the transport sector in the year 2026 

 To suggest appropriate measures that would ensure 

developments towards achieving sustainability in 

Transportation Planning 

A. Need For System Dynamics Approach 

 It should be noted that the Transport Energy system 

is a complex system with interdisciplinary system 

components and feedback connectivity between its 

subsystems and other multidisciplinary systems such as 

population, transport, energy resources and exhibits a 

dynamic behaviour. Hence it is not appropriate to use the 

conventional approach to describe the characteristics of this 

complex system. 

 As System Dynamics operated on the basis of 

feedback information, it is used a s a methodology to 

simulate the future energy demand in the transportation 

sector and its impact on both environmental emissions and 

economic sectors to model the various policy options.  

B. Software Used 

The model of transport and energy interaction using the 

System Dynamics (SD) has been implemented in the 

‘STELLA’ environment (‘STELLA 9.1’ package).  

C. Description of Study Area 

The area selected for study is Chennai city. Chennai 

is the fourth most populous metropolitan area. The Chennai 

Metropolitan Area (CMA) is spread over an area of 1,189 

km2 (459 sq mi) which consists of Chennai city (174 km2) 

and parts of Thiruvallur and Kanchipuram districts. Chennai 

city is governed by the Chennai Corporation which was 

established in 1688 and is the oldest municipal corporation in 

India. In 2011, the jurisdiction of the Chennai Corporation 

was expanded from 174 km2 (67 sq mi) to an area of 426 

km2 (164 sq mi). 

I 
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         Fig 1.Chennai City 

 

The sectors under consideration for this study are 

Population, Transport (Trips), Energy.  

D. Model Development and Analysis 

I) Population Sector:Population (t) = Population (t-dt) + 

(Birth_Rate + Inmigration_Rate – Death_Rate –  

Out_Migration_Rate) * dt 

POP

BR

IMR

OMR

DR

IMN

DN

OMN
BN

Table 1

Graph 1

POPULATION MODEL

 
Fig 2 Population Model 

 

The graphical output from the Population Sector 

model has been given in Figure 2 which shows a declining 

trend in Birth and Death rates in accordance with the health 

policy of the Government.  
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 Fig 3 Population Growth Trend (2011-2026) 

 

II) Transport and Energy Sector 

TOT Auto
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~

GR Auto
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FE per Auto
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Tot bus
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~

Bus TR
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Tot Cars

Car Inc

~

GR Cars

Tot PC

FE per PC

Tot FC PC

ADT per day  PC

Tot DC

FE per DC

ADT per day  DC

Tot FC DC

Car Trips

~

Car TR

CAR VEHICLES

         

Tot TW
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GR TW

Tot FC TW

FE per TW
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~

TW TR

Two Wheeler Vehicles
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Table 4

SHARE OF TRANSPORT TRIPS
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Fig 4 Model Development 

E) Scenario Analysis and Model Results 

In the Do Minimum scenario, the existing trend of 

growth rates of MTC buses, Two Wheelers, Cars, IPT 

vehicles and Mini bus has been allowed to continue till the 

year 2026. The result showed that the share of Public 

Transport trips amounts to only 59% whereas the trips by 

Personalised Vehicles constitute the major share of 41%. The 

demand for petrol and diesel by various modes reaches to a 

maximum of around 31 lakhs litres per day and 18 lakhs 

litres per day in the year 2026. Similar amount of increase 

has been observed in other vehicle modes too.  

In the Partial Efforts scenario (Scenario II), 

simulation has been carried out such that minimal efforts are 

undertaken by the government to achieve a Modal Split of 

64:36 between Public and Private Mode. On comparison 

with Scenario I, a remarkable decrease to 13% and 23% 

could be observed in Scenario II with regard to the trips 

made by cars and two wheelers. The total fuel consumed by 

Two wheelers is 16.63 lakhs litres per day which is 40% 

lesser than the fuel consumption in Do Minimum scenario by 

incorporating CNG fuel instead of Petrol and Diesel by 15%.  

In the desirable scenario, the policy of Government 

to achieve a modal split of 70:30 between public and private 

mode. Public transport has been augmented in a phase wise 

manner and simultaneously the growth of two wheelers and 

cars have been restricted to 2% and 2.5% respectively in 

2026. This increase can be attributed to the introduction of 

Metro, Mono rail and BRT in the city and a maximum 

utilisation of its services. The reduction of 34% in the 

demand for Diesel, 33% in Petrol cars and 12% in Two 

Wheelers than Scenario II is achieved by incorporating CNG 

by 50% and incorporating Fuel celled vehicles by 2 lakhs by 

the year 2030.  

A case study was conducted on the IT Corridor of Chennai 

city. The results shows that 

 In the Partial scenario, by incorporating CNG to 

one-third of the normal fuel the results show that the 

reduction in energy is about 23% than Do Minimum 

scenario. 

 In the Desirable scenario, the energy was reduced to 

about 35% than Do Minimum scenario due to 

replacement of normal fuel by CNG to 50%.  

 

REFERENCES 

 
[1]. 1. Armenia S., Fabrizio B., Diego F. and  Emanuel T. (1995) ‘A 

System Dynamic Energy Model for a Sustainable Transportation 

System’ 

[2]. 2. Azhaginiyal, (2012) ‘Transport, Energy, Emissions and 
Economy Interaction – A Systems Approach’ Anna Univerity, 

Chennai 

[3]. Beimborn E., (2005) ‘Transportation Energy: Supply, Demand 
and the Future’, UWM-CUTS Energy, ITE District 4 meeting.  

[4]. Banks J. and Carson J. (1996) Discrete- Event system simulation, 
second edition, Eastern Economy Edition, Prentice Hall of India, 

New Delhi. 

[5]. Ghosh A. (2011) ‘Service Sector in India & Role of Foreign 
Direct Investment’,  

[6]. The Management Accountant,Vol. 46 No. 11, pp. 984-987 



International Conference on Multidisciplinary Research & Practice                                                          P a g e  | 568 

 

Volume I Issue VIII                                                                   IJRSI                                                                  ISSN 2321-2705 
 

Analysis of Automated Irrigation System by Use of 

Multiple Sensors 

Prof. Amit R. Welekar 
1
, Miss. Rhucha D. Gangamwar 

2 

                                                              Department of  CSE , T.G.P.C.E.T. Nagpur 

 

Abstract: In this paper. Irrigation is the artificial application of 

water to the soil usually for supporting in rising crops. In crop 

manufacture it is mostly used in waterless areas and in periods 

of rainfall shortfalls, but also to protect plants against 

hoarfrost. India faces many problems in agriculture system 

and one of the major problems is the optimum use of water 

and electricity.The irrigation system is use only when there is 

not sufficient moisture in the soil and the microcontroller 

decides when should the pump be turned on/off, saves a lot 

time and water for the farmers. 

 
Keywords: Requirement of water to plant, Micro controller; 

Temperature sensor; Humidity sensor, review 

 
I. INTRODUCTION 

 

he irrigation system is use only when there is not 

sufficient moisture in the soil and the microcontroller 

decides when should the pump be turned on/off, saves a lot 

time and water for the farmers.  As there is no unanticipated 

usage of water, a lot of water is saved from creature wasted. 

This also gives much wanted rest to the farmers, as they 

don’t have to go and revolve the pump on/off automatically. 

In a lot of countries like India where agriculture and the 

climatic conditions are isotropic, at a standstill we are not 

able to make full use of agricultural possessions. The main 

reasons is the not have of rains & insufficiency of land lake 

water. The continuous removal of water at normal intervals 

from earth is dropping the water level as a result of which 

the zones of un-irrigated land are frequently increasing. 

Also, the unexpected use of water accidentally results in 

wastage of water. Irrigation efficiency can be divided into 

two components water losses and uniformity of application. 

If either the water losses are large, or application uniformity 

is poor, efficiency will be low.   Over-watering is probably 

the most significant cause of water loss in any irrigation 

system. No matter how well the system is designed, if more 

water is applied than can be beneficially used by the crop, 

efficiency will suffer and wastage of electricity.  
 

1) Need of Study:- 

 
                Whenever water is applied with less than 

perfect uniformity, some parts of the crop will receive more 

water than others.  If the irrigation system is operated so 

that the part of the crop receiving the most water has its 

requirement met, then the remainder of the crop will be 

over  irrigated. Thus, a non-uniform irrigation unavoidably 

results in some degree of under- or over-watering. 

Technologies which are existing should give the water level 

and supply electricity, hence it should work partially. It 

does not detect the water requirement of plants need.  

Resulting analysis of these technologies shows that 

insufficiency. 

 
II. LITERATURE SURVAY 

 

II. III. SOFTWARE AND HARDWARE PLATFORM USED 

III.  

IV. 2.1 hardware                  2.2 software used 
 

 Bar/post                                 PHP 

 Solar panel                             MySql 

 Pic/microcontroller 

 RF kit 

 Relay 

 Battery kit 

 

 

 

 
 

 

CONCLUSION 

The system provides with several benefits and can operate 

with less manpower. Due to  the direct transfer of water to 

the roots water conservation takes place and also helps to 

maintain   the moisture to soil ratio at the root zone constant 

to some extend. 

T 
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Abstract--A parametric study on the slope stability of earthen 

dam has been carried out in this paper. Swedish  Slip Circle 

method has been applied for the purpose. A program has been 

written for the parametric study on slope stability. The effect 

of variation of soil parameters, dam geometry, starting point of 

slip circle etc. on minimum factor of safety (FOS), have been 

studied. Based on the result obtained in the present study, 

important conclusions have been drawn at the end.  

 

Keywords-- Slope stability, Swedish slip circle, factor of safety. 

 

I. INTRODUCTION 

he stability analysis of earth slopes is one of the 

important aspects in geotechnical engineering. Slope 

stability is a matter of tremendous concern in construction 

of earthen dams where the failure of slopes may incur 

severe loss of life and damage to property. It is therefore 

very important to design the dam in such a way that it 

satisfies both safety and economic consideration. This paper  

involves in the study of variation of different parameters 

like the dam height, dam top width, radius of slip surface, 

chord length of slope, soil strength parameters etc. Seismic 

force has been considered as per reference IITK-GSDMA 

guidelines, in which the horizontal seismic force is given as: 

𝐹𝐻 =
1

3
× 𝑍 × 𝐼 × 𝑆 ×𝑊, where,  Z = Zone Factor, I = 

Importance Factor, S = Seismic Empirical Coefficient, W = 

Weight of the sliding mass. There are four failure modes of 

soil slope as detailed in later section.   

II. LITERATURE REVIEW 

Pham  and Fredlun (2003) presented a paper on the 

applicability of the dynamic programming method to two-

dimensional slope stability analysesusing a computer 

program named DYNPROG  and the results obtained  were 

compared with those obtained using other well-known limit 

equilibrium methods. Aryal (2006) presented his thesis on 

slope stability evaluations based on limit equilibrium and 

finite element method, and carried out parametric study. 

Lakehalet al (2011) presented a paper showing nomograms 

of various parameters for the calculation of factor of safety 

of homogeneous earthen dams. Tanpure and Koranne  

(2012) introduced a simplified graphical technique for the  

stability analysis of slope by making a few modifications on 

existing methods. Patel and Sanghvi (2012) presented a 

paper examining the static and dynamic analysis of Kaswati 

Dam located in Bhuj. Chatterjee and Choudhury (2012) 

analysed the stability of a model soil slope comprising of an 

embankment with two canal bunds at the top, at different 

stages of construction in different seismic zones. Panditet al. 

(2013) derived equations and developed methodology using 

Microsoft Excel program for various methods and the 

derived results were compared. Siddappa and Shanthakumar 

(2014) studied slope stability using the software SLOPE/W 

to analyze the homogeneous slope for various cohesive 

strengths and compared the FOS with other existing limit 

equilibrium methods. 

 

III. SCOPE OF THE PRESENT STUDY 

The present research is directed towards the parametric 

study of slope stability of earthen dam carried out using 

Swedish Slip Circle method. Various dam heights, dam top 

width and soil strength parameters have been considered. 

The failure surface of various categories have been treated. 

The effect of radius of slip circle and different slope lengths 

have been considered. Seismic force has been considered 

compatible to Zone V. 

IV. RESULTS OF PARAMETRIC STUDY 

Slope failure can of four types, namely: local slip failure, 

superficial failure, general slip failure  and deep seated 

failure. The cases are discussed below 

Local  slope failure. 

The dam section shown in Fig. 1 considers the slip circle 

encompassing a part of the downstream face of the dam. 

The left end point of the top width is taken as the starting 

point of the slip circle while the end point of the slip circle 

is kept on changing as a percentage of total downstream 

slope length (or chord length) Fig. 1. Variation of FOS with 

percentage chord length of d/s face of dam is shown in Fig. 

2 and Fig. 3. It is observed that the FOS against slope failure 

decreases with increase in percentage chord length. Also 

lowest FOS is obtained when the entire downstream face is 

taken as the chord length. 

 

T 
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Fig 1: A section of dam showing slip circle comprising of part of chord 

length. 

 

 

 

Fig 2: Variation of factor of safety with percentage chord length 

 

From Fig. 2 it can be concluded that as the percentage 

length of the chord subtended by the slip circle is increased, 

the FOS goes on decreasing. The same figure also shows 

that as the soil cohesion is increased, the FOS increases. 

Fig. 3 shows the effect of variation of angle of repose. The 

FOS increase with increase with increase of angle of repose. 

 

 

 

Fig 3: Variation of factor of safety with % chord length and angle of repose 

Superficial slope failure. 

The dam section is shown in Fig. 4 considers the slip circle 

encompassing the entire part of the downstream face of the 

dam. This is superficial slope failure. Variation of FOS with 

varying radius of slip circle is shown in Fig. 5 and Fig 6. In 

general the FOS is less when radius of slip circle is less.  

In Fig. 5 is shown the variation of FOS when seismic force 

is ignored and when it is considered. It is obvious that with 

incorporation of horizontal seismic force, the FOS 

decreases. In subsequent study here only the cases with 

seismic force have been reported 

 

 

 

 

 

Fig 4: A section of dam showing slip circle   with varying radius and arc 

length 
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From  Fig. 6 we observe that FOS decreases with increase 

of steepness of d/s slope. The same figure gives an 

interesting trend of topmost two curves, where the FOS is 

not lowest at smallest radius of slip circle. Fig. 7 reflects the 

effect of angle of repose and soil cohesion on FOS.  The 

same figure shows that the FOS increases with increase of 

angle of repose and soil cohesion 

 

Fig .5 : Variation of F.O.S with variation in slope 

 

 

Fig .6 : Variation of factor of safety with and w/o seismic force 

 

 

Fig 7 : Variation of factor of safety with cohesion and angle of repose. 

 

 

Fig 8 :Variation of factor of safety with dam height and slope. 

 

The effect of variation in dam height and slope is shown in 

Fig. 8. With increase of dam height, the FOS decreases. 

Also the FOS is minimum for the dam with the steepest 

slope angle. 
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General slip failure 

The dam section is shown in Fig. 9 considers the slip circle 

encompassing entire or part of the top width of dam. This is 

general slip failure. Variation of FOS with top width of dam 

is shown in Fig. 10. It is observed that the FOS decreases 

with increase of dam top width.  Fig. 11 shows the effect of 

starting point of slip circle on top width of dam and radius 

of slip circle. This figures shows that the FOS is lowest 

when entire top width is considered. As usual the FOS is 

lower for lower radius of slip circle.   

 

 

 

 

 

Fig. 9: Section of dam showing slip circle starting at left corner 

 

 

Fig. 10 :  Variation of FOS with top width of dam. 

 

 

 

Fig. 11 : Variation of FOS with radius of slip circle 

V. CONCLUSIONS 

 The steeper the slope the lower is the value of FOS 

against slope failure. However, for a particular slope, 

the FOS generally decreases with decrease in radius of 

slip circle. 

 FOS against slope failure reduces with the introduction 

of seismic force in the analysis.   

 FOS against slope failure is   decreases with decrease of 

soil cohesion. 

 FOS against slope failure is decreases with decrease of 

angle of repose of soil. 

 FOS against slope failure decrease with increase of 

height of dam.   

 The more the top width of the dam, the lower is the 

FOS against slope failure 

 The minimum FOS against slope failure is 

obtained when the entire top width of the dam 

is considered in the analysis. 
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Abstract— Frequent and prolonged expose of human body to 

vibrations can induce back pain, physical disorder and 

degeneration of tissue. To estimate forces and frequencies, a 

biomechanical model is developed. A four-degree of freedom 

discrete mass system is developed using Lagrange’s energy 

method. In this paper a three degree of freedom system using 

linear motion is developed first then model was coupled with 

another angular motion using co-ordinate coupling to develop 

four degree of freedom model. Different case studies are 

presented for static and dynamic coupling and combination of 

both for the same model. Mathematical model for all the cases 

was developed for the study of human lower limbs. 

Keywords—Biomechanics; vibrations; lower limbs 

I.  INTRODUCTION 

ibration is the motion of a particle or a body or system of 

connected bodies displaced from a position of 

equilibrium. Most vibrations are undesirable in machines and 

structures because they produce increased stresses, energy 

losses, causes added wear, increase bearing loads, induced 

fatigue, create passenger discomfort in vehicles, and absorb 

energy from the system. Rotating machine parts need careful 

balancing in order to prevent damage from vibrations. 

When people are exposed to vibration in vehicles i.e. cars, 
buses, trains and various machinery their performance is 
affected causing back pain, fatigue stresses and disorder. 
Obviously there is a relationship between human body and 
vibration environment, particularly at frequencies near the 
principal resonance. There are several reports describing how 
vibration interferes with people’s working efficiency, safety 
and health. However it is difficult to accurately estimate the 
behavior of the human body under vibration because it is 
complex dynamic system. However (4-DOF) a model consists 
of masses, springs and dampers is developed simulating the 
lower limb. 

 

II. 3-DOF LINEAR VIBRATION MODEL UNDER 

CONSIDERATION 

Figure-1 simulates lumped mass system of human lower 
limbs. In which Mass m1 and m2 simulate the mass of lower 
limbs and mass m3 is the upper body mass.Stiffness of lower 
limbs are denoted by k1, k2, k3 and k4.  

 
Figure 1 The physical model of a three degree of freedom discrete system 

Also dampingcoefficients are depicted by c1, c2, c3 and c4. 
Considering physical system in to a three degree of freedom 
system with three masses m1, m2 andm3. m1 and m2 tied to 
ground through spring k1 and k2 and damper c1 and c2 similarly 
both are connected to mass m3 through spring k3 and k4 and 
damper c3 and c4. 

One simple harmonic excitation force is acting on the 
centroid of mass m3. The system is shown in its mean 
equilibrium position. Three coordinates x1, x2, and x3 are 
enough to define the position of system at any instant of time 
of the masses m1, m2 andm3 respectively.The system is assumed 
to be free in executing oscillations in the vertical direction 
only, also clearance between mass and guide is negligible. The 
springs and dampers are assumed mass less and deformation of 
spring and damper is linear. 

V 
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The inertia, moment and restoring forces in free body 
diagram of all the mass is depicted in the figure 2. Measuring 
the displacement, velocity and acceleration quantities positive 

downwards and taking moment CCW positive, in system of 
three masses in the equilibrium. By applying energy based 
Lagrangian equation to this system, 

𝐾.𝐸. =
1

2
𝑚1𝑥 1

2 +
1

2
𝑚2𝑥 2

2 +
1

2
𝑚3𝑥 3

2 

𝑃.𝐸. =
1

2
𝑘1𝑥1

2 +
1

2
𝑘2𝑥2

2 +
1

2
𝑘3(𝑥3 − 𝑥1)2 +

1

2
𝑘4(𝑥3 − 𝑥2)2 

𝐷.𝐸. =
1

2
𝑐1𝑥1 

2 +
1

2
𝑐2𝑥2 

2 +
1

2
𝑐3(𝑥3 − 𝑥1 )

2 +
1

2
𝑐4(𝑥3 − 𝑥2 )

2 

(1) 

 After simplifying these equations, Equation of motion can 
be written as, 

𝑚1𝑥1 +  𝑐1 + 𝑐3 𝑥1 + (𝑘1 + 𝑘3)𝑥1 − 𝑐3𝑥3 − 𝑘3𝑥3 = 0 

𝑚2𝑥2 +  𝑐2 + 𝑐4 𝑥2 + (𝑘2 + 𝑘4)𝑥2 − 𝑐4𝑥3 − 𝑘4𝑥3 = 0 

𝑚3𝑥3 +  𝑐3 + 𝑐4 𝑥3 +  𝑘3 + 𝑘4 𝑥3 − 𝑐3𝑥 1 − 𝑘3𝑥1 − 𝑐4𝑥 2
− 𝑘4𝑥2 = 𝐹 sin𝜔𝑡 (2) 

III. 4-DOF LINEAR AND ANGULAR VIBRATIONS 

 To predict behavior of human lower limb more precisely 3-
DOF is not enough. So after getting equation of motion for 3-
DOF in previous section, add another angular motion to the 
same system as shown in figure 3. Now it is required to have 
two coordinates x3 and θ of the massm3 to define the position of 
system at any instant of time. 

 

Figure 3 The physical model of a four degree of freedom with linear and 

angular co-ordinate coupling 

 
(a) 

 
(b) 

 
(c) 

 
(d) 

 
(e) 

 

 

 

 

 

Figure 2 Free body diagram of (a) mass m1 (b) mass m2 (c) mass m3 (d) 

moment on m3 
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Figure 4 FBD of Mass m3 
 

Figure 4 describes the mechanics of the mass m3 with two 
variables x3 and θ. Here considering force acting at center of 
gravity (C.G) G, system can be represented by, 

𝑚1𝑥1 +  𝑐1 + 𝑐3 𝑥1 + (𝑘1 + 𝑘3)𝑥1 − 𝑐3𝑥3 − 𝑘3𝑥3 = 0 

𝑚2𝑥2 +  𝑐2 + 𝑐4 𝑥2 + (𝑘2 + 𝑘4)𝑥2 − 𝑐4𝑥3 − 𝑘4𝑥3 = 0 

𝑚3𝑥3 +  𝑐3 + 𝑐4 𝑥3 +  𝑘3 + 𝑘4 𝑥3 +  𝑐4𝑙2 − 𝑐3𝑙1 𝜃 

+  𝑘4𝑙2 − 𝑘3𝑙1 𝜃 − 𝑐3𝑥 1 − 𝑘3𝑥1 − 𝑐4𝑥 2
− 𝑘4𝑥2 = 𝐹 sin𝜔𝑡 

𝑚3𝑟𝑔
2𝜃 +  𝑐4𝑙2 − 𝑐3𝑙1 𝑥 3 +  𝑘4𝑙2 − 𝑘3𝑙1 𝑥3

+  𝑐3𝑙1
2 + 𝑐4𝑙2

2 𝜃 + (𝑘3𝑙1
2 + 𝑘4𝑙2

2)𝜃

+ 𝑐3𝑙1𝑥 1 + 𝑘3𝑙1𝑥1 − 𝑐4𝑙2𝑥 2 − 𝑘4𝑙2𝑥2

= 0 (3) 

Equation (3) represents the equation of motion for given 
system with 4-DOF. These equations can be written in matrix 
form as below, 

 𝑀  𝑥  +  𝐶  𝑥  +  𝐾  𝑥 =  𝐹 𝑡    (4) 

Where, 

 𝑀 =  

𝑚1

0
0
0

0
𝑚2

0
0

0
0
𝑚3

0

0
0
0

𝑚3𝑟𝑔
2

  

 

 𝑥  =  

𝑥1 
𝑥2 
𝑥3 

𝜃 

  

 

 𝐶 =  

𝑐1 + 𝑐3

0
−𝑐3

𝑐3𝑙1

0
𝑐2 + 𝑐4
−𝑐4

−𝑐4𝑙2

−𝑐3

−𝑐4

𝑐3 + 𝑐4

𝑐4𝑙2 − 𝑐3𝑙1

0
0

𝑐4𝑙2 − 𝑐3𝑙1
𝑐3𝑙1

2 + 𝑐4𝑙2
2

  

 

 𝑥  =  

𝑥1 
𝑥2 
𝑥3 

𝜃 

  

 

 𝐾 =  

𝑘1 + 𝑘3

0
−𝑘3

𝑘3𝑙1

0
𝑘2 + 𝑘4

−𝑘4

−𝑘4𝑙2

−𝑘3

−𝑘4

𝑘3 + 𝑘4

𝑘4𝑙2 − 𝑘3𝑙1

0
0

𝑘4𝑙2 − 𝑘3𝑙1
𝑘3𝑙1

2 + 𝑘4𝑙2
2

  

 

 𝑥 =  

𝑥1

𝑥2
𝑥3

𝜃

  

  

 𝐹(𝑡) =  

0
0

𝐹 sin𝜔𝑡
0

  

 

This equation represents the behavior of the system under 
consideration. Where [M], [C] and [K] are mass matrix, 
damping coefficient matrix and stiffness matrix of the system 
and 𝑥  , 𝑥   𝑥 are the acceleration, velocity and displacement 
vector respectively at each joints. 

A. case-1: Dynamic coupling of linear and angular vibration 

In previous model it is assumed applied force at C.G. but 
now,considering force applied at point C as shown in Figure 5 
and it produce pure transmission xc. Eccentricity of force from 

centroid is taken as e. 

Considering θ is to be very small so equations can be written 
from free body diagram shown in figure 5 as, 

𝑥3 = 𝑥𝑐 + 𝑒𝜃 

𝑙3 = 𝑙1 − 𝑒 

𝑙4 = 𝑙2 + 𝑒  (5) 

 Substituting Equation (5) in the Equation (3), 

𝑚1𝑥1 +  𝑐1 + 𝑐3 𝑥1 +  𝑘1 + 𝑘3 𝑥1 − 𝑐3𝑥𝑐 − 𝑐3𝑒𝜃 − 𝑘3𝑥𝑐
− 𝑘3𝑒𝜃 = 0 

𝑚2𝑥2 +  𝑐2 + 𝑐4 𝑥2 +  𝑘2 + 𝑘4 𝑥2 − 𝑐4𝑥𝑐 − 𝑐4𝑒𝜃 − 𝑘4𝑥𝑐
− 𝑘4𝑒𝜃 = 0 

𝑚3𝑥𝑐 + 𝑚3𝑒𝜃 +  𝑐3 + 𝑐4 𝑥𝑐 +  2𝑐4𝑒 + (𝑐4𝑙2 − 𝑐3𝑙1) 𝜃 

+ (𝑘3 + 𝑘4)𝑥𝑐
+  2𝑘4𝑒 + (𝑘4𝑙2 − 𝑘3𝑙1) 𝜃 − 𝑐3𝑥 1
− 𝑘3𝑥1 − 𝑐4𝑥 2 − 𝑘4𝑥2 = 𝐹 sin𝜔𝑡 

𝑚3𝑟𝑐
2𝜃 + 𝑚3𝑒𝑥𝑐 +  (𝑐4𝑙2 − 𝑐3𝑙3) + (𝑐4 + 𝑐3)𝑒 𝑥𝑐 

+   𝑘4𝑙2 − 𝑘3𝑙3 +  𝑘3 + 𝑘4 𝑒 𝑥𝑐
+   𝑐4 + 𝑐3 2𝑒

2 +  𝑐4𝑙2 − 𝑐3𝑙1 3𝑒

+ (𝑐3𝑙1
2 + 𝑐4𝑙2

2) 𝜃 

+   𝑘4 + 𝑘3 2𝑒
2 +  𝑘4𝑙2 − 𝑘3𝑙1 3𝑒

+ (𝑘3𝑙1
2 + 𝑘4𝑙2

2) 𝜃 + 𝑐3(𝑙1 − 𝑒)𝑥 1
+ 𝑘3(𝑙1 − 𝑒)𝑥1 − 𝑐4(𝑙2 + 𝑒)𝑥 2 − 𝑘4(𝑙2
+ 𝑒)𝑥2 = 0 (6) 

This is the equation of motion for dynamic coupling of 
linear and angular vibration for given system. 

B. case-2: static and Dynamic coupling of linear and angular 

vibration 

In previous sessions coordinates are either statically or 
dynamically coupled. In this section both static and dynamic 
coupling of coordinates is considered. If point of action is to be 

 
 

 
Figure 5 Dynamic Coupling of Coordinates 
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taken at a point shown in Figure 6, then we have both static and 
dynamic coupling. 

 
Figure 6 Dynamic Coupling of Vibration 

From Figure 6, 
e=l1; 

l2=l-l1 

Put this value in equation 6 and writing in matrix form, 

 

𝑚1

0
0
0

0
𝑚2

0
0

0
0
𝑚3

𝑚3𝑙1

0
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+

 
 
 
 𝑐1 + 𝑐3

0
−𝑐3

0
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−𝑐4

−𝑐4𝑙

−𝑐3

−𝑐4
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𝑥2 
𝑥𝑐 
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 𝑘1 + 𝑘3

0
−𝑘3

0

0
𝑘2 + 𝑘4

−𝑘4

−𝑘4𝑙

−𝑘3

−𝑘4

𝑘3 + 𝑘4

𝑘4𝑙

−𝑘3𝑙1
−𝑘4𝑙1

(𝑘4𝑙 − 𝑘3𝑙1)

𝑘4𝑙1
2 + 𝑘4𝑙1𝑙 

 
 
 

 

𝑥1

𝑥2
𝑥𝑐
𝜃

 

=  

0
0

𝐹 sin𝜔𝑡
0

  

(7) 

Equation 7 is the equation of motion in case of combination 
of static and dynamic coupling of coordinates. 

CONCLUSION 

The vibration analysis was carried out to study the 
behaviour of the human lower limb under different conditions. 
Hense in this paper, firstly three degree of freedom sysem was 
developed for human lower limbs. Then by adding one angular 
motion at the combined mass, four degree of freedom model 
was developed. To reach to the actual condition statically 
coupled, dynamically coupled and combinly coupled 
cordinates of four degree of freedom system was analysed. A 
equation of motion for the model under consideration was 
developed for further analysis. 

Further, developed equation will be use to find out the 
natural frequency of the system using state space analysis at 
each mass location. Which will help in predicting the 

behaviour of the human lower limb for development of diffent 
applications. This study may be further extended for more no 
of degree of freedom syatem. In future results obtained by this 
analysis may be  validated through the experements. 
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Abstract- This paper reports on design and development of 

Briquettes making machine for  low cost charcoal into 

briquettes from agro waste material. It also includes designing 

of measuring devices for measurement of current drawn, 

processing torque, Energy, and time required for processing of 

briquettes using specially designed electronic kit. The present 

work reports the approach of design of experimental work to 

be executed for establishing approximate generalized empirical 

model for  processing of briquettes from agro waste products, 

using methodology of engineering experimentation. Indoor air 

pollution from open fires causes eye irritation and lung 

diseases, predominantly for women and children. This is 

especially so for high altitude areas where open fires are also 

used for space heating. Processing forest waste and agro-

biomass (byproducts) first into charcoal and then compacting 

the charcoal into briquettes allows these to be used inside the 

house for cooking and heating purposes. The smoke emission 

from the briquettes is far less as compared to an open fire. An 

additional benefit is that the briquette can be easily moved 

around the house and used on trekking expeditions. 

Keywords-Briquettes, Agro-biomass, waste fuel, calorific value, 

Dimension Analysis, Buckingham’s – theorem 

I. INTRODUCTION 

nvironmental issues, present energy crisis, and 

inevitability of oil depletion are some of the major 

aspirations for research and development in the work for 

alternative fuels. Priority programs continually searching for 

locally available resources especially those that are 

environment-friendly, economically feasible, and socially 

acceptable. The use of agricultural waste products is one of 

several options for replacing or extending the economic life 

of the country’s limited fossil products. Our annual 

requirement of energy is more than 160 Million tonnes of 

coal, in excess of 100 Million tonnes of petroleum products 

and around 250 Million tonnes of other traditional 

conventional energy to meet the ever growing demand of 

industrial, agricultural, domestic and commercial 

requirements.  

It is also estimated that by the year 2030 we will 

need around 400 million tonnes of oil imports and 800 

million tonnes of coal import in addition to the local 

resources to sustain the projected 8% growth rate in the 

country.  India will also need 150 million tons of firewood to 

meet our domestic demand. 

 
 

Fig. 1 : India‘s Crude oil imports by source, 2007 
 

A briquette (or briquet) is a block of flammable material 

used as fuel to start and maintain a fire. Agro Waste or 

Biomass briquetting is the densification of loose material to 

produce compact solid composites of different sizes with the 

application of pressure. Briquetting of residues takes place 

with the application of pressure, heat and binding agent on 

the loose materials to produce the briquettes.  

Low income households consume, on average 2.5 kg of 

firewood per day.  

I.1 : Advantages of Agro Waste Briquettes  

Following are the advantages of Agro Waste Briquette  

1 An alternative way to save consumption & dependency 

on fire wood.  

2 These are easy to handle, transport and store.  

3 They are uniform in size and quality.  

4 The manufacturing process helps solve the residual 

disposal problem.  

5 The process assists the reduction of fuel wood and 

deforestation.  

6 Indoor air pollution is minimized.  

7 Briquettes are cheaper than coal, oil or lignite  

8 There is no sulphur in briquettes.  

9 There is no fly ash when burning briquettes.  

10 Briquettes have a consistent quality, have high burning 

efficiency, and are ideally sized for complete 

combustion  

11 The briquettes are expected to have consistent calorific 

values ranging from 3,000-4,500 K Cal / Kg depending 

on the type of agro-waste used.  

 

E 
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II.  METHODOLOGY 

The prime objective of the studies is to develop a binder less 

technology as applicable for agro wastes available in Central 

India for enhanced and consistent calorific values , strength, 

density, handling and transport qualities and utilization 

promotion on domestic , Commercial and industrial 

segments.  

The process of 'Briquetting' is the physical transformation of 

the loose raw material into a compactly compressed unit. 

The form change results in a much higher specific density of 

the material which increases its combustion efficiency as 

compared to the loose material[1],[2],[3].  

The following agricultural and forest wastes & residues 

available in and around Nagpur will be attempted to be 

converted into fuel briquettes  

• Husks of Rice / Paddy , wheat , Groundnut Shells 

,Stalks - Cotton , tuar , Maize , jawar , soybean ,Cobs – 

Maize & Bajra  

These and other materials will be utilized to be 

briquetted individually or in combination depending on their 

physico - chemical properties[4],[5],[6].  

As mentioned earlier successful agro waste 

briquetting unit has to be a local business. Hence the Nagpur 

Region will be sub divided according to availability of raw 

material. Appropriate technology will be applied for binder 

less mass production of briquettes from agro waste in 

various seasons – rainy season ( high humidity , low 

temperature ) ; winter season ( low humidity , low 

temperature ) and summer season ( high temperature , low 

humidity ). The agro waste briquettes thus produced will be 

evaluated for its effectiveness as alternate fuel for domestic, 

commercial and Industrial applications 

[7].[8].[9].10],[11],[12]. 

 

III.    EXPERIMENTAL MACHINE SETUP 

Briquettes making machine shown in figure 1 is mainly 

consists of following parts :  

1. Hopper  

2. Screw Conveyor with shell  

3. Crushing Cylinder  

4. Compression and augmentation chamber  

5. Briquettes Die  

6. Motor with Gear box and supporting frame  

 

 
Fig. 1: Agro Waste Briquettes making machine 

a. Hopper: (Shown in fig. 2) It is fitted at the inlet of Screw 

conveyor for feeding the material inside the screw conveyor. 

It is made up of mild steel in square cross section of 200 mm 

x200mm.  

 

 
Fig. 2: Hopper 

 

b. Screw Conveyor with shell: (Shown in fig. 3) Screw 

Conveyor is made up of mild steel of 280 mm dia., 40 mm 

shaft with 1200 mm length. Shell has diameter of 300 mm 

and 1050 mm in length. It is made in two sections. At the 

inlet of Screw conveyor pitch of the is varied and it is used 

for feeding the material from input chamber to crushing 

chamber. Crushing chamber is fitted at the middle portion of 

screw conveyor. At the outlet section the pitch of screw is 

kept constant. This section is used for compressing and 

mixing of material.  

 

 
Fig. 3: Screw Conveyor with shell 

 

c. Crushing Cylinder: (Shown in fig. 4) It is hollow cylinder 

inside which tapered drum is fitted. The dia. of crushing 

drum is 240 mm at inlet, 280 mm is at outlet and its length is 

300 mm. It is fitted inside the hollow cylinder of 310 mm in 

Inner Dia. and 330 inouter dia. of 330mm in length, which is 

having number of holes to accommodate crushed material. 

This crushed material is then forwarded towards 

compression chamber by the centrifugal action and 

compression of material by screw material at inlet. This 

compressed material then entered into the main compression 

chamber through hole which is provided at the bottom of 

compression chamber. 

 

 
Fig. 4: Crushing Cylinder 
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d. Compression and augmentation chamber: (Shown in fig. 

5) In this chamber crushed material is mixed with proper 

quantity of water, where material is compressed and 

augmented for some time. The compression and friction 

raises the temperature of the material, softening some of the 

inherent binders in it, which come to the surface and bind the 

material together.  

 

 
Fig. 5: Compression and augmentation chamber 

 

e. Briquettes Die: (Shown in fig. 62) It is fitted at the end of 

compression chamber for Briquettes extrusion.It is made up 

of stainless steel material of 320 mm in diameter with 25 

mm thickness plate. Total eight number of tapered holes are 

provided on this plate. The dia of this hole is 10mm at outlet 

and 12 mm at inlet, at the end of compression chamber. The 

extrusion Briquettes die is heated because of friction and 

compression of screw conveyor, which helps to strengthen 

the outer layer of Briquettes material.  

 

 
Fig. 6: Briquettes Die 

 

f. Motor with Gear box and supporting frame: (Shown in fig. 

7) For power supply 3 phase A.C. motor with geared box is 

used. Foe supporting and avoiding the vibrations heavy 

frame work is used.  

 

 
Fig. 7: Motor with gear box & supporting frame 

 

IV. PROCEDURE OF BRIQUETTES MANUFACTURING 

1 Waste materials are tested for their chemical 

composition to decide on their suitability and to select a 

proper mix.  

2 Sun dried materials containing approx. 10-15 % 

moisture is considered suitable for briquetting. However 

if material has higher moisture content it needs to be 

dried before use.  

3 Material is screened chopped and ground to get the 

desired size and bulk density and is into storage bins. 

This helps in separation of the heavier & match lock 

particles and also unifying the moisture content in the 

material. Air used is hot or wet as the case may be, for 

control of moisture.  

4 Material from bin is discharged to the machine where it 

is compressed in specially designed dies. The 

compression raises the temperature of the material, 

softening some of the inherent binders in it, which come 

to the surface and bind the material together.  

5 Cooled briquettes are cut and packed in bags or stored in 

build for shipment or use.  

6 No binder is required in the process.  

V. NEED FOR FORMULATING GENERALIZED 

EXPERIMENTAL DATA BASED MODELS 
 

In view of forgoing it is obvious that one will have to decide 

what should be the minimum processing torque required, and 

energy to be supplied to the system for getting appropriate 

sizes of Briquettes in minimum time. By knowing this one 

can establish relation for Briquettes making process. This 

would be possible if one can have a quantitative relationship 

amongst various dependent and independent variables of the 

system. This relationship would be known as the 

mathematical model of this Briquettes processing operation. 

It is well known that such a model for the Briquettes 

processing cannot be formulated applying logic [10]. The 

only option with which one is left is to formulate an 

experimental data based model [10]. Hence, in this 

investigation it is decided to formulate such an experimental 

data based model. In this approach all the independent 

variable are varied over a widest possible range, a response 

data is collected and an analytical relationship is established. 

Once such a relationship is established then the technique of 

optimization can be applied to deduce the values of 
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independent variables at which the necessary responses can 

be minimized or maximized. In fact determination of such 

values of independent variables is always the puzzle for the 

operator because it is a complex phenomenon of interaction 

of various independent variables and dependant variables 

shown in table 1 experimentation [13]. The same is adopted 

in the present work.  

 
Table 1. Dependent and Independent variable For Briquette Extrusion 

Operation 

 
S.

N. 

Variables Symb

ol 

Unit M0L
0T0Ѳ
0 

Dependant

/ 

Independe

nt 

Variable/ 

Constant 

01 Time of 

Mixing 

tm Sec T Dependant Response 

Variable 

02 Power 

Required 

P W ML2

T-3 

Dependant Response 

Variable 

03 Processin

g torque 

Tp N-

mm 

ML2

T-2 
Dependant Response 

Variable 

04 Total 

Weight of 

Briquette

s after 

mixing 

WTo Kg M Dependant Response 

Variable 

05 % 

moisture 

Content 

PMC -- -- Dependant Response 

Variable 

06 PFC (% 

fixed 

carbon 

using 

proximat

e 

Analysis) 

PFC -- -- Dependant Response 

Variable 

1 Diameter 

of shaft 

ds mm L Independen

t 

Variable 

2 Diameter 

of screw 

conveyor  

Dsc mm L Independen

t 

Variable 

3 Pitch of 

screw at 

start 

Ps mm L Independen

t 

Variable 

4 Pitch of 

screw at 

Middle 

Pm mm L Independen

t 

Variable 

5 Pitch of 

screw at 

Delivery 

End 

Pd mm L Independen

t 

Variable 

6 Drum 

Diameter 

of Outer 

shell 

Dsh mm L Independen

t 

Variable 

7 Length of 

Shell 

Lsh mm L Independen

t 

Variable 

8 Length of 

Shaft 

Ls mm L Independen

t 

Variable 

9 Thickness 

of Screw  

tsc mm L Independen

t 

Variable 

10 Diameter 

of 

Crushing 

Cylinder 

Dcr mm L Independen

t 

Variable 

11 Volume 

of 

Vcr mm3 L3 Independen

t 

Variable 

Crushing 

Cylinder 

12 Angular 

Speed of 

Screw 

Conveyor 

ω rev/ 

sec 

T-1 Independen

t 

Variable 

13 Accelerati

on due to 

gravity 

g m/sec
2 

LT-2 Independen

t 

Variable 

14 Input total 

Weight of 

Ingredient 

Mixer 

W Kg M Independen

t 

Variable 

15 Weight of 

Ingredient

s 

WI Kg M Independen

t 

Variable 

16 Weight of 

Binder 

WAd Kg M Independen

t 

Variable 

17 Weight of 

Water 

Ww Kg M Independen

t 

Variable 

18 Density of 

Ingredient

s 

ρi Kg/m

m3 

ML-3 Independen

t 

Variable 

19 Cross 

section 

area of 

Tapered 

holes at 

outlet 

Ah mm2 L2 Independen

t 

Variable 

20 No. Of 

Holes for 

Briquettes 

extrusion 

Die 

N - - Independen

t 

Variable 

21 Temperat

ure of 

Extrusion  

Die 

te oC Ѳ Independen

t 

Variable 

 

A. Brief description of application of theory of 

experimentation  

The approach adopted for formulating generalized 

experimental model suggested by Hilbert Schenck Jr [15] is 

indicated below stepwise  

1) Identification of independent, dependent and extraneous 

variables, 2) Reduction of independent variables adopting 

dimensional analysis, 3) Test planning comprising of 

determination of test envelope, test points, test sequence and 

experimentation plan, 4) Physical design of an experimental 

set up, 5) Execution of experimentation, 6) Purification of 

experimentation data, 7) Formulation of the model.8)Model 

optimization.  

B. Experimental procedure  

Materials like Husks of Rice / Paddy , wheat , Groundnut 

Shells ,Stalks - Cotton , tuar , Maize , jawar , soybean ,Cobs 

– Maize & Bajra are taken at various proportions and 

processed at three different speeds. During experimentation 

quantity of water used as binder medium is also varied to 

check the strength of briquettes. During experimentation 

speed, torque, current drawn, power and time required is 

monitored using specially designed electronic kit and 

software is shown in fig. 8 and fig. 9, Proximity sensors, 

current transducers are used for sensing speed and current. 

The probable experimental plan is as shown in table2.  
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Fig. 8: Experimental setup with output monitoring software  

 

 
Fig. 9: Electronic Kit & Proximity sensor for speed measurement 

 

Table2: Experimental Plan for briquettes manufacturing 
S.

N. 

Input parameters to be monitored 

Material in proportion Angular 

speed of 

Conveyor 

shaft 

In RPM 

Range 

25-40 

rpm 

Husks 

of Rice 

/ Paddy 

Wheat, 

tuar,Maiz

e,, jawar 

& Bajra 

mixer 

Groundn

ut Shells 

Water Total 

Weight 

in kg 

1 2 2 1 0.1 5.1 25 

2 2 1.5 1.49 0.1 5.1 30 

3 3 1 1 0.1 5.1 40 

4 2 2 1 0.3 5.3 25 

5 2 1.5 1.49 0.3 5.3 30 

6 3 1 1 0.3 5.3 40 

Output parameters to be monitored 

Output 

weight of 

briquettes 

In Kg  

Torque 

In N-m 

Power 

In KW 

Time 

in 

Sec 

Cal

orif

ic 

val

ue 

** ** ** ** ** 

** ** ** ** ** 

** ** ** ** ** 

** ** ** ** ** 

** ** ** ** ** 

** ** ** ** ** 

 

**To be monitored through specially designed electronic 

circuit.  

 

 

C. Formulation of Approximate Generalized Experimental 

Data Base Model By Dimensional Analysis 

As per dimensional analysis [16], Processing time (tm)  

was written in the function form as :-  

tm =f(ds, Dsc, Ps, Pm, Pd, Dsh, Lsh, Ls, tsc, Dcr, Vcr, ω, g, 

W, WI, WAd, Ww, ρi, Ah, N, te)                               … (1)  

By selecting Mass (M), Length(L), and Time (T) as the basic 

dimensions, the basic dimensions of the forgoing quantities 

were mentioned in table 1.  

According to the Buckingham‘s - Pi theorem, (n- m) number 

of dimensionless groups [14] are forms. In this case n is 21 

and m=3, so π1 to π18 dimensionless groups were formed. By 

choosing ‗ω‘, ‗g‘ and ‗W‘ as a repeating variable, eighteen 

π terms were developed as follows:  

ω. tm  ={ 
𝝎𝟐 .𝒅𝒔

𝒈
  

𝝎𝟐 .𝑫𝒔𝒄

𝒈
  

𝝎𝟐 .𝑷𝒔

𝒈
  

𝝎𝟐 .𝑷𝒎

𝒈
  

 
𝝎𝟐 .𝑷𝒅

𝒈
  

𝝎𝟐 .𝑫𝒔𝒉

𝒈
  

𝝎𝟐 .𝑳𝒔𝒉
𝒈

  
𝝎𝟐 .𝑳𝒔
𝒈

  
𝝎𝟐 . 𝒕𝒔𝒄
𝒈

  

 
𝝎𝟐 .𝑫𝒄𝒓

𝒈
  

𝝎𝟔 .𝑽𝒄𝒓

𝒈𝟑
  

𝑾𝑰

𝑾
  

𝑾𝑨𝒅

𝑾
  

𝑾𝒘

𝑾
  

𝒈𝟑.𝝆𝒊

𝑾.𝝎𝟔  
𝝎𝟔 .𝑨𝒉

𝒈𝟐
  𝑵  𝒕𝒆 } 

                                                                                                     ...(2) 

D. Reduction of independent variables/dimensional analysis 

When n (no. of variables) is large, even by applying 

Buckingham’s π theorem number of π terms will not be 

reduced significantly than number of all independent 

variables. Thus, much reduction in number of variables is 

not achieved. It is evident that, if we take the product of the 

π terms it will also be dimensionless number and hence a π 

term. This property is used to achieve further reduction of 

the number of variables. Thus few π terms are formed by 

logically taking the product of few other π terms and final 

mathematical equations are given below:  

A. Total Weight of Briquettes after mixing (WTo)  

 𝜋01 = 𝑓 (𝜋01 )(𝜋02 )(𝜋03 )(𝜋04 )(𝜋05 )(𝜋06 )(𝜋07 ) ..(3) 

 𝜋01 =  
𝑊𝑇𝑜

𝑊
 =f{ 

𝜔20 .𝑑𝑠. 𝐷𝑠𝑐 .𝑃𝑠 .𝑃𝑚 .𝑃𝑑 .  𝐷𝑠  . 𝐿𝑠  .𝐿𝑠 .𝑡𝑠𝑐 .𝐷𝑐𝑟

𝑔10   

 
𝜔6 .𝑉𝑐𝑟
𝑔3

  
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3
  

𝑔3 .𝜌𝑖
𝑊.𝜔6

  
𝜔6 .𝐴
𝑔2

  𝑁  𝑡𝑒 } 

𝑊𝑇𝑜 = 𝐾1 𝑊{ 
𝜔20 .𝑑𝑠. 𝐷𝑠𝑐 .

𝑃𝑠 .𝑃𝑚 .𝑃𝑑 .  𝐷𝑠  . 𝐿𝑠  .𝐿𝑠.𝑡𝑠𝑐 .𝐷𝑐𝑟

𝑔10
 

𝑎1

 

 
𝜔6 .𝑉𝑐𝑟
𝑔3  

𝑏1

 
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3  
𝑐1

 
𝑔3 .𝜌𝑖
𝑊.𝜔6 

𝑑1

 
𝜔6 .𝐴
𝑔2  

𝑒1

 𝑁 𝑓1 𝑡𝑒 
𝑔1} 

      ...(4) 

B. Time of Mixing (tm)  

 𝜋02 =  ω. tm  

=f { 
𝜔20 .𝑑𝑠. 𝐷𝑠𝑐 .𝑃𝑠 .𝑃𝑚 .𝑃𝑑 .  𝐷𝑠  . 𝐿𝑠  .𝐿𝑠 .𝑡𝑠𝑐 .𝐷𝑐𝑟

𝑔10   
𝜔6 .𝑉𝑐𝑟

𝑔3   

 
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3
  

𝑔3.𝜌𝑖
𝑊.𝜔6

  
𝜔6 .𝐴
𝑔2

  𝑁  𝑡𝑒 } 
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tm = 𝐾2  
1

ω
{ 
𝜔20 . 𝑑𝑠. 𝐷𝑠𝑐.

𝑃𝑠. 𝑃𝑚 . 𝑃𝑑.  𝐷𝑠 . 𝐿𝑠 .𝐿𝑠.𝑡𝑠𝑐.𝐷𝑐𝑟

𝑔10
 

𝑎2

 

 
𝜔6 .𝑉𝑐𝑟
𝑔3  

𝑏2

 
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3  
𝑐2

 
𝑔3 .𝜌𝑖
𝑊.𝜔6 

𝑑2

 
𝜔6 .𝐴
𝑔2  

𝑒2

 𝑁 𝑓2 𝑡𝑒 
𝑔2} 

                 ..(5) 

C. Processing torque (Tp)  

 𝜋03 =  
𝜔2 .𝑇𝑃

𝑔2 .𝑊
 =f 

{ 
𝜔20 .𝑑𝑠. 𝐷𝑠𝑐 .𝑃𝑠 .𝑃𝑚 .𝑃𝑑 .  𝐷𝑠  . 𝐿𝑠  .𝐿𝑠 .𝑡𝑠𝑐 .𝐷𝑐𝑟

𝑔10   
𝜔6 .𝑉𝑐𝑟

𝑔3   

 
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3
  

𝑔3.𝜌𝑖
𝑊.𝜔6

  
𝜔6 .𝐴
𝑔2

  𝑁  𝑡𝑒 } 

𝑇𝑃 = 𝐾3

𝑔2 .𝑊

𝜔2 { 
𝜔20 .𝑑𝑠. 𝐷𝑠𝑐 .

𝑃𝑠 .𝑃𝑚 .𝑃𝑑 .  𝐷𝑠  . 𝐿𝑠  .𝐿𝑠 .𝑡𝑠𝑐 .𝐷𝑐𝑟

𝑔10  

𝑎3

 

 
𝜔6 .𝑉𝑐𝑟
𝑔3  

𝑏3

 
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3  
𝑐3

 
𝑔3 .𝜌𝑖
𝑊.𝜔6 

𝑑3

 
𝜔6 .𝐴
𝑔2  

𝑒3

 𝑁 𝑓3 𝑡𝑒 
𝑔3 

                  ..(6) 

D. Power Required (P) 

 𝜋04 =  
𝑃 .𝜔

𝑔2  𝑊
 f 

{ 
𝜔20 .𝑑𝑠. 𝐷𝑠𝑐 .𝑃𝑠 .𝑃𝑚 .𝑃𝑑 .  𝐷𝑠  . 𝐿𝑠  .𝐿𝑠 .𝑡𝑠𝑐 .𝐷𝑐𝑟

𝑔10   
𝜔6 .𝑉𝑐𝑟

𝑔3   

 
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3
  

𝑔3.𝜌𝑖
𝑊.𝜔6

  
𝜔6 .𝐴
𝑔2

  𝑁  𝑡𝑒 } 

𝑃 = 𝐾4   
𝑔2  𝑊

𝜔
 { 

𝜔20 .𝑑𝑠. 𝐷𝑠𝑐 .
𝑃𝑠 .𝑃𝑚 .𝑃𝑑 .  𝐷𝑠  . 𝐿𝑠  .𝐿𝑠.𝑡𝑠𝑐 .𝐷𝑐𝑟

𝑔10
 

𝑎4

 

 
𝜔6 .𝑉𝑐𝑟
𝑔3  

𝑏4

 
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3  
𝑐4

 
𝑔3 .𝜌𝑖
𝑊.𝜔6 

𝑑4

 
𝜔6 .𝐴
𝑔2  

𝑒4

 𝑁 𝑓4 𝑡𝑒 
𝑔4} 

      ..(7) 

 
E. % moisture Content (PMC)  

 𝜋05 =  𝑃𝑀𝐶 =f { 
𝜔20 .𝑑𝑠. 𝐷𝑠𝑐 .𝑃𝑠 .𝑃𝑚 .𝑃𝑑 .  𝐷𝑠  . 𝐿𝑠  .𝐿𝑠 .𝑡𝑠𝑐 .𝐷𝑐𝑟

𝑔10   
𝜔6 .𝑉𝑐𝑟

𝑔3   

 
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3   
𝑔3 .𝜌𝑖
𝑊.𝜔6  

𝜔6 .𝐴
𝑔2   𝑁  𝑡𝑒 } 

𝑃𝑀𝐶 = 𝐾5{ 
𝜔20 .𝑑𝑠. 𝐷𝑠𝑐 .

𝑃𝑠 .𝑃𝑚 .𝑃𝑑 .  𝐷𝑠  . 𝐿𝑠  .𝐿𝑠.𝑡𝑠𝑐 .𝐷𝑐𝑟

𝑔10  

𝑎5

 

 
𝜔6 .𝑉𝑐𝑟
𝑔3  

𝑏5

 
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3  
𝑐5

 
𝑔3.𝜌𝑖
𝑊.𝜔6 

𝑑5

 

 
𝜔6 .𝐴

𝑔2  
𝑒5
 𝑁 𝑓5 𝑡𝑒 

𝑔5} ......(8) 

F. PFC (% fixed carbon using proximate Analysis)  

 𝜋06 =  𝑃𝐹𝐶 =f 

{ 
𝜔20 .𝑑𝑠. 𝐷𝑠𝑐 .𝑃𝑠 .𝑃𝑚 .𝑃𝑑 .  𝐷𝑠  . 𝐿𝑠  .𝐿𝑠 .𝑡𝑠𝑐 .𝐷𝑐𝑟

𝑔10   
𝜔6 .𝑉𝑐𝑟

𝑔3   
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3   

 
𝑔3 .𝜌𝑖
𝑊.𝜔6  

𝜔6 .𝐴
𝑔2   𝑁  𝑡𝑒 } 

𝑃𝐹𝐶 = 𝐾6{ 
𝜔20 .𝑑𝑠. 𝐷𝑠𝑐 .

𝑃𝑠 .𝑃𝑚 .𝑃𝑑 .  𝐷𝑠  . 𝐿𝑠  .𝐿𝑠.𝑡𝑠𝑐 .𝐷𝑐𝑟

𝑔10  

𝑎6

 

 
𝜔6 .𝑉𝑐𝑟
𝑔3  

𝑏6

 
𝑊𝐼.𝑊𝐴𝑑 .𝑊𝑤  

𝑊3  
𝑐6

 
𝑔3.𝜌𝑖
𝑊.𝜔6 

𝑑6

 

 
𝜔6 .𝐴

𝑔2
 
𝑒6
 𝑁 𝑓6 𝑡𝑒 

𝑔6}     .. (9) 

PMC and PFC will be measured with help proximate 

Analysis Technique.  

The relationship between various parameters was unknown. 

The dependent parameter Π01 to Π05 i.e. relating to tm, P, Tp, 

WTo, PMC and PFC were bear an intricate relationship with 

remaining terms (ie. π1 to π7) evaluated on the basis of 

experimentation. The true relationship is difficult to obtain. 

The possible relation may be linear, log linear, polynomial 

with n degrees, linear with products of independent πi terms. 

In this manner any complicated relationship can be evaluated 

and further investigated for error. Hence the relationship for 

tm was formulated as:  

01 = k1 x (1)
a1 

x
 
(2)

b1 
x

 
(3)

c1 
x

 
(4)

d1 
x

 
(5)

e1 
x

 
(6)

f1 
x 

(7)
g1

….(10)  

Equation is modified as:  

Obtaining log on both sides we get,  

Log 01 = log k1+ a1log 1+ b1log 2+ c1log 3 + d1log 4 + 

e1log 5 + f1log 6 + g1log 7….(11)  

This linear relationship now can be viewed as the hyper 

plane in seven dimensional spaces. To simplify further let us 

replace log terms by capital alphabet terms implies,  

Let,  Z1= log 31,    K1 =  log k1,  A = log 1,   B = log 2,  C = 

log 3,     D =  log 4,  E = log 5,           F = log 6    G = log 7 

Putting the values in eqn. 7, the same can be written as  

Z1 = K1+ a1 A + b1 B + c1 C + d1 D + e1 E + f1 F + g1G  

This is true linear relationship between A to G to reveal 01 

to 06. Applying the theories of regression analysis, the aim is 

to min i. e. log tm, log P…..up to and Log PMC. Applying 

the theories of regression analysis [16], the aim is to 

minimize the error Error (E) = Ye – Yc. Yc is the computed 

value of 01 using regression equation and Ye is the value of 

the same term obtained from experimental data with exactly 

the same values of 1 ---- 7. Correlation and reliability were 

computed for model accuracy. 

 
VI. CONCLUSIONS 

1 The dimensionless π terms have provided the idea about 

combined effect of process parameters in that π terms. A 

simple change in one process parameter in the group 

helps the manufacturer to maintain the tm, P, Tp, WTo, 

PMC and PFC values so that the productivity is 

increased.  

2 The mathematical models developed with dimensional 

analysis for different varieties of combination of 
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material can be effectively utilized for briquettes 

manufacturing process.  

3 The computed selection of briquettes manufacturing 

process parameters by dimensional analysis provides 

effective guidelines to the manufacturing engineers so 

that they can minimize tm, P, Tp, WTo, PMC and PFC 

for higher performances.  
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Abstract- The smart grid is characterized by two way flow of 

electrical energy and information to create autonomously 

managed distributed network. Generally, smart grid is explored 

in three major systems- smart infrastructure, smart management 

and smart protection in which the smart management systems 

provide advanced energy management and control services with 

the help of smart metering mechanism. This paper focuses on the 

application of smart metering mechanism in load profile 

management, Tariff management without compromising 

consumer’s comfort. 
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Infrastructure (AMI), Automatic Meter Reading (AMR), Load 
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I.INTRODUCTION 

 
onventionally, the term grid is used for electrical network 

that performs following operations- electricity generation, 

transmission, distribution, and control. Traditional grid is 

characterized by only one way flow of power and electricity 

also, monitoring of traditional grid is manual. The generation 

is centralized which is used to supply power to large number 

of load centers. In other hand, the Smart Grid differs by 

distributed generation with two way flow of information and 

power with self monitoring abilities [1]. A smart grid is also 

called as smart electrical /power grid, intelligent grid, 

intelligrid, future grid, intergrid, or intragrid, is an 

enhancement of the 20th century power grid.Specifically, a 

"smart grid" must be capable of providing power from 

multiple and widely distributed sources, e.g., from wind 

turbines, concentrating solar power systems, photovoltaic 

panels and perhaps even plug-in hybrid electric vehicles [1]. 

Since all renewable energy sources invented so far 

vary with time, a smart grid must be  capable of flexibly 

storing electric power for later use, e.g., in batteries, flywheels 

or super-capacitors or again even in plug-in hybrid electric 

vehicles, to improve power reliability a smart grid by use of 

new and highly sophisticated adaptive generation and 

distribution control algorithms. Broadly stated, the SG could 

respond to events that occur anywhere in the grid, such as 

power generation, transmission, distribution, and 

consumption, and adopt the corresponding strategies. 

For instance, take the example of demand profile shaping. 

Since lowering peak demand and smoothing demand profile 

reduces overall plant and capital cost requirements, in the peak 

period the electric utility can use real-time pricing to convince 

some users to reduce their power demands, so that the total 

demand profile full of peaks can be shaped to a nicely 

smoothed demand profile.  

The case we take as an example, smart grid could 

support automatic remote switching system to gain benefits of 

energy conservation. The short term electric load forecast of 

the consumer is done and accordingly, load scheduling is 

carried out. Load scheduling pattern is sent to utility server by 

consumer‘s smart meter and relative switching pattern is 

followed [2].  

 

A. Need of Smart Grid System 

 

  The first AC power grid system installed in 1886 was a 

centralized unidirectional system of electric power 

transmission, electricity distribution, and demand-driven 

control. By the 1960s, the electric grids of developed countries 

had become large, mature and interconnected with thousands 

of 'central' generation power stations delivering power to 

major load centers via high capacity power lines which were 

then branched and divided to provide power to smaller 

industrial and domestic users over the entire supply area.  

  At that time, metering of electricity was necessary on a per-

user basis to allow appropriate billing according to the highly 

variable level of consumption by users. Because of limited 

data collection and processing capability during the growth of 

grid, fixed-tariff arrangements were commonly put in place, as 

well as dual-tariff arrangements where night-time power was 

charged at a lower rate than daytime power to motivate for 

lower night-time demand. The metering capabilities of the 

1960s grid meant technological limitations on the degree to 

which price signals could be propagated through the system. 

  Through the next two decades, growing demand led to 

increasing numbers of power stations. In some areas, supply of 

electricity, especially at peak times, could not keep up with 

this demand, resulting in poor power 

quality including blackouts, power cuts, and brownouts. 

Increasingly, electricity was dependant on for industry, 

heating, communication, lighting, and entertainment, and 

consumers demanded ever higher levels of reliability.  

  Towards the end of the 20th century, electricity demand 

patterns were established: domestic heating and air-

conditioning led to daily peaks in demand that were met by an 

array of 'peaking power generators' that would only be turned 

on for short periods each day. The relatively low utilization of 

these peaking generators together with the necessary 

redundancy in the electricity grid resulted in high costs to the 

electricity companies, causing increased tariffs.  

C 
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  In the 21st century, some developing countries like China, 

India and Brazil were seen as pioneers of smart grid 

deployment. Since the early 21st century, opportunities to take 

advantage of improvements in electronic communication 

technology to resolve the limitations and costs of the electrical 

grid have become apparent. Technological limitations on 

metering no longer force peak power prices to be averaged out 

and passed on to all consumers equally. In parallel, problems 

of environmental damage from fossil-fired power stations 

causes need to use the renewable energy. As wind 

power and solar power are highly variable, the need for more 

sophisticated control systems became apparent, to facilitate 

the connection of sources to the otherwise highly controllable 

grid. 

  The smart grid operation will not be feasible in absence of 

smart components as the data collection, transfer and 

processing are integral part of successful smart grid operation 

with two way flow and power and information. The smart grid 

components are listed below. 

B. Components of smart grid 

  The word ‗Smart‘ is applicable to each step of power system 

in smart grid phenomenon. Each component of grid must work 

independently, smartly with self healing capabilities. The main 

characteristics of smart grid are integrated communications, 

smart sensing and measurement technologies, advanced 

components, advanced control methods, improved interfaces 

and decision support [3]. 

1. Smart Generation- Must have ability to integrate the 

different characteristics of power generation resources to 

optimize energy production, and to automatically maintain 

voltage, frequency and power factor limits based on feedback 

occurring from different points of the grid [3].  

2. Smart Transmission & Distribution- The self-healing, self-

balancing and self-optimizing including superconducting 

cables for long distance transmission, and automated 

monitoring and analysis tools capable of detecting or even 

predicting cable and failures based on real-time data about 

weather, outage history, etc [3].  

3. Smart Load – The home, commercial and industrial 

appliances capable to work according to consumers required 

preset load profile with automatic switching provisions, 

offering energy conservation. It will also shave load profile 

peaks which has a major impact on electricity generation 

costs. It will lower the need for new power plants and cut 

down the harmful greenhouse emissions. 

4. Intelligent appliances- capable of deciding when to 

consume power based on pre-set customer preferences. Early 

tests with smart grids have shown that consumers can save up 

to 25% on their energy usage by simply providing them with 

information on that usage and the tools to manage it [3].  

5. Smart Energy Meters- These allow the two-way 

communications between consumers and utility to automate 

billing data collection, detect outages and dispatch repair 

crews to the correct location faster.   

6. Smart Substations- Include monitoring and control of power 

system parameters at critical and non-critical conditions such 

as power factor performance, breaker, status of various 

equipments and their security [3]. 

7. Integration of Renewable Energy Resources- Integration of 

renewable resources to the national grid (e.g., wind turbines, 

concentrating solar power systems, photovoltaic panels) 

provided with efficient storage (e.g., in batteries, flywheels or 

super-capacitors or in plug-in hybrid electric vehicles).  

  All above components play significant role individually or 

collectively to make grid ‗Smart‘. Some of above components 

participate in management of load profile, tariff and remote 

switching control.  For successful demand side management 

projects, ‗smart meter‘ is an integral part of the project 

planning, deployment and maintenance of the systems. Their 

contributions in areas of the process are required and 

fundamental to the project success which shows that, smart 

meter though forms a tiny component of smart grid is going to 

play a significant role in smart grid management.  

II.SMART METERING MECHANISM 

  Conventionally, energy monitoring is a less sophisticated 

technology that uses a stand-alone device which gives an 

estimated account of electricity usage. A conventional energy 

meter is not 100% accurate but does give the option of real 

time output. The next generation electronic meters display the 

energy used on an LCD or LED display, and some can also 

transmit readings to remote places. In addition to measuring 

energy used, electronic meters can also record other 

parameters of the load and supply such as instantaneous and 

maximum rate of usage demands, voltages, power 

factor and reactive power used and also support time-of-day 

billing but unable to transmit, process the data and control the 

load parameters accordingly [5]. 

  Smart Meters are electronic measurement devices used by 

utilities to communicate information for billing customers and 

operating their electric systems. For over fifteen years 

electronic meters, have been used effectively by utilities in 

delivering accurate billing data for at least a portion of their 

customer base. Initially, the use of this technology was applied 

to commercial and industrial customers due to the need for 

more sophisticated rates and more granular billing data 

requirements. The use of electronic meters came into service 

to the largest customers of the utility and over time gradually 

expanded to all customer classes. This migration was made 

possible by decreasing cost of the technology and advanced 

billing requirements for all customer classes. 

  A Smart Meter simply measures the amount of electricity a 

customer uses. The primary difference between a Smart Meter 

and an older mechanical meter is that the Smart Meter can 

automatically and remotely transmit a customer‘s total electric 

usage to utility. To send information, Smart Meters transmit 
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relatively low power radio signals similar to those used by cell 

phones, baby monitors and garage door.  

  The combination of the electronic meters with two-way 

communications technology for information, monitor, and 

control is commonly referred to as AMI. Previous systems, 

which utilized one-way communications to collect meter data, 

were referred to as AMR Systems. AMI has developed over 

time, from its roots as a metering reading substitute AMR to 

today‘s two-way communication and data system. The 

evolution from AMR to AMI is shown in Fig.1 with lists the 

stakeholders and benefactors for each step in Smart Meter 

evolution [4]. 

 

Fig.1 Smart Meter Technology Evolution 

 

Stakeholder  Benefits 

 

Utility Customers  

1. Better access and data to 

control energy use  

2. More accurate and 

timely billing  

3. Improved rate options, 

outage restoration  

Customer Service 

and Field 

Operations  

1. Reduced cost of Meter 

reading  

2. Reduced trips for off-

cycle reads  

3. Eliminates handheld 

meter reading equipment  

4. Reduced collections, 

connects/disconnects  

Revenue Cycle 

Services -  

 

1. Reduced back office 

rebilling  

2. Early detection of meter 

tampering ,theft  

3. Reduced estimated 

billing and errors  

 

Transmission and 

Distribution  

1. Improved capacitor bank 

switching  

2. Data for improved 

efficiency, reliability of 

service, losses. 

3. Power quality data for 

the service areas 

4. Improved transformer 

load management  

 

Marketing  

1. Reduced costs for 

collecting load research 

data and processing. 

 

Utility General  

1. Reduced regulatory 

complaints  

2. Improved customer 

premise safety & risk 

profile  

3. Reduced employee 

safety incidents  

 

External 

Stakeholders  

1. Improved environmental 

benefits  

2. Support for the Smart 

Grid initiatives  

 
Table.1 Smart Meter Benefits for Utility Stakeholders. 

 

  As stated, though all the components of smart grid play 

significant role, a specific component called ‗Smart Meter‘ 

and its role in smart grid has been discussed in following 

sections. 

 

III.SMART METER FOR LOAD PROFILE 

MANAGEMENT 

 

  With improvements in smart metering technologies, load-

based pricing in Demand Side Management issues are 

becoming more popular and imperative. Smart meters are 

applicable in many smart grid applications like Energy theft 

detection and its preventive measures, load scheduling of 

consumer to flatten load curve of the consumer, remote 

automatic switching management, tariff management which 

benefits in low cost of consumer energy and improved load 

factor. A typical load profile is shown in Fig.2 

    For load profile management, short term load prediction has 

been adopted to improve system efficiency which does not 

affect on consumer‘s household demand. An hourly peak 

consumption pattern for the next day can be predicted using 

quantitative and qualitative prediction techniques like 

polynomial curve fitting, ARIMA, Fuzzy logic, ANN etc. 

  The predicted load profile along with cost function is 

displayed on the user network which is received by consumer 

smart meter [2]. The effectiveness of smart meter applications 

can be found from few of the significant examples, when 

applied in the smart grid as discussed in following sections. 
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    Fig.2 Representation of load profile 

 

 
 

Fig.3 Smart Meter for Load Profile Management 
 

  Fig.3 shows communication between smart meter and utility 

server. Consumer smart meter is receiving area-load profile 

and pricing function from utility server and providing its own 

energy usage to the server. Scheduling is done for area-load 

based cost function using Genetic Algorithms and hence a 

comparatively smoother load profile is obtained.  

  This helps each consumer to shift high power household 

appliances in accordance to the displayed load profile [2]. The 

consumer‘s actual energy usage profile would then be used in 

evaluating the corresponding individual load factor (LF), thus 

encouraging to adopt load shifting strategy in order to reduce 

the daily electricity bill. This would benefit the generation unit 

by operating at improved load factor. The scheduled load 

curve is fed to smart meter for local load control.  

  With the transmitters i.e. means of controlling the system and 

receivers, the automatic control of domestic loads is possible. 

According to scheduled load profile, smart meter will issue a 

message in numerical code that includes the following, 

 An alert to the system that it's issuing a command,  

 An identifying unit number for the device that should 

receive the command  

 A code that contains the actual command, such as 

"turn off."  

  It is designed to happen in less than a second. Above 

mentioned technique is used in smart homes. Smart Home 

technology started for more than a decade to apply the concept 

of networking devices and equipment in the house. According 

to the Smart Homes Association the smart home technology 

is: the integration of technology and services through home 

networking for a better quality of living [5]. 

 

IV.SMART METER FOR TARIFF MANAGEMENT 
 

  A smart meter electronically tracks how much electricity a 

home or small business uses and when it is used. With that 

information, electricity prices can vary at different times of the 

day, encouraging consumer to think more about how and 

when to use electricity. This detailed information appears on 

the electricity bill to help to manage electricity costs. 

  Smart meters make it possible to introduce time-of-use 

pricing to homes and small businesses. Time-of-use pricing is 

a rate structure that reflects the costs associated with 

electricity production throughout the day. Prices rise and fall 

over the course of the day and tend to drop overnight and on 

weekends, depending on demand and the availability of 

supply: 

 Off-peak is when demand is low and less expensive 

sources of electricity is used. 

 Mid-peak is when the cost of energy and demand are 

moderate. 

 On-peak is when demand is highest and more 

expensive forms of electricity production are 

required. 

  Time-of-use pricing provides a new way to manage energy 

costs. For example, the time of day is divided into 6 slots, 4 

hours per slot. Each slot is then defined for load status like 

peak, mid peak, off peak etc. and accordingly, tariff rates at 

that slot is calculated. One may choose to shift some of your 

electricity use to mid-peak and off-peak times when it is less 

expensive. The heavy household appliances like heaters, 

washing machines etc. may be shifted to off-peak hours and 

loads consuming less energy may be shifted to peak hours. 

The same phenomenon can be used for remote switching. This 

will offer high load factor due to flattened load profile and will 

reduce consumer bill. 

  From the example, it is clear that, Time-of-use pricing 

encourages users to shift some electricity use to off-peak 

hours. By reducing peak demand, the utility can reduce its use 

of the less environmentally attractive resources that are called 

on when demand is high. In the long run, lower peak demand 

will mean less need for new generating facilities and 

transmission and distribution infrastructure, lowering costs for 

all types of users. 

  A smart meter system opens up the opportunity for new 

kinds of conservation and demand management programs. In 

the future, smart meters could allow the introduction of 

different time-based incentive programs, or the opportunity for 

you to control your energy use through energy management 

devices or smart appliances. Smart meter data also provides 

comprehensive, detailed information for electricity system 

planning, allowing us to identify where future generation, 

transmission and distribution investments are required, this 

will lead to following benefits of smart meter. 

Load 
Prediction 

Using 
Prediction 
Techniques

Predicted 
Area Load 

Profile

Load 
Scheduling 

Using 
Genetic 

Algorithms

Store Load 
Profile

                    Cost Function 

Smart Meter 

           Communication Channel 

Utility    

Utility 
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 With a smart meter and time-of-use rates, user is able 

to take advantage of lower rates by switching some of 

the energy use to mid- and off-peak periods. 

 Smart meters provide accurate feedback about 

customer‘s electricity consumption. The electricity 

bill provides a summary of consumption during each 

time-of-use rate period over the previous billing 

period. In the future, user will also be able to get 

information about electricity use the next day over 

the Internet and/or by telephone. 

 In the future, smart meters will make it possible for 

people to use such innovations as home energy 

management systems and electric vehicles. 

 

V. CONCLUSION 

 

  From the discussion in various sections of the paper, it is 

clear that, the current era of energy system is most dynamic 

and vibrant. This demands the automation and smart devices 

for their proper functioning. The benefits and various 

examples elaborated make the point very clear. Hence it is 

concluded that, smart meters would promote and function in 

making the current dumb grids into smart and intelligent grid. 

Apart from which the smart meters are going to relieve both 

the consumers and suppliers from tariff management, load 

profile management and control aspects. The further research 

in this direction may change the existing grids across the 

world into smart grid making its own decisions in years to 

come. 
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Abstract- According to travelling salesman problem (TSP) 

given a number of cities and the distances between each couple 

of cities, the aim is to find the smallest possible route that goes 

to each city exactly once and returns to the origin city i.e., find 

a least cost Hamiltonian cycle It is definitely an NP-hard 

problem, important in operations investigation and theoretical 

computer scientific discipline. In the theory involving 

computational complexity, the decision version in the TSP 

where, given any length L, the task is to decide whether the 

graph offers any tour shorter than L belongs to the class of NP-

complete issues. Thus, it is possible which the worst-case 

running time for virtually every algorithm for the TSP 

increases superpolynomially or perhaps exponentially with the 

quantity of cities. Heuristic search is definitely an AI search 

technique that employs heuristic to its moves. Heuristic is a 

rule of thumb that probably leads into a solution. Heuristics 

play a major role in search strategies because of exponential 

nature of the most extremely problems. Heuristics help to 

reduce the quantity of alternatives from an exponential 

number into a polynomial number. In AI, heuristic search 

incorporates a general meaning, and an increasingly 

specialized technical meaning. Within a general sense, the term 

heuristic is utilized for any advice which is often effective, but 

just isn't guaranteed to work always. The major aim of this 

proposed research work is to analyze and compare the 

performance of A* and AO* heuristic search algorithms for 

solving TSP on the basis of providing the optimal path 

according to Computational Time and runtime Memory 

Consumption. 

 
Keywords—A* algorithm, AO algorithm*, Travelling Salesman 

Problem (TSP). 

I. INTRODUCTION 

ravelling Salesman Problem is a combinational 

problem consisting of some cities and some edges 

connecting one city to other. TSP can be represented by a 

graph G (V, E), where V is the set of vertices (cities) and E 

is the set of edges(path) between each of the two vertices 

specific to the graph. TSP is to discover the shortest path in 

the graph G setting up a least cost Hamiltonian Cycle. If 

there exists a path between the two cities i and j, then the 

distance between these cities can be computed as-. 

 
 

TSP deals with real time scenario for a traveling salesman, 

where the most important for him to follow the shortest and 

optimal path having the minimum cost so as to gain 

maximum profit and to deliver the goods lesser time as 

much as possible. Path optimization is one of the major 

problems while travelling from the source to destination 

city visiting each city only once. Path can be calculated 

using many strategies but to decide the best possible 

strategy according to the number of cities is a difficult task. 

TSP Heuristic: Whenever the salesman is at town i this 

individual chooses as their next city i. e., the city j which is 

why the c(i, j) charge, is the bare minimum among all c(i, k) 

charges, where k will be the pointers of the city the 

salesman has not visited yet. In case more than one city 

gives the particular minimum cost, the city with the smaller 

k is going to be chosen. This greedy algorithm selects the 

lowest priced visit in each step and won't care whether this 

will lead to a correct solution or not. 

 

Input 

Network formed from n cities 

Cost  c(i,j) of  traveling from one city to next city, 

where  i & j = 1,2,3 . . , n. 

Start with initial city. 

Output 

A least cost Hamiltonian cycle. 

 
 

II. PROPOSED METHODOLOGY 

A. Applying TSP with A* Algorithm 

    [1]
 A Star is typically the most popular choice for path 

finding, because it’s reasonably flexible and works 

extremely well in an array of contexts. A Star is just like 

Dijkstra’s algorithm as it enables you to find a speediest 

path. A Star is like Greedy Best-First-Search as it can make 

use of a heuristic to manual itself. In the simple case, it is as 

fast as Best-First-Search. The secret for its success is that it 

combines the information that Dijkstra’s criteria uses 

(favoring vertices that are near to the starting point) as well 

as information that Best-First-Search uses (favoring vertices 

that are near to the goal). In the standard terminology used 

when speaking about A Star, g(n) represents the complete 

cost of the trail from the starting point to any vertex and, 

and h(n) presents the heuristic estimated cost from vertex n 

to the goal. Each time A Star chooses the vertex n that has 

the lowest f(n) = g(n) + h(n). 

 

Algorithm- 

 

Procedure Proposed A* algorithm for TSP 

Initialize  ClosedSet =: empty 

T 
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Initialize ,OpenSet  := start_node 

Initialize  FromNode :=  empty  

Initialize CoveredNodes  :=  set of all nodes in graph 

Initialize  g_score[start] := 0 

Calculate 

 f_score[start] := g_score[start] + heuristic_cost_estimation 

Loop Until OpenSet is not empty 

Choose the current node from OpenSet with lowest f_score 

If current node is not equal to start node Then 

Reconstruct path from current_node 

Remove current node from OpenSet 

If current node not in covered nodes Then 

Add current node to ClosedSet 

For Each neighbour in neighbour nodes of current 

If neighbour in ClosedSet or in Covered Nodes then  

Continue loop; 

Calculate tentative_score:= g_score_current + distance 

between current and neighbour 

If neighbour not in OpenSet or tentative_score < g_score 

of current Then 

Update FromNode with neighbour 

Update g_score with tentative f_score 

Update f_score = g_score + heuristic_cost_estimation 

If neighbour not in OpenSet Then 

Add neighbour to OpenSet 

End For 

End Loop 

End 

B. Applying TSP with AO* Algorithm 

[2]
 When a problem can be split into a set of sub problems, 

where each sub problem can be solved separately and a 

combination of these will be a solution, AND-OR graphs or 

AND - OR trees are used for representing the solution. The 

decomposition of the problem or problem reduction 

generates AND arcs. 
[3]

 One AND are may point to any 

number of successor nodes. All these must be solved so that 

the arc will rise to many arcs, indicating several possible 

solutions. Hence the graph is known as AND - OR instead 

of AND. Figure shows an example for AND – OR tree. 

  

An algorithm to find a solution in an AND - OR graph must 

handle AND area appropriately. A Star algorithm cannot 

work with AND - OR graphs correctly and efficiently. 

 

Algorithm- 

 

Procedure Proposed AO* algorithm for TSP 

Let G consists only to the node representing the initial state 

call this node INIT.  

Calculate    h' (INIT). 

Until INIT is labeled SOLVED or h' (INIT) becomes 

greater than FUTILITY,  

Repeat the following procedure. 

 Trace the marked arcs from INIT and select an unbounded 

node NODE. 

Generate the successors of NODE. If there are no 

successors then assign FUTILITY as   h' (NODE). This 

means that NODE is not solvable. If there are successors 

then for each one   called SUCCESSOR, that is not also an 

ancestor of NODE do the following 

           (a) Add SUCCESSOR to graph G 

            (b) If successor is not a terminal node, mark it solved 

and assign zero to its h ' value. 

            (c) If successor is not a terminal node, compute it h' 

value. 

Propagate the newly discovered information up the graph 

by doing the following. Let S be a set of nodes that have 

been marked SOLVED. Initialize S to NODE. Until S is 

empty repeat the following procedure; 

(a) Select a node from S call if CURRENT and remove it 

from S. 

(b) Compute h' of each of the arcs emerging from 

CURRENT, Assign minimum h' to CURRENT. 

(c) Mark the minimum cost path as the best out of 

CURRENT. 

(d) Mark CURRENT SOLVED if all of the nodes connected 

to it through the new marked are have been labeled 

SOLVED. 

(e) If CURRENT has been marked SOLVED or its h ' has 

just changed, its new status must be propagate backwards up 

the graph. Hence all the ancestors of CURRENT are 

added to S. 

End Loop 

End Loop 

 

III. EXPECTED OUTCOME 

After the implementation of proposed research work, the 

expected outcome includes graphical analysis generated on 

the basis of the following:- 

A. Computational Time: Time taken by both the algorithms 

for solving the Travelling Salesman Problem. 

B. Memory Consumption: Runtime memory required by 

both the algorithms to solve Travelling Salesman Problem 

individually. 
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IV. CONCLUSION 

 

Both the heuristic search algorithms A* and AO* are 

proposed for solving the traveling salesman problem. 

Theoretically, both the algorithms provide optimal solution 

to the problem according to the heuristics estimation. But 

for following the AO* approach, it is must that the selection 

of nodes for ANDing and ORing at particular level should 

so done so that it should obtain the unbounded node, 

avoiding backward propagation as possible and thus 

acquiring possible minimum time for solving the TSP. Also 

the FUTILITY value is so chosen in AO*, that it can lead to 

obtaining the solution with minimizing the complexities. 

Thus, both A* and AO* algorithms guarantees to provide 

the solution as the least cost Hamiltonian cycle for 

Travelling Salesman Problem. 

 

REFERENCES 

 
[1]. http://en.wikipedia.org/wiki/A*_search_algorithm 

[2]. http://artificialintelligence-notes.blogspot.in/2010/07/problem-
reduction-with-ao-algorithm.html 

[3]. Artificial Intelligence, second edition, by Elaine Rich and Kevin 

Knight, published by Tata MacGraw-Hill Edition. 
[4]. Introduction to Algorithms, second edition, by  Thomas H. Coremen, 

Charles E. Leieserson, Ronald L. Rivest, Clifford Stein, published by 

Asoke Ghosh, Prentice-Hall of India Private Limited.  
[5]. http://www.cs.cf.ac.uk/Dave/AI2/node26.html 
 

http://www.cs.cf.ac.uk/Dave/AI2/node26.html


International Conference on Multidisciplinary Research & Practice                                                            P a g e  | 593 

 

Volume I Issue VIII                                                                   IJRSI                                                                  ISSN 2321-2705 
 

Business Responsibility Report –A Comparative 

Study of Selected Personal Care Consumer Products 

vs. Automobile Companies of India 
Abhishek Y. Shah 

Assistant Professor, Department of Accountancy 

H.L. Institute of Commerce, Ahmedabad University 

Vaibhav D. Kadia 
Assistant Professor, Department of Accountancy 

H.L. Institute of Commerce, Ahmedabad University 

 

Abstract- Over the recent years, the financial reporting 

framework has undergone a massive restructuring in terms 

of its content as well as format. The Published Annual 

Financial Reports have varied substantially on mandatory 

and voluntary disclosures front. At times, the stakeholders 

are unable to distinguish between whether what is desired is 

available or what is available is desired or not? As it is 

increasingly seen everywhere, the willingness to provide 

voluntary information has remained as low or zero priority 

item on the part of majority of the enterprises. On the other 

hand, the society sees the enterprises as critical components 

of the social system and makes them accountable to the 

larger society and is looking for more and more information 

from the enterprises for its stakeholders. Regulatory bodies 

have remained as the torch bearer in this regards. By 

enacting various rules and regulations, they have strived to 

bring more and more information in public domain for the 

benefit of various stakeholders. “National Voluntary 

Guidelines – NVGs on Social, Environmental and Economic 

Responsibilities of Business” issued by the Ministry of 

Corporate Affairs, Government of India, in July 2011, is one 

step forward in this direction only. In line with these 

guidelines, it has been made mandatory to include Business 

Responsibility Reports “BR Reports” as part of the Annual 

Reports for top 100 listed entities. Business Responsibility 

Report is a disclosure of adoption of responsible business 

practices by a listed company to all its stakeholders. 

This paper is an endeavour to understand the emergence of 

Business Responsibility Report and its applicability, 

suggested framework of BR Reports and Principles to assess 

compliance with Environment, Social and Governance 

norms. It also covers a comparative analysis of BR Reports 

of Selected Personal Care Consumer Products Vs. 

Automobile Companies of India and determining their ranks 

on the basis of BR disclosures made in the Published Annual 

Financial Report. 

 

Key Words: Financial Reporting; Published Annual Financial 

Reports; National Voluntary Guidelines – NVGs; Business 

Responsibility Reports – BR Reports; Environmental, Social 

and Governance norms 
 

I. INTRODUCTION 
 

he enterprises in the modern world draw a lot of 

things from the social system. Thus, in the present 

times, they are considered and seen as very critical 

components of the entire social system. The emerging 

view is:the enterprises are not only accountable to their 

shareholders from a revenue and profitability 

perspective;but they are also accountable to the larger 

society which is also its stakeholder. Such a philosophy 

has led to adoption of responsible business practices in the 

interest of the social set-up and the environment, and is 

considered as vital as their financial and operational 

performance. 

 

Ministry of Corporate Affairs, Government of India, in 

July 2011, came out with the “National Voluntary 

Guidelines on Social, Environmental and Economic 

Responsibilities of Business”. The guidelines contain 

comprehensive principles to be adopted by companies as 

part of their business practices and a structured business 

responsibility reporting format requiring certain specified 

disclosures, demonstrating the steps taken by companies 

to implement these principles. In line with these 

guidelines, SEBI, vide circular dated August 13, 2012, 

mandated inclusion of Business Responsibility Report 

(BRR) as a part of the Annual Report for top 100 listed 

companies. 

 

II. APPLICABILITY 
 

1. The requirement to include Business Responsibility 

Reports as part of the Annual Reports shall be mandatory 

for top 100 listed entities based on market capitalisation at 

BSE and NSE as on March 31, 2012. BSE and NSE shall 

independently draw up a list of listed entities to whom the 

circular would be applicable based on the said criteria and 

disseminate the same in their websites respectively. Other 

listed entities may voluntarily disclose Business 

Responsibility Reports as part of their Annual Reports. 

 

Those listed entities which have been submitting 

sustainability reports to overseas regulatory agencies / 

stakeholders based on internationally accepted reporting 

frameworks need not prepare a separate report for the 

purpose of these guidelines but only furnish the same to 

their stakeholders along with the details of the framework 

under which their Business Responsibility Report has 

been prepared and a mapping of the principles contained 

in these guidelines to the disclosures made in their 

sustainability reports. 

 

2. The provisions shall be applicable with effect from 

financial year ending on or after December 31, 2012. 

However, listed entities who are yet to submit their 

Annual Reports for financial year ended on March 31, 

T 
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2012 may also include Business Responsibility Reports as 

part of their Annual Reports on a voluntary basis. 

 

The above conditions are specified in exercise of the 

powers conferred under Section 11 read with Section 11A 

of the Securities and Exchange Board of India Act, 1992. 

The said listing conditions should form part of the Listing 

Agreement of the stock exchange. All the stock exchanges 

have to ensure compliance to this and make necessary 

amendments in their Listing Agreements. 

 

III. LITERATURE REVIEW 
 

1. Ioannis I. and George S. have studies about the 

Consequences of Mandatory Corporate Sustainability 

Reporting: Evidences from four countries. They have 

examined the effect of mandatory sustainability 

reporting on corporate disclosure practices. They 

have examined regulations mandating the disclosures 

of environmental, social and governance information 

in China, Denmark, Malaysia and South Africa using 

differences-in-differences estimation with propensity 

score matched samples. They found significant 

heterogeneity incorporate disclosure responses across 

those four countries. Their result highlights the role 

of local context and institutional differences in how 

firms in different countries respond to reporting 

regulations. 

 

2. Cameila L., Chirata C. and Cornelia D. have done a 

research on Corporate Social Responsibility 

Reporting to revisit the relationship between 

reporting companies‟ characteristics and the 

importance assigned to social and environmental 

disclosures, using statistical correlations. They have 

made a content analysis on the extent of sustainability 

reports of the large 50 companies classified by Global 

Fortune in 2009. They discovered that there is a 

significant negative correlation between changes in 

revenue and return on equity on social and 

environmental disclosures for the samples companies. 

 

3. Jose P. D. and Saurabh S. have studies about 

Corporate Sustainability Initiatives Reporting: A 

study of India‟s most Valuable Companies. They 

have analysed the sustainability initiatives of India‟s 

top 100 companies across multiple variables related 

to sustainability.The study reveals significant 

variance in reporting across sectors as well as on the 

variables reported. The highest reported variables 

were related to corporate governance, followed by 

those related to CSR initiatives and measures to 

improve operational efficiency. Most initiatives in the 

area of CSR focused on four areas-education, 

healthcare, community livelihood, and infrastructure 

development. Operations-related measures included 

resource conservation (energy, water, paper) and 

waste management (emissions, solid waste, water). 

Less than 20% of the companies that were surveyed 

currently disclose information on sustainability issues 

related to the supply chain. The sectoral differences 

in reporting were also striking. The cement, metals 

and mining, electric utilities, and information 

technology sectors outperformed the other sectors on 

most indicators. The realty, telecom and TV, 

pharmaceuticals, and banking and finance sectors had 

not disclosed as much as the others did. The study 

also highlights areas for improvement. Voluntary 

sustainability reporting was still limited. Disclosures 

on CSR finances and donations were also nearly non-

existent. 

 

4. Pradip Kumar M. has studied about Sustainability 

practices in India: Its problems and prospects. They 

found out that India as an emerging market is now on 

a limelight and is a cost effective and high quality 

destination. The world expects India to show some 

measures taken for developing some environment 

friendly and socially responsible practices. As 

concluded by them in one of the report published by 

GRI website suggests that 78% of GRI sustainability 

reports from India contain complete information 

relevant to the reporting organisation and externally 

assured, compared to just 24$ globally. (GRI‟s year 

in review 2009/10). 

 

IV. OBJECTIVES OF THE STUDY 
 

1. To make a comparative study of soundness of 

responsible business practices adopted by the 

Personal Care Consumer Product Companies and 

Automobile Companies for a period of 2013-2014. 

2. To list the companies in the Personal Care Consumer 

Products and Automobile category who haven‟t made 

BR disclosures in their annual reports of 2013-2014. 

3. To examine the trends of BR disclosures among 

Personal Care Consumer Products and Automobile 

Companies for a period of 2013-14. 

4. To give ranks to the Personal Care Consumer Product 

and Automobile companies based on their BR 

disclosures and determine the most transparent 

company in their respective category. 

 

V. RESEARCH METHODOLOGY 
 

1. This study is about the companies engaged in 

manufacturing Personal Care Consumer Products and 

Automobile Companies. For the purpose of this 

study, the companies have been divided into two 

groups namely Personal Care Consumer Products and 

Automobiles. This classification is done on the basis 

that both the sectors covers the products which are a 

part of day to day life of most of the Indians and both 

these sectors contribute substantially to India‟s 

economic growth and GDP. 

 

2. Out of the list of 100 companies for whom BR 

Reports is mandatory, total 10 companies are selected 

whose manufactures products which are a part of an 
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average Indian‟s day to day life. Out of the 10 

selected companies, 5 companies are in the Personal 

Care Consumer Products category and other 5 

companies are in the Automobiles category. 

 

3. The Companies covered under Personal Care 

Consumer Products category are Hindustan Unilever 

Limited, Nestle India Limited, Dabur India Limited, 

Godrej Consumer Products Limited and Colgate 

Palmolive (India) Limited in the order of their Market 

Capitalisation on the effective date. 

 

4. The Companies covered under Automobiles category 

are Tata Motors Limited, Bajaj auto Limited, 

Mahindra & Mahindra Limited, Hero Motocorp 

Limited and Maruti Suzuki India Limited the order of 

their Market Capitalisation on the effective date.  

 

5. The source and the period of study is the Published 

Annual Financial Reports of the selected companies 

for the year 2013-2014. 

 

6. Suggested Framework of Business Responsibility 

Report, Principles to assess compliance with 

Environmental, Social and Governance norms and 

List of 100 Companies for whom BR Reports are 

mandatory are available in Annexure 1, 2 and 3 

respectively. 

 

7. In Business Responsibility Report framework, most 

of the Sections A, B, C, D – 1 & 3 and E covers 

qualitative and descriptive data. Only Section D – 2 

covers quantitative data, based on 10 Questions 

spreaded across 9 principles. Non-statistical 

technique in the form of content analysis has been 

applied for the purpose of analysis. To determine 

percentage of disclosure made and to decide the ranks 

based on that, answers given in Section D – 2 have 

been considered for the purpose of determining % 

and then ranks are given. The formula used for % 

conversion is as follows: 

(Disclosures made by a Company / Total 90 

Disclosures) X 100 

Ranks are given to companies based on the company 

scoring highest percentage. 

 
VI. DATA ANALYSIS 

 

1. BSE Sensex covers index of 30 Companies. It is 

interesting to note that all 30 companies covered in 

BSE Sensex are in the list of top 100 companies for 

whom BR Report is mandatory. Thus, 100% of BSE 

Sensex companies have to comply with BR Reports 

mandatory disclosures requirements. 

 

2. NSE Nifty represents indices of 50 Companies. It is 

interesting to note that out of 50 Nifty Companies, 48 

Nifty companies are covered in the list of top 100 

companies for whom BR Report is mandatory. Only 

2 companies, Tech Mahindra Limited and United 

Spirits Limited are in the list of Nifty 50 companies 

but are not covered by BR Report mandatory 

disclosures. Thus, 96% of NSE Nifty companies have 

to comply with BR Reports mandatory disclosures 

requirements. 

 

3. The broader Sectoral bifurcation of 100 companies 

for whom BR Reports is mandatory is as follows: 

 

 

Sector No. of 

Companies 

Auto and Auto ancillary 07 

Financial Services – Public, Private, 

Hire Purchase, Leasing and Term 

lending 

18 

Computers 05 

Cements 04 

Telecommunication 03 

Pharmaceuticals 07 

Personal Care Consumer Products 07 

Oil drilling and Refineries 09 

Power Generation and distribution 08 

Metals 09 

General Infrastructure 06 

Industrial Manufacturing 03 

Trading 02 

Mining & Minerals 03 

Others including Paints, Breweries, 

Miscellaneous 

09 

TOTAL 100 

 

4. As discussed in Point No. 7 of Research 

Methodology, based on the answers given by the 

companies in Section D - 2, the following matrix has 

been framed for Personal Care Consumers Products. 
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Sr. 

No. 

Name of the Company P 

1 

P 

2 

P 

3 

P 

4 

P 

5 

P 

6 

P 

7 

P 

8 

P 

9 

Total 

Out 

of 90 

% 

Score 

1. Hindustan Unilever Ltd. 10 09 10 10 10 10 09 09 10 87 96.67% 

2. Nestle India Ltd. 09 09 09 09 09 09 09 09 09 81 90.00% 

3. Dabur India Ltd. 08 07 10 08 08 09 00 07 07 64 71.11% 

4. Godrej Consumer  

Products Ltd. 

06 06 06 06 06 06 06 06 06 54 60.00% 

5. Colgate Palmolive (India) Ltd. 09 08 08 08 08 08 00 08 09 66 73.33% 

  Average for Personal Care Consumer Products 77.02% 

 

5. As discussed in Point No. 7 of Research 

Methodology, based on the answers given by the 

companies in Section D - 2, the following matrix has 

been framed for Automobile Companies. 

 

 

 

 

 

 

Sr. 

No. 

Name of the Company P 

1 

P 

2 

P 

3 

P 

4 

P 

5 

P 

6 

P 

7 

P 

8 

P 

9 

Total 

Out 

of 90 

% 

Score 

1. Tata Motors Ltd. 10 10 10 10 10 10 10 10 10 90 100.00% 

2. Bajaj Auto Ltd. Information not provided by the company  

3. Mahindra & Mahindra Ltd. 10 10 10 10 10 10 08 09 10 87 96.67% 

4. Hero Motocorp Ltd. 08 09 08 08 08 10 00 00 10 61 67.78% 

5. Maruti Suzuki India Ltd. 08 07 09 09 00 10 01 09 10 63 70.00% 

  Average for Automobile Sector 83.61% 

 

VII. FINDINGS 

 

1. The Personal Care Consumer Products category has 

achieved average of 77.02% score for disclosures 

made in Section D-2 of mandatory BR Reports. 

Hindustan Unilever Limited has achieved a highest 

score of 96.67% and Godrej Consumer Products 

Limited has achieved lowest score of only 60%. 

2. The Automobiles category has achieved average of 

83.612% score for disclosures made in Section D-2 of 

mandatory BR Reports. Tata Motors Limited has 

achieved a highest score of 100% and Hero Motocorp 

Limited has achieved lowest score of only 67.78%.  

3. It is interesting to note that Bajaj Auto Limited has 

not provided any detailed information related to 

Section D – 2 in its BR Report. Though, the company 

has given a BR Report in the descriptive format. 

4. In Personal Care Consumer Products category, two 

companies Dabur India Limited and Colgate 

Palmolive India Limited has not scored anything for 

Principle 7, which is Regulatory Policy and its 

Advocacy and its related policies. 

 

 

 

 

 

5. In Automobiles category, Hero Motocorp Limited has 

not scored anything for Principle 7, which is 

Regulatory Policy and its Advocacy and Principle 8, 

which is Equitable Development and its related 

policies. 

6. In Automobiles category, Maruti Suzuki India 

Limited has not scored anything for Principle 5, 

which is Human Rights and its related policies. 

7. Inclusion of Business Responsibility Report as a part 

of Published Annual Financial report is a progressive 

step taken by the regulatory authorities in the best 

long term interest of various stakeholders. However, 

the study of BR Reports of all the companies under 

both the categories gives a very clear impression that 

for majority of the companies BR Reports is only for 

the compliance purpose. The very purpose of the 

regulatory authorities will be served only and only 

when BR Reports provide correct and factual 

information in the interest of its stakeholders and 

more importantly the stakeholders starts 

understanding the reports and information contained 

therein. 
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8. At present, BR Reports have been made mandatory 

only for top 100 listed companies. However, as a 

future roadmap, to bring more companies under its 

domain, it should be made mandatory for all listed 

companies on the stock exchanges. 
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Annexure - 1: 

Suggested Framework of Business Responsibility Report 

 

Section A: General Information about the Company 

1. Corporate Identity Number (CIN) of the Company 

2. Name of the Company 

3. Registered Address 

4. Website 

5. E-mail id 

6. Financial Year reported 

7. Sector(s) that the Company is engaged in (industrial activity code-wise) 

8. List three key products/services that the Company manufactures/provides (as in balance sheet) 

9. Total number of locations where business activity is undertaken by the Company 

I. Number of International Locations (Provide details of major 5) 

II. Number of National Locations 

10. Markets served by the Company – Local/State/National/International/ 

 

Section B: Financial Details of the Company 

1. Paid up Capital (INR) 

2. Total Turnover (INR) 

3. Total profit after taxes (INR) 

4. Total Spending on Corporate Social Responsibility (CSR) as percentage of profit after tax (%) 

5. List of activities in which expenditure in 4 above has been incurred:- 

a.  

b.  

c.  

 

Section C: Other Details 

1. Does the Company have any Subsidiary Company / Companies? 

2. Do the Subsidiary Company/Companies participate in the BR Initiatives of the parent company? If yes, then indicate the 

number of such subsidiary company(s) 

3. Do any other entity/entities (e.g. suppliers, distributors etc.) that the Company does business with, participate in the BR 

initiatives of the Company? If yes, then indicate the percentage of such entity/entities? [Less than 30%, 30-60%, More 

than 60%] 

 

Section D: BR Information 

1. Details of Director/Directors responsible for BR 

a) Details of the Director/Directors responsible for implementation of the BR policy/policies 

 DIN Number 

 Name 

 Designation 

b) Details of the BR head 

 

http://www.sebi.gov.in/cms/sebi_data/attachdocs/1344915990072.pdf
http://www.sebi.gov.in/cms/sebi_data/attachdocs/1344915990072.pdf
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http://www.kelloggcompany.com/en_US/corporate-responsibility.html
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S. No. Particulars Details 

1. DIN Number (if applicable)  

2. Name  

3. Designation  

4. Telephone number  

5. e-mail id  

2. Principle-wise (as per NVGs) BR Policy/policies (Reply in Y/N) 

 

S.No. Questions P 

1 

P 

2 

P 

3 

P 

4 

P 

5 

P 

6 

P 

7 

P 

8 

P 

9 

1. Do you have a policy/policies for…..          

2. Has the policy being formulated in consultation with 

the relevant stakeholders? 

         

3. Does the policy conform to any national/international 

standards? If yes, specify? (50 words) 

         

4. Has the policy being approved by the Board? 

If yes, has it been signed by 

MD/owner/CEO/appropriate Board Director? 

         

5. Does the company have a specified committee of the 

Board/Director/Official to oversee the implementation 

of the policy? 

         

6. Indicate the link for the policy to be viewed online?          

7. Has the policy been formally communicated to all 

relevant internal and external stakeholders? 

         

8. Does the company have in-house structure to 

implement the policy/policies? 

         

9. Does the company have a grievance redressal 

mechanism related to the policy/policies to address 

stakeholders‟ grievances related to the policy/policies? 

         

10. Has the company carried out independent 

audit/evaluation of the working of this policy by an 

internal or external agency? 

         

 

2a. If answer to S.No. 1 against any principle is „No‟, please explain why:  

      (Tick up to 2 options) 

 

S.No. Questions P 

1 

P 

2 

P 

3 

P 

4 

P 

5 

P 

6 

P 

7 

P 

8 

P 

9 

1. The company has not understood the Principles          

2. The company is not at a stage where it finds itself in a 

position to formulate and implement the policies on 

specified principles 

         

3. The company does not have financial or manpower 

resources available for the task 

         

4. It is planned to be done within next 6 months          

5. It is planned to be done within next 1 year          

6. Any other reason (please specify)          
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3. Governance related to BR 

 Indicate the frequency with which the Board of Directors, Committee of the Board or CEO to assess the BR 

performance of the Company. Within 3 months, 3-6 months, Annually, More than 1 year 

 Does the Company publish a BR or a Sustainability Report? What is the hyperlink for viewing this report? How 

frequently it is published? 

 

Section E: Principle-wise performance 

Principle 1 

1. Does the policy relating to ethics, bribery and corruption cover only the company? Yes / No. Does it extend to the 

Group/Joint Ventures/Suppliers/Contractors/NGOs/Others? 

2. How many stakeholder complaints have been received in the past financial year and what percentage was satisfactorily 

resolved by the management? If so, provide details thereof, in about 50 words or so. 

 

Principle 2 

1. List up to 3 of your products or services whose design has incorporated social or environmental concerns, risks and/or 

opportunities. 

I.  

II.  

III.  

2. For each such product, provide the following details in respect of resources use (energy, water, raw material etc.) per unit 

of product(optional): 

I. Reduction during sourcing/production/distribution achieved since the previous year throughout the value chain? 

II. Reduction during usage by consumers (energy, water) has been achieved since the previous year? 

3. Does the company have procedures in place for sustainable sourcing (including transportation)? 

I. If yes, what percentage of your inputs was sourced sustainably? Also, provide details thereof, in about 50 words 

or so. 

4. Has the company taken any steps to procure goods and services from local and small producers, including communities 

surrounding their place of work? 

If yes, what steps have been taken to improve their capacity and capability of local and small vendors? 

5. Does the company have a mechanism to recycle products and waste? If yes, what is the percentage of recycling of 

products and waste (separately as 5%, 5-10%, >10%). Also, provide details thereof, in about 50 words or so. 

 

Principle 3 

1. Please indicate the Total number of employees. 

2. Please indicate the Total number of employees hired on temporary/contractual/casual basis. 

3. Please indicate the Number of permanent women employees. 

4. Please indicate the Number of permanent employees with disabilities. 

5. Do you have an employee association that is recognized by management? 

6. What percentage of your permanent employees is members of this recognized employee association? 

7. Please indicate the Number of complaints relating to child labour, forced labour, involuntary labour, sexual harassment 

in the last financial year and pending, as on the end of the financial year. 

S. No. Category No. of complaints filed 

during the financial year 

No. of complaints 

pending as on end of the 

financial year 

1. Child labour/forced 

labour/involuntary labour 

  

2. Sexual harassment   

3. Discriminatory 

employment 
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8. What percentage of your under mentioned employees were given safety & skill up-gradation training in the last year? 

 Permanent Employees 

 Permanent Women Employees 

 Casual/Temporary/Contractual Employees 

 Employees with Disabilities 

 

Principle 4 

1. Has the company mapped its internal and external stakeholders? Yes/No 

2. Out of the above, has the company identified the disadvantaged, vulnerable & marginalized stakeholders? 

3. Are there any special initiative taken by the company to engage with the disadvantaged, vulnerable and marginalized 

stakeholders. If so, provide details thereof, in about 50 words or so. 

 

Principle 5 

1. Does the policy of the company on human rights cover only the company or extend to the Group/Joint 

Ventures/Suppliers/Contractors/NGOs/Others? 

2. Hoe many stakeholders complaints have been received in the past financial year and what percent was satisfactorily 

resolved by the management? 

 

Principle 6 

1. Does the policy related to Principle 6 cover only the company or extends to the Group/Joint 

Ventures/Suppliers/Contractors/NGOs/Others? 

2. Does the company have strategies/ initiatives to address global environmental issues such as climate change, global 

warming, etc? Y/N. If yes, please give hyperlink for webpages etc. 

3. Does the company identify and assess potential environmental risks? Y/N. 

4. Does the company have any project related to Clean Development Mechanism? If so, provide details thereof, in about 50 

words or so. Also, if yes, whether any environmental compliance report is filed? 

5. Has the company undertaken any other initiatives on – clean technology, energy efficiency, renewable energy, etc. Y/N. 

If yes, please give hyperlink for web pages etc. 

6. Are the Emissions/Waste generated by the company within the permissible limits given by CPCB/SPCB for the financial 

year being reported? 

7. Number of show cause/legal notices received from CPCB/SPCB which are pending (i.e. not resolved to satisfaction) as 

on end of Financial Year. 

 

Principle 7 

1. Is your company a member of any trade and chamber or association? If Yes, Name only those major ones that your 

business deals with: 

2. Have you advocated/lobbied through above associations for the development or improvement of public good? Yes/No; if 

yes, specify the broad areas (drop box: Governance and Administration, Economic Reforms, Inclusive Development 

Policies, Energy security, Water, Food Security, Sustainable Business Principles, Others) 

 

Principle 8 

1. Does the company have specified programmes/initiatives/projects in pursuit of the policy related to Principle 8? If yes 

details thereof. 

2. Are the programmes/projects undertaken through in-house team/own foundation/external NGO/government 

structures/any other organisation? 

3. Have you done any impact assessment of your initiative? 

4. What is your company‟s direct contribution to community development projects- Amount in INR and the details of the 

projects undertaken. 

5. Have you taken steps to ensure that this community development initiative is successfully adopted by the community? 

Please explain in 50 words, or so. 

 

Principle 9 

1. What percentage of customer complaints/consumer cases are pending as on the end of financial year. 

2. Does the company display product information on the product label, over and above what is mandated as per local laws? 

Yes/No/N.A./Remarks (additional information) 

3. Is there any case filed by any stakeholder against the company regarding unfair trade practices, irresponsible advertising 

and/or anti-competitive behaviour during the last five years and pending as on end of financial year. If so, provide details 

thereof, in about 50 words or so. 

4. Did your company carry out consumer survey/ consumer satisfaction trends? 
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Annexure - 2: 

 

Principles to assess compliance with Environmental, Social and Governance norms 

 

Principle 1: Business should conduct and govern themselves with Ethics, Transparency and Accountability 

1. Businesses should develop governance structures, procedures and practices that ensure ethical conduct at all levels; and 

promote the adoption of this principle across its value chain. Businesses should communicate transparently and assure 

access to information about their decisions that impact relevant stakeholders. 

2. Businesses should not engage in practices that are abusive, corrupt, or anti-competition. 

3. Businesses should truthfully discharge their responsibility on financial and other mandatory disclosures. 

4. Businesses should report on the status of their adoption of these Guidelines as suggested in the reporting framework in 

this document. 

5. Businesses should avoid complicity with the actions of any third party that violates any if the principles contained in 

these Guidelines. 

 

Principle 2: Businesses should provide goods and services that are safe and contribute to sustainability throughout 

their life cycle 

1. Businesses should have assured safety and optimal resource use over the life-cycle of the product – from design to 

disposal – and ensure that everyone connected with it – designers, producers, value chain members, customers and 

recyclers are aware of their responsibilities. 

2. Businesses should raise the consumer‟s awareness of their rights through education, product labelling, appropriate and 

helpful marketing communication, full details of contents and composition and promotion of safe usage and disposal of 

their products and services. 

3. In designing the product, businesses should ensure that the manufacturing processes and technologies required to 

produce it are resource efficient and sustainable. 

4. Businesses should regularly review and improve upon the process of new technology development, deployment and 

commercialization, incorporating social, ethical, and environmental considerations. 

5. Businesses should recognize and respect the rights of people who may be owners of traditional knowledge, and other 

forms of intellectual property. 

6. Businesses should recognize that over-consumption results in unsustainable exploitation of our planet‟s resources, and 

should therefore promote sustainable consumption, including recycling of resources. 

 

Principle 3: Businesses should promote the wellbeing of all employees 

1. Businesses should respect the right of freedom of association, participation, collective bargaining, and provide access to 

appropriate grievance Redressal mechanisms. 

2. Businesses should provide and maintain equal opportunities at the time of recruitment as well as during the course of 

employment irrespective of caste, creed, gender, race, religion, disability or sexual orientation. 

3. Businesses should not use child labour, forced labour or any form of involuntary labour, paid or unpaid. 

4. Businesses should take cognizance of the work-life balance of its employees, especially that of women. 

5. Businesses should provide facilities for the wellbeing of its employees including those with special needs. They should 

ensure timely payment of fair living wages to meet basic needs and economic security of the employees. 

6. Businesses should provide a workplace environment that is safe, hygienic humane, and which upholds the dignity of the 

employees. Business should communicate this provision to their employees and train them on a regular basis. 

7. Businesses should ensure continuous skill and competence upgrading of all employees by providing access to necessary 

learning opportunities, on an equal and non-discriminatory basis. They should promote employee morale and career 

development through enlightened human resource interventions. 

8. Businesses should create systems and practices to ensure a harassment free workplace where employees feel safe and 

secure in discharging their responsibilities. 

 

Principle 4: Businesses should respect the interests of, and be responsive towards all stakeholders, especially those 

who are disadvantaged, vulnerable and marginalized. 

1. Businesses should systematically identify their stakeholders, understand their concerns, define purpose and scope of 

engagement, and commit to engaging with them. 

2. Businesses should acknowledge, assume responsibility and be transparent about the impact of their policies, product & 

services and associated operations on the stakeholders. 

3. Businesses should give special attention to stakeholders in areas that are underdeveloped. 

4. Businesses should resolve differences with stakeholders in a just, fair and equitable manner. 

 

Principle 5: Businesses should respect and promote human rights 
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1. Businesses should understand the human rights content of the Constitution of India, national laws and policies and the 

content of International Bill of Human Rights. Businesses should appreciate that human rights are inherent, universal, 

indivisible and interdependent in nature. 

2. Businesses should integrate respect for human rights in management systems, in particular through assessing and 

managing human rights impacts of operations, and ensuring all individuals impacted by the business have access to 

grievances mechanisms. 

3. Businesses should recognise and respect the human rights of all relevant stakeholders and groups within and beyond the 

workplace, including that of communities, consumers and vulnerable and marginalized groups. 

4. Businesses should, within their sphere of influence, promote the awareness and realisation of human rights across their 

value chain. 

5. Businesses should not be complicit with human rights abuses by a third party. 

 

Principle 6: Businesses should respect, protect, and make efforts to restore the environment 

1. Businesses should utilise natural and manmade resources inn an optimal and responsible manner and ensure the 

sustainability of resources by reducing, reusing, recycling and managing waste. 

2. Businesses should take measures to check and prevent pollution. They should assess the environmental damage and bear 

the cost of pollution abatement with due regard to public interest. 

3. Businesses should ensure that benefits arising out of access and commercialisation of biological and other natural 

resources and associated traditional knowledge are share equitably. 

4. Businesses should continuously seek to improve their environmental performance by adopting cleaner production 

methods, promoting use of energy efficient and environment friendly technologies and use of renewable energy. 

5. Businesses should develop Environment Management Systems (EMS) and contingency plans and processes that help 

them in preventing, mitigating and controlling environmental damages and disasters, which may be caused due to their 

operations or that of a member of its value chain. 

6. Businesses should report their environmental performance, including the assessment of potential environmental risks 

associated with their operations, to the stakeholders in a fair and transparent manner. 

7. Businesses should proactively persuade and support its value chain to adopt this principle. 

 

Principle 7: Businesses, when engaged in influencing public and regulatory policy, should do so in a responsible 

manner 

1. Businesses, while pursuing policy advocacy, must ensure that their advocacy positions are consistent with the Principles 

and Core Elements contained in these Guidelines. 

2. To the extent possible, businesses should utilise the trade and industry chambers and associations and other such 

collective platforms to undertake such policy advocacy. 

 

Principle 8: Businesses should support inclusive growth and equitable development 

1. Businesses should understand their impact on social and economic development, and respond through appropriate action 

to minimise the negative impacts. 

2. Businesses should innovate and invest in products, technologies and processes that promote the wellbeing of society. 

3. Businesses should make efforts to complement and support the development priorities at local and national levels, and 

assure appropriate resettlement and rehabilitation of communities who have been displaced owing to their business 

operations. 

4. Businesses operating in regions that are underdeveloped should be especially sensitive to local concerns. 

 

Principle 9: Businesses should engage with and provide value to their customers and consumers in a responsible 

manner 

1. Businesses, while serving the needs of their customers, should take into account the overall well-being of the customers 

and that of society. 

2. Businesses should ensure that they do not restrict the freedom of choice and free competition in any manner while 

designing, promoting and selling their products. 

3. Businesses should disclose all information truthfully and factually, through labelling and other means, including the risks 

to the individual, to society and to the planet from the use of the products, so that the customers can exercise their 

freedom to consume in a responsible manner. Where required, businesses should also educate their customers on the safe 

and responsible usage of their products and services. 

4. Businesses should promote and advertise their products in ways that do not mislead or confuse the consumers or violate 

any of the principles in these Guidelines. 

5. Businesses should exercise due care and caution while providing goods and services that result in over exploitation of 

natural resources or lead to excessive conspicuous consumption. 

6. Businesses should provide adequate grievances handling mechanisms to address customer concerns and feedback. 
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Annexure - 3: 

 

List of 100 listed Companies based on market capitalisation at BSE for whom BR Reports is mandatory 

Sr. 

No. 

  

Name of the Company 

  

On Effective date 

Mkt. Cap. 

Rs. Crores 

Sector 

  

    

1 ABB LTD. 17833.15 INFRASTRUCTURE-GENERAL 

2 ACC LTD. 25464.84 CEMENT 

3 ADANI ENTERPRISES LTD. 35147.74 TRADING 

4 

ADANI PORTS & SPECIAL ECONOMIC ZONE 

LTD. 25853.80 INFRASTRUCTURE-GENERAL 

5 ADANI POWER LIMITED 14889.64 POWER GEN. & DISTRIBUTION 

6 AMBUJA CEMENTS LTD. 26274.78 CEMENT 

7 ASIAN PAINTS (INDIA) LTD. 31066.37 PAINTS/VARNISHES 

8 AXIS BANK LTD. 47311.21 BANKS - PRIVATE 

9 BAJAJ AUTO LIMITED 48552.89 AUTOMOBILE -2W 

10 BANK OF BARODA 31075.05 BANKS - PUBLIC SECTOR 

11 BANK OF INDIA 19727.93 BANKS - PUBLIC SECTOR 

12 BHARAT ELECTRONICS LTD. 12185.60 ELECTRICALS 

13 BHARAT HEAVY ELECTRICALS LTD. 62891.08 INDUSTRIAL MANUFACTURING 

14 BHARAT PETROLEUM CORPN. LTD. 25282.64 REFINERIES 

15 BHARTI AIRTEL  LTD. 127881.83 TELECOMMUNICATIONS 

16 BOSCH LTD. 25905.98 AUTO ANCILLARIES 

17 CADILA HEALTHCARE LTD. 15562.94 PHARMACEUTICALS 

18 CAIRN INDIA LIMITED 63602.86 OIL DRILLING & EXPLORATION 

19 CANARA BANK 20982.70 BANKS – PUBLIC SECTOR 

20 CASTROL INDIA LTD. 13152.85 LUBRICANTS 

21 CIPLA LTD. 24452.97 PHARMACEUTICALS 

22 COAL INDIA LIMITED 216714.46 MINING & MINERALS 

23 COLGATE-PALMOLIVE (INDIA) LTD. 15176.80 PERSONAL CARE 

24 CONTAINER CORPORATION OF INDIA LTD. 12263.88 TRANSPORT & LOGISTICS 

25 CUMMINS INDIA LTD. 13772.68 ENGINES 

26 DABUR INDIA LTD. 18535.95 PERSONAL CARE 

27 DLF LIMITED 34220.00 CONSTRUCTION 

28 DR. REDDY'S LABORATORIES LTD. 29804.18 PHARMACEUTICALS 

29 EXIDE INDUSTRIES LTD. 12656.50 AUTO ANCILLARIES 

30 GAIL (INDIA) LTD. 47561.56 OIL DRILLING & EXPLORATION 

31 

GLAXOSMITHKLINE CONSUMER 

HEALTHCARE LTD. 11554.76 FOOD PROCESSING 

32 

GLAXOSMITHKLINE PHARMACEUTICALS 

LTD. 19403.77 PHARMACEUTICALS 

33 GMR INFRASTRUCTURE LIMITED 12066.55 INFRASTRUCTURE - GENERAL 

34 GODREJ CONSUMER PRODUCTS LTD. 16376.21 PERSONAL CARE 

35 GRASIM INDUSTRIES LTD. 24113.18 DIVERSIFIED 

36 HCL TECHNOLOGIES LTD. 33399.83 COMPUTERS - SOFTWARE 

37 HDFC BANK LTD. 121881.09 BANKS - PRIVATE 

38 HERO MOTOCORP LIMITED 41032.79 AUTOMOBILE -2W 
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39 HINDALCO INDUSTRIES LTD. 24836.33 METALS 

40 HINDUSTAN COPPER LTD. 24749.58 METALS 

41 HINDUSTAN UNILEVER LTD. 88561.87 PERSONAL CARE 

42 HINDUSTAN ZINC LTD. 55879.84 METALS 

43 

HOUSING DEVELOPMENT FINANCE 

CORP.LTD. 99167.98 FINANCE - HOUSING 

44 ICICI BANK LTD. 102271.62 BANKS - PRIVATE 

45 IDEA CELLULAR LTD. 32697.09 TELECOMMUNICATIONS 

46 IDFC LIMITED 20424.54 FINANCE - TERM LENDING 

47 INDIAN OIL CORPORATION LTD. 63758.03 REFINERIES 

48 INDUSIND BANK LTD. 14987.42 BANKS - PRIVATE 

49 INFOSYS LTD. 164510.91 COMPUTERS - SOFTWARE 

50 ITC LTD. 177067.92 CONSUMER GOODS 

51 JAIPRAKASH ASSOCIATES LIMITED 17351.69 INFRASTRUCTURE - GENERAL 

52 JINDAL STEEL & POWER LTD. 50948.44 STEEL-SPONGE IRON 

53 JSW STEEL LIMITED 16100.14 STEEL - LARGE 

54 KOTAK MAHINDRA BANK LTD. 40101.40 BANKS -PRIVATE SECTOR 

55 LARSEN & TOUBRO LIMITED 79993.47 INFRASTRUCTURE - GENERAL 

56 LIC HOUSING FINANCE LTD. 12486.01 FINANCE - HOUSING 

57 LUPIN LTD. 23649.49 PHARMACEUTICALS 

58 MAHINDRA & MAHINDRA LTD. 42787.91 AUTO - CARS & JEEPS 

59 MANGALORE REFINERY & PETRO.  LTD. 11900.15 REFINERIES 

60 MARUTI SUZUKI INDIA  LTD. 38976.86 AUTO - CARS & JEEPS 

61 MMTC LTD. 78345.00 TRADING 

62 NATIONAL ALUMINIUM CO. LTD. 14097.49 ALUMINIUM 

63 NESTLE INDIA LTD. 44378.71 FOOD PROCESSING 

64 NEYVELI LIGNITE CORPORATION LTD. 14386.36 POWER - GENERATION /DISTRI. 

65 NHPC LIMITED 24170.96 POWER - GENERATION /DISTRI. 

66 NMDC LTD. 63871.57 MINING -MINERALS 

67 NTPC LIMITED 134153.71 POWER - GENERATION /DISTRI. 

68 OIL AND NATURAL GAS CORPORATION LTD. 228688.25 OIL DRILLING & EXPLORATION 

69 OIL INDIA LIMITED 30955.50 OIL DRILLING & EXPLORATION 

70 ORACLE FIN. SERVICES SOFTWARE LIMITED 21997.20 COMPUTERS - SOFTWARE 

71 PETRONET LNG LTD. 12615.00 OIL DRILLING & EXPLORATION 

72 POWER FINANCE CORPORATION LTD. 24286.74 FINANCE - TERM LENDING INST. 

73 

POWER GRID CORPORATION OF INDIA 

LIMITED 49954.74 POWER - GENERATION /DISTRI. 

74 PUNJAB NATIONAL BANK 29338.39 BANKS - PUBLIC SECTOR 

75 RANBAXY LABORATORIES LTD. 19793.29 PHARMACEUTICALS 

76 RELIANCE COMMUNICATIONS LIMITED 17348.15 TELECOM - SERVICE 

77 RELIANCE INDUSTRIES LTD. 245018.23 REFINERIES 

78 RELIANCE INFRASTRUCTURE LTD. 15540.83 POWER - GENERATION /DISTRI. 

79 RELIANCE POWER LIMITED 32791.93 POWER - GENERATION /DISTRI. 

80 RURAL ELECTRIFICATION CORP.  LIMITED 20297.22 FINANCE - TERM LENDING INST. 

81 SESA STERLITE LTD. 16882.30 MINING -MINERALS 

82 SHREE CEMENTS LTD. 11135.89 CEMENT - MAJOR 



International Conference on Multidisciplinary Research & Practice                                                            P a g e  | 605 

 

Volume I Issue VIII                                                                   IJRSI                                                                  ISSN 2321-2705 
 

83 SHRIRAM TRANSPORT FINANCE CO. LTD. 13539.37 FINANCE - LEASING & H.P. 

84 SIEMENS LTD. 25784.14 INFRASTRUCTURE - GENERAL 

85 STATE BANK OF INDIA 133032.42 BANKS - PUBLIC SECTOR 

86 STEEL AUTHORITY OF INDIA LTD. 38846.42 STEEL - LARGE 

87 STERLITE INDUSTRIES (INDIA) LTD. 37337.43 METALS - NON FERROUS 

88 SUN PHARMACEUTICAL INDUSTRIES LTD. 58974.59 PHARMACEUTICALS 

89 SUN TV NETWORK LIMITED 12338.79 MEDIA & ENTERTAINMENT 

90 TATA CONSULTANCY SERVICES LTD. 228574.05 COMPUTERS - SOFTWARE 

91 TATA MOTORS LTD. 74204.27 AUTOMOBILE -LCVS/HCVS 

92 TATA POWER CO. LTD. 23932.43 POWER - GENERATION /DISTRI. 

93 TATA STEEL LIMITED 45685.94 STEEL - LARGE 

94 TITAN INDUSTRIES LTD. 20294.79 MISCELLANEOUS 

95 ULTRATECH CEMENT LTD. 41299.62 CEMENT - MAJOR 

96 UNION BANK OF INDIA 12313.95 BANKS -PUBLIC SECTOR 

97 UNITED BREWERIES LTD. 14269.89 BREWERIES & DISTILERIES 

98 WIPRO  LTD. 107929.13 COMPUTERS - SOFTWARE 

99 YES BANK LTD. 12939.00 BANKS - PRIVATE SECTOR 

100 ZEE ENTERTAINMENT ENTERPRISES LTD. 12376.62 MEDIA & ENTERTAINMENT 
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Abstract- The adverse effects of air pollution should be taken as a 

serious issue. Catalytic convertors are fabricated to control the 

autoexhaust emission from vehicles.  Perovskite substituted by 

noble metals are a promising alternative to control the emission 

of poisonous gases into the atmosphere. The limitation of the 

conventional methods used for preparing of perovskite is it 

provides low surface area and it requires high temperature and 

huge quantity of water which makes it very expensive. This 

review paper explains the use of new technique Reactive 

Grinding for preparation of perovskite at room temperature in a 

high energy ball mill which overcomes the limitations of 

conventional methods.  

Keywords- Catalytic convertor; Perovskite; Reactive Grinding; 

High energy ball mill.  

I. INTRODUCTION 

 

ith increasing industrialisation and rising traffic, the air 

pollution is creating an adverse effect on health of all 

living organisms and environment. Automotive exhaust 

emissions are considered to be the main culprit behind the 

increasing levels of air pollution. Automobiles are the main 

source of transportation and the number of vehicles 
manufactured yearly is increasing exponentially. The 

commonly used fuels are crude oil derivatives like gasoline, 

petrol, diesel, kerosene etc. Other fuels that are used are LPG 

(Liquefied Petroleum Gas), CNG (Compressed Natural gas), 

hydrogen, biodiesel and others.  Ideally, a combustion engine 

operates at the stochiometric ratio of air to fuel of 14.7 on 

weight basis for gasoline based fuel engines expecting a 

complete combustion with carbon dioxide, water vapour and 

nitrogen as the products. But the combustion is incomplete 

yielding poisonous gases like CO, HC, and NOx which are 

released into the atmosphere causing air pollution. 

II. PEROVSKITE 

 

Perovskite is a metal oxide having a well defined structure 

similar to CaTiO3 (Calcium Titanate). The general formula is 

AB03. Here, A is the larger cation and B is the smaller one and 

O is the anion bonded to both the cations. The larger cation A 

which is surrounded  to twelve oxygen in a dodecahedral 

structure can be rare earth, alkali or alkaline metals like Pb+2, 

Bi+3 while cation B is usually 3d,4d or 5d transition metal and 

is surrounded by six oxygen atoms forming an octahedral 

structure.   In a unit cell of a pervoskite, if B occupies the 

body centre then oxygen ion occupies the face centre and A 

occupies the corners of the unit cell. While if cation A is at the 

body centre, oxygen ion are at the middle of the edge and B in 

the corner of the unit cell. 

Multi component Perovskite synthesized by partial 

substitution of the cation A and B which exhibit notable 

catalytic characteristics. It enhances the activity of oxidation 

of CO, combustion of CH4 and conversion of NO to less 

harmful gases. The partial substitution of cation A and B by 

other metal of lower or higher oxidation state enhances the 

catalytic activity [1]. 

Due to wide range of properties and compositions, perovskite 

has found an area of application in many important fields like 

solid state chemistry, separation membranes, fuel cells, 

chemical sensors etc.  

A. Limitations of Conventional methods 

Perovskite are mainly prepared by ceramic and wet chemical 

methods. These methods require high calcination temperature 

for formation of crystalline phase and to remove organic 

precursors. But higher temperature leads to reduction in 

surface area hence decreasing the catalytic activity. To 

improve the surface area, lower calcination temperature is 

required which does not ensure proper crystalline phase 

formation.  Moreover, wet chemical methods such as sol-gel, 

co-precipitation are complicated and require reagents which 

are expensive and also use a large amount of water well as 

formation of large amount of gaseous and liquid wastes which 

add to environmental pollution. Some methods also require 

complex equipment due to their method of producing the 

perovskite. To improve the surface area, the perovskite are 

wash coated on alumina. But several perovskite compositions 

and their precursors are reactive to alumina and hence cannot 

be used in all the cases. Due to these limitations of 

conventional methods of preparing perovskite, researches 

have proposed a new method called Reactive Grinding. This 

method prepares pure crystalline perovskite at ambient 

temperature without using the thermal treatment and also 

providing with high surface area of 100m
2
/g thus reducing the 

cost and providing higher efficiency [2]-[4]. 

III. REACTIVE GRINDING 

 

Mechanochemical processing is a powder processing 

technique. Here, chemical reaction and phase transformation 

take place due to high intensity milling due to application of 

mechanical energy. Due to severe mechanical action on the 

solid surface, chemical and mechanical changes take place [5]-

[7]. The mechanical energy is converted to chemical energy 

which causes the reaction which commonly occurs at higher 

temperatures.  This method is used to synthesis metal oxides, 

carbides, nitrides and nanosized particles.  The materials 

prepared by this method are used in electrochemistry, 

catalysis, absorbers etc.  

W 
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Reactive grinding involves synthesis of material by high 

energy ball mills e.g. Planetary ball mill, SPEX shaker mills, 

attritor mills in which salt precursors are milled and high 

energy is induced due to intense milling causing chemical 

reaction to occur. The powder particles undergo cold welding, 

fracturing and rewelding. Process control agents (PCA) can be 

added to minimize cold fracturing of powder particle among 

them. The powder particle is milled for a specific duration 

until a steady state is reached 
[8]

.  Metal powder material are 

milled using a liquid medium, it is called wet grinding. Here, 

the liquid only facilitates milling but does not take part 

alloying to the powder. If no liquid is involved, it is called dry 

grinding [9], [10].  

Types of milling equipments 

The commonly used milling equipments are discussed below. 

These vary in design, capacity, efficiency, cooling and heating 

provisions and so forth. 

A. Planetary ball mill 

In this mill, a few hundred grams of powder can be milled at 

the same time. It shows a planet like motion along its vial and 

so is named planetary ball mill. It is placed on a supporting 

rotating disc and the drive mechanism rotates along its axis. 

The material and the metal balls are grounded by the 

centrifugal force produced due to the motion of the vials 

rotating along their own axis and that produced by the rotating 

disc, which are opposite in nature. The difference in speed of 

rotation of grinding jar wall and balls, results in strong 

frictional forces acting on the sample. Coriolis forces acts on 

the balls and displace them from the grinding jar wall. The 

ball moves to the opposite side of the jar causing an impact on 

the material and grinding occurs. It releases considerably high 

dynamic impact energy. The combination of frictional and 

impact energy causes high degree of size reduction of material 

in a planetary ball mill [10]. 

 

Figure 1. Planetary ball mill [12] 

B. SPEX Shaker mills 

These mills can mill about 10-20g of material at a time and 

are commonly used in laboratory investigation [11]
 

.The 

commonly used version has a via which contain the material 

to be grounded and the grinding balls, secured in a clamp and 

swung energetically back and forth  a several thousand times 

per minute. The ball velocities are high (around 5 m/s) as the 

amplitude (about 5cm) and speed (about 1200rpm) of the 

clamp are high and hence the impact force of ball is 

significant. Therefore, this mill can be considered high energy 

ball mill. The disadvantages of this equipment are: initially 

the ball may only roll around the vial without creating an 

impact which reduces the intensity of milling and second, the 

round ended vials are heavy while the flat ended are 30% 

lighter, however some powder may get accumulated in the 

edges and remain unprocessed [13]. 

 

C. Attritor mills 

These are also known as stirred ball mills. It can mill weight 

of few pounds to 100lb at a time. It consists of a vertical drum 

which has a series of impellers in it. These impellers are 

rotated by a powerful motor which in turn rotates the steel 

balls. The impellers set progressively at right angles to each 

other, charge the ball. The material is subjected to forces like 

impact, shear, rotation and tumbling which lead to size 

reduction. As there is collision between balls, between balls 

and container walls, between balls, agitator shaft and impeller, 

micro ranged fine powder are produced.  

 

D.  Commercial ball mill 

These are very much larger in size a used commercially; they 

can grind around 1250kg at a time. As the milling energy 

increases, the milling time decreases.  

It has been observed that a process takes few minutes in a 

SPEX Shaker mill, will require few hours in an attritor mill 

and few days in commercial mill [11]
 
.  

 

E. Process Variables In Milling 

For any process, the process variables have to be optimized to 

obtain the desired output.  The product size is important it will 

depend on process variables like Type of mill, Mill container, 

Milling speed, size and capacity, Ball to powder ratio and 

others. These are interdependent. 

  

1) Type of mill 

Different mills have different capacity, speed of operation 

and capacity to control the operation by varying 

temperature of mill and extent of minimizing 

contamination of the milled powder. A suitable mill is 

chosen depending on the type, quantity and final 

constitution required.  

 

2) Milling container 

Due to the continuous impact force of the milling balls on 

the powder, some of the container material will be 

dislodged and incorporated in the powder and it will 

cause contamination the final product. So the material of 

the jar, vial and bowl should be properly chosen [14]. 

 

3) Milling speed/Energy 

It is obvious that faster the mill rotates more will be the 

grinding of the material as more kinetic energy will be 

acting. However, depending on the design, maximal 

speed should be selected. Usually, above critical speed 

the balls keep rolling along the vial and do not fall down 

to create impact. Hence, the speed should be kept just a 

little lower than the critical speed so that it falls from 

maximum height and create maximum impact on the 

material.   

Limitations of high speed are that it increases the 

temperature of the mill. It is favourable in the cases 

where diffusion is required to provide homogeneity but 
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also at high temperatures, transformation processes is 

accelerated and decomposition of supersaturated solids or 

metastable phases are formed during the milling process 

[14] . 

 

4) Milling time 

Usually time is chosen such that a steady state is 

established between cold welding and fracturing process. 

Time required for milling depends on the type of mill 

used, final composition required, intensity of the mill, 

BPR, and temperature of the mill. It is noted that time 

required for high energy ball mil like SPEX Shaker mill 

is less as compared to attritor or commercial mills. Before 

selecting the time, a combination of all the above 

mentioned factors should be considered [15]. 

 

5) Grinding medium 

It is important that the density of the grinding medium is 

high as it will create more impact on the material. It is 

favourable that the grinding medium and the mill be 

made of the same material so as to avoid cross 

contamination of the product. Hardened steel, cast iron, 

stainless steel, hardened chromium steel are few grinding 

medium materials [14]. 

 

6)  Ball to powder ratio 

A ball to powder ratio (BPR) also known as Charge Ratio 

of 10:1 is most commonly used. Higher BPR are used 

only in special cases where some certain desired 

properties are to be obtained or to get effects faster. 

Higher BPR values will grind faster but it will also 

increase the level of contamination in the product [16]. 

Other important factors are: Extent of filling the vial, 

Milling atmosphere, Temperature of milling and Process 

control agent.  

 

IV. CONCLUSION 

 

From the literature review, I conclude that perovskite oxides 

substituted by noble metals are a promising alternative for 

controlling the autoexhaust emission because of low cost, 

thermal stability at high temperatures, very good redox 

properties and great versatility. Further, using reactive 

grinding provides with higher surface area at ambient 

temperature and deletes the need of water and high amount of 

power consumption. It can be done on solvent free basis and 

produces large amount of nanocomposites.  

 

 

 

 

 

 

 

ACKNOWLEDGEMENTS 

 

I am heartily thankful to my guide Dr. Femina Patel for 

inspiring me and believing in me and sharing her vast 

knowledge. I would also like to thank Research and Scientific 

Innovation Society for providing with such huge platform.   

  

REFERENCES 

 
[1]. Z. Villaneuva, A. H., (2006).  Reduction of NO by CO over nanoscale 

La1-xCuxO3, J.Mol.Catal.A:Chem. 

[2]. Y. Chang, J. McCarty, (1996). “Novel oxygen storage components for 

advanced catalysts for emission control in natural gas fuelled vehicles”, 
Catalysis Today  

[3]. B. Seyfia, M. Baghalha, H. Kazemian, (2009) “Modified LaCoO3 nano-

perovskite catalysts for the environmental application of automotive CO 
oxidation”, Chemical Engineering Journal 

[4]. P. Avila, M. Montes, E. Miro, (2005), “Monolithic reactors for 

environmental applications A review on preparation technologies”, 
Chemical Engineering Journal.  

[5]. S. Kaliaguine, A. Van Neste, V. Szabo, J. Gallot, M. Bassir, R. 

Muzychuk, (2001). “Perovskite-type oxides synthesized by reactive 
grinding Part I. Preparation and characterization”, Applied Catalysis A: 

General. 

[6]. R. Zhang, A. Villanueva, H. Alamdari, S. Kaliaguine,(2006) “Catalytic 
reduction of NO by propene over LaCo1-xCuxO3 perovskites 

synthesized by reactive grinding”, Applied Catalysis B: Environmental  

[7]. R. Zhang, H. Alamdari, S Kaliaguine,(2006) “Fe-based perovskites 
substituted by copper and palladium for NO + CO reaction”, Journal of 

Catalysis. 

[8]. V. Szabo, M. Bassir, A. Van Neste, S. Kaliaguine(2003) “Perovskite-
type oxides synthesized by reactive grinding Part IV. Catalytic 

properties of LaCo1−xFexO3 in methane oxidation”, Applied Catalysis 

B: Environmental.  
[9]. L. Wang, Y. Liu, M. Chen, Y. Cao, H,Yong, W. Gui-Sheng , W. Dai, K. 

Fan,(2007) “Production of hydrogen by steam reforming of methanol 

over Cu/ZnO catalysts prepared via a practical soft reactive grinding 
route based on dry oxalate-precursor synthesis”, Journal of Catalysis 

[10]. A. Bellosi, F. Monteverde, S. Botti, S. Martelli, (1997) “Development 

and Characterization of Nanophase Si3N4-Based Ceramics”, Material 
science forum. 

[11]. G. Nicoara, D. Fratiloiu, M. Nogues, J.L. Dormann, F. Vasiliu,(1997) 

“Ni-Zn Ferrite Nanoparticles Prepared by Ball Milling”, Material 
science forum 

[12]. H. Mio, J. Kano, F. Saito,(2009) “Scale-up method of planetary ball 
mill”, Chemical Engineering Science 

[13]. C. Suryanaryan, Mechanical Alloying and Milling, Marcel Dekker New 

York, Chapter 4. 
[14]. K. Venkataraman, K. Narayan,(1998). “Energetics of collision between 

grinding media in ball mills and mechanochemical effects”, power 

technology. 
[15]. S. Tadier, N. Bolay, C. Rey, C. Combes,(2010). “Co-grinding 

significance for calcium carbonate–calcium phosphate mixed cement. 

Part I: Effect of particle size and mixing on solid phase reactivity”, Acta 
Biomaterialia 

[16]. K. Miklos, D. Beke,(1996). “Phase Transitions in Cu-Sb Systems 

Induced by Ball Milling”, Material Science Forum. 

 

 

 

 

 

  
 



International Conference on Multidisciplinary Research & Practice                                                             P a g e  | 609 

 

Volume I Issue VIII                                                                   IJRSI                                                                  ISSN 2321-2705 
 

 

Analysis of Superchargers Implemented In 

Automobiles – A Review  
Aarshveek A. Mehta

#1
, Milan J. Pandya

*
 

#
PG Student (Thermal Engineering), Mechanical Engineering Department, L J Institute of Engineering and Technology, 

Ahmedabad, Gujarat. 
*
Assistant Professor, Mechanical Engineering Department, L J Institute of Engineering and Technology, Ahmedabad, 

Gujarat. 

 

 

Abstract— The following review paper shows the different 

analysis done by several researchers in the topic of 

Superchargers when implemented in automobiles. This review 

paper highlights the efforts done to determine the relationship 

between the mechanical action of a high-speed supercharger 

with the engine performance. Moreover the comparison 

between the performance of supercharged engine and naturally 

aspirated engine is also shown. The option for waste heat 

recovery can also be an important parameter to improve the 

cycle efficiency. Further several modifications in the design of 

combustion chamber have been proposed for enhancing the 

engine’s performance.  
 

Keywords— Naturally-aspirated engine, supercharged engine, 

roots supercharger, compression ratio, combined air cycle. 

I. INTRODUCTION 

he four stroke, spark ignition (SI) engine pressure–

volume diagram (p–V diagram) contains two main parts. 

They are the compression–combustion–expansion (high 

pressure loop) and the exhaust-intake (low pressure or gas 

exchange loop). The main reason for decrease in the cyclic 

efficiency at part load conditions is the flow restriction at the 

cross sectional area of the intake system. During the working 

cycle by partially closing the throttle valve, leads to 

increased pumping losses. Because of these factors, the 

pressure loop area which is important for a better combustion 

of fuel is greatly affected. Meanwhile, the poorer combustion 

quality, i.e. lower combustion speed and cycle to cycle 

variations additionally influence the pressure loop areas.   

There are only three possible ways to improve the power 

output for an Internal Combustion Engine: - [5] 

 Increasing the dimensions of the engine but it will 

cause increased weight and cooling problems. 

 Increasing the speed of the engine but it is also not 

possible every time. 

 Increasing the density of air entering in to the 

combustion chamber which increases the amount of 

oxygen and hence better combustion of fuel will be 

possible.  

A supercharger is an air compressor that increases the 

pressure or density of air supplied to an internal combustion 

engine. This gives each intake cycle of the engine more 

oxygen, letting it to burn more fuel and do more work, thus 

increasing power. The motion for the working of the  

supercharger can be provided mechanically by means of a 

belt, gear, shaft, or chain connected to engine’s crankshaft. 

The Fig. 1 shows the Roots supercharger (a type of 

supercharger generally used) connected to an Internal 

Combustion Engine. This type of supercharger possesses two 

lobes which contract the air entering into the combustion 

chamber. Hence the speed as well as the density of air will 

increase. 

 

Fig. 1  Roots Supercharger connected to an internal combustion engine. 

Implementing a supercharger with an internal combustion 

engine will reduce the exhaust emissions coming out of the 

IC engine. Also more amount of power can be generated 

using the same quantity of fuel which reduces the depletion 

of the conventional fuels such as petrol as well as diesel. 

Moreover, some modifications are needed within the 

combustion chamber to introduce a supercharger in order to 

achieve good combustion of the fuel. 

II. LITERATURE REVIEW ON SUPERCHARGERS 

M. Muhamad Zin, R. Atan, "Boosting Performance 

Enhancement For SI Engine - Experimental Study". [1] 

In the following paper, the effects of pressure induced 

through the throttle on the performance of SI engine were 

studied. The acceleration of the operating speed depends on 

the air mass flow rate from the booster.   

T 
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During the experimentation, the pressure was reached up to 4 

bars as shown in Fig. 2, Fig. 3 and Fig 4. respectively. These 

figures show the effects of different pressure iterations with 

operating engine speeds. However on the other hand it 

remained at normal operating pressure which observed to be 

between 1 bar to 1.5 bar. The engine was run with a 

limitation of boundary speed and torque range. The engine 

could only tested up to 4500 rpm and the limit was strictly to 

follow to avoid unpredictable severe damage. 

 

 

Fig. 2 Pressure iterations at Low operating speeds. 

 
Fig. 3 Pressure iterations at Medium operating speeds. 

 
Fig. 4 Pressure iterations at High operating speeds. 

Furthermore the authors also worked on finding the 

performance of naturally aspirated engine and supercharged 

engine by considering various parameters. Fig. 5 shows the 

torque comparison between natural aspirated engine and the 

supercharged engine. The trajectory however has influenced 

by uncertainty and disturbance Fig. 6 exhibits the results 

based on the optimum torque calculations from the result in 

Fig. 5.  

 
Fig. 5 Comparison of Torque with various engine speeds. 

 
 Fig. 6 Comparison of Power with various engine speeds. 

From the results obtained we find that, the supercharged 

engine performance was mainly dependent on the 

mechanical loss to drive the supercharger at low speeds. In 

addition, at high speeds, the supercharged engine 

performance was more influenced by the compression ratio 

than mechanical loss.  

 

Chang Sik Lee, Ki Hyung Lee, Dong Hyun Whang, Seo 

Won Choi and Haeng Muk, ―Supercharging Performance of 

a Gasoline engine with a supercharger‖. [2] 

In this paper the authors have worked on the roots super 

charger when implemented in four stroke IC engine. The 

results obtained are shown in Fig. 7 and Fig. 8 describe the 

effects of compression ratio on naturally – aspirated engine. 

The compression ratios for the performance of the engine 

were considered in the range of 8.3 to 9.3. 
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Fig. 7 Effects of Compression Ratio on Torque for a                           

Naturally – aspirated engine. 

 
Fig. 8 Effects of Compression Ratio on Power for a                           

Naturally – aspirated engine. 

Also in the current work, the authors have compared the 

naturally-aspirated engine with the supercharged engine. The 

parameters selected for comparison were engine torque and 

power. Fig 9 and Fig 10 shows this comparison. 

 

Fig. 9 Comparison of Naturally – aspirated engine and supercharged engine 
in terms of Engine torque. 

 
Fig. 10 Comparison of Naturally – aspirated engine and supercharged engine 

in terms of Power. 

It was found that the effect of supercharger brought about the 

increase of the brake power and torque at the range between 

2,000 rpm and 3,500 rpm. At the low speed range less than 

1,500 rpm, the engine torque was decreased due to friction 

loss and mechanical drive loss of the supercharger. In the 

case of high range more than 4,000 rpm, the engine torque 

also decreased with the decrease in compression ratio. 

Engine performance investigations using the supercharger 

indicate that the output and torque performance can be 

improved in comparison with the naturally aspirated engine 

at speed range from 1,500 rpm to 3,000 rpm in most of the 

cases. 

 

Jianqin Fu , Qijun Tang , Jingping Liu , Banglin Deng , Jing 

Yang , Renhua Feng, ― A combined air cycle used for IC 

engine supercharging based on waste heat recovery‖. [3] 

 

The concept of waste heat recovery is also very important to 

reduce the consumption of fuel in case of IC engines. The 

Fig. 11 shows a modification in an IC engine which is 

supercharged and the heat of the exhaust is also utilized. 

 

 
Fig. 11 Schematic Diagram of combined air cycle for I.C. Engine 

supercharging. 
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The list of the components in the schematic diagram is as 

follows - (1) Compressor (2) By-pass valve (3) Inter-cooler 

(4) I.C. Engine (5) Valve (6) Regenerator (7) Heat exchanger 

(8) Turbine. With the combined air cycle adopted, the energy 

balance of IC engine system is changed and redistributed. 

Owing to the change of PMEP (it is changed from negative 

to positive), the total fuel utilization efficiency of IC engine 

can be respectively promoted by 8.9% and 4.1% at most, 

when compared with the Naturally-aspirated engine and 

turbo charged engine. 

 
Murari Mohon Roy , Eiji Tomita , Nobuyuki Kawahara , 

Yuji Harada , Atsushi Sakane, ―Performance and emissions 

of a supercharged dual-fuel engine fuelled by hydrogen-rich 

coke oven gas‖. [4] 

 

This paper presents the performance and emission analysis of 

a supercharged dual fuel engine. A four-stroke, single 

cylinder water cooled engine with the specifications as listed 

in Table 1 was used for the analysis. 

 
Table 1 Engine Specifications 

 
 

This is a dual-fuel engine where the primary gaseous fuel 

source (coke oven gas in this case) is pre-mixed with air as it 

enters the combustion chamber. This homogenous air-fuel 

mixture is ignited by a small quantity of diesel fuel, known 

as the pilot that is injected towards the end of the 

compression stroke. The diesel fuel ignites in the same way 

as in CI engines, and the gaseous fuel is consumed by flame 

propagation in a similar manner to SI engines. This ignition 

system has the advantages of a large energy source and stable 

ignition compared to the SI system. Gaseous fuel is 

consumed by flame propagation in a similar manner to SI 

engines. This ignition system has the advantages of a large 

energy source and stable ignition compared to the SI system. 

 

Fig. 12 (a) shows energy supplied by the pilot diesel fuel, by 

the coke oven gas and the total fuel energy per cycle. The 

pilot diesel fuel energy was constant, and energy from the 

coke oven gas increased from 1.55 kJ/cycle to 2.72 kJ/cycle, 

and the total fuel energy increased from 1.67 kJ/ cycle to 

2.85 kJ/cycle when the overall fuel-air equivalence ratio was 

increased from 0.35 to 0.65. Fig 12 (b) shows diesel share in 

total energy for various fuel-air equivalence ratios. The 

percentage share of diesel fuel changed from about 4.5% to 

7.5%. The rest 92.5–95.5% energy was supplied by the coke 

oven gas. 

 

Fig. 12 Schematic Diagram of combined air Energy supplied by different 

fuels and percentage share of diesel at various equivalence ratios. 

 
The two-stage combustion was found as a condition of 

higher engine power and a precursor of knocking combustion. 

The main combustion at the maximum IMEP conditions 

(with strong two-stage combustions) was found much faster 

than that of the normal combustions at other IMEP 

conditions with or without EGR conditions. 

III. CONCLUSION 

From the analysis of experimental results in papers reviewed, 

the effects of supercharging on the engine performance can 

be summarized. Experimentation and competition results 

have proven that the performance of downsized engines can 

match that of their larger counterparts, with the aid of intake 

boosting. Various other important observations marked are 

as follows:- 

 
For low speed engines, the performance of supercharged 

engine is mainly dependent on the mechanical losses which 

are developed to drive the supercharger. Contrary to that for 

high speed engines, the performance of supercharged engines 

is more affected by compression ratio rather than the 

mechanical losses. In between the engine speeds from 1500 

rpm to 3000 rpm, the output and torque performance of a 

supercharged engine can be improved. Power increase with 
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increase in supercharged pressure as more amount of fuel 

will be burnt within the same period as the mass taken in per 

stroke is increased. By using some modification in naturally 

aspirated engine, supercharged application get influences in 

all field of internal combustion engine by obtain more power 

from given size of the engine. Limit of supercharging is 

imposed due to maximum permissible pressure and 

temperature and thermal stress in the cylinder. 
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Abstract—The global economy thrives on energy. Affordable 

energy directly contributes to increase productivity, reducing 

poverty and improving betterment of life. Global population is 

increasing day by day, which, in a way is leading to the 

utilization of natural resources and fossil fuels. Fossil fuels 

cannot be replenished, once it gets depleted, it cannot be 

produced again and major cause of pollution. Declining fossil 

fuel production with a rising fuel demand provides the most 

compelling global reason for alternative fuels.  So we have to 

think for production of such fuels which are not only potential 

alternatives for fossil fuels, but also are eco-friendly in nature 

and not get depleted. 

So one has to think about renewable energy sources - solar, tidal, 

wind, biomass, hydro etc.. Biodiesel derived from oil crops 

(biomass) is also a potential renewable alternative to petroleum. 

It is discussed about replacement of petroleum-derived 

transport fuel without adversely affecting the supply of food 

and other crop products, with keeping the environment clean. 

No serious research work has been carried out for conversion of 

oilgae to biodiesel in India. Present paper discusses various 

methods available for algae oil to biodiesel conversion. Out of 

them, fast pyrolysis is suitable method for production of 

biodiesel according to available technology in India.  
 

Keywords— fossil fuel, pollution, biomass, algae oil, biodiesel. 

 

I. INTRODUCTION 

nergy is essential for living and vital for development of 

all. Power consumption per capita represents the growth 

/ development of the said nation and living standard of their 

citizens. Affordable energy directly contributes to increase 

productivity, reducing poverty and improving betterment of 

life. Declining fossil fuel production with a rising fuel 

demand provides the most compelling global reason for 

alternative fuels. So one has to think for production of such 

fuel which is not only potential alternatives for fossil fuels, 

but also eco-friendly in nature.  

India meets nearly 33% of its total energy requirements 

through imports [1]. The continued use of fossil fuels is not 

sustainable, as they are finite resources, limited in amount, 

non-renewable in nature, and their combustion would lead to 

increased energy-related emissions of greenhouse gases 

(GHG). 

Biodiesel derived from oil crops is also a potential 

renewable alternative to petroleum. However due to the 

various issues (one of them is debate between food v/s fuel), 

biodiesel from oil crops and animal fats is not a good choice. 

Moreover it can satisfy only a very small fraction of the 

existing demand for fuel.  

Biodiesel derived from green algae is the most promising 

renewable biofuel in biomass with the potential to 

completely displace petroleum-derived fuel without 

adversely affecting the supply of food and other crop 

products, with keeping the environment pollution free. Algae 

biodiesel is the THIRD GENERATION biofuel. An algae 

grow naturally in entire world. Under optimal conditions, it 

can be grown in massive, almost limitless in amounts, and 

mature within one day. Its daily production, distribution and 

consumption of biodiesel in an automobile is possible. 

II. MAPPING PATHWAYS FOR ALGAE TO BIODIESEL 

PRODUCTION 

Algae-to-biofuel production is divided into four stages, a) 

algae cultivation, b) biomass harvesting, c) algal oil 

extraction, and d) oil and residue conversion. Refer fig. 2[6]. 

 

  

Fig. 2: Mapping Framework for Existing and Potential Pathways for Algal 

Biofuel Production [6] 

 

A.  Algae Cultivation Processes 

The purpose of algae cultivation is to grow raw algal 

biomass for the downstream production of fuel, based on the 

oil and residual components found in the biomass. In order to 

flourish, algae need water, carbon dioxide, and essential 

nutrients (sulphur, potassium, metal etc) which are 

collectively referred to as the culture medium; algae 

cultivation facilities need land or other area to occupy; and, 

in most cases, algae need light to drive photosynthesis [8]. 

The various algae cultivation method includes open pond 

system, closed photobioreactors (PBR), hybrid system, 

heterotrophic fermentation, integrated cultivation system. 

B. Harvesting Process 

Once an algal culture reaches maturity, the biomass is 

harvested from the culture medium and dried in preparation 

for conversion. At this stage, algal biomass from the 

E 
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preceding cultivation system typically carries high water 

content and, in most cases, is not suited for conversion to 

biofuel products until it has undergone some degree of 

dewatering and drying. There are three systemic components 

of the harvesting process: biomass recovery, dewatering, and 

drying. The most commonly implemented techniques are 

flocculation, froth flotation, micro filtration, centrifugation, 

and decantation [6]. 

C. Oil Extraction Processes 

The actual oil content (20–80%), measured in 

gallons/acre/year, will depend on many parameters. Oil 

extraction from algal biomass yields algal oil (triglycerides 

or TAG lipids) and residue (carbohydrates, proteins, 

nutrients, ash). The percent yield of total available oil from 

the biomass will depend on the efficiency of the extraction 

method used [6]. 

D. Oil and Residue Conversion to Biofuels 

Once the biomass is separated into raw algal oil and 

residue, the energy content of the two components can be 

thermally or biologically transformed to liquid or gaseous 

fuels or solid coproducts. Conversion processes are of 

varying efficiency— depending on reaction temperature, 

pressure, heating rate, and catalyst type, as well as algal 

species and quality of biomass—theoretically converting 

algal biomass (or components of biomass) into several 

possible biofuels and coproducts[6].Conversion pathways 

include transesterification, fermentation, anaerobic digestion, 

gasification, pyrolysis, liquefaction, and hydroprocessing. 

These pathways are discussed below according to whether 

the technology is biochemical or thermochemical [6]. 

III. CONVERSION PROCESSES 

 

Conversion technology options include chemical, 

biochemical, and thermochemical processes, or a 

combination of these approaches. 

A. Biochemical Conversion 

Biochemical conversion is also known as biochemical 

fermentation. Fermentation is the more common biochemical 

approach to algal biomass conversion. Biochemical 

conversion breaks down sugars in the residue using 

enzymatic or chemical processes such as fermentation or 

anaerobic digestion. Primary fuel products of biochemical 

conversion include methanol, ethanol, butanol, and hydrogen. 

It is possible either by Anaerobic Digestion or by 

Fermentation[12].  

According to Nafisa M. Aminu, Nafi’u Tijjani and Y.Y. 

Aladire[12], biochemical conversion technologies involve 

three basic steps: 1) converting biomass to sugar 

fermentation feedstock; 2) fermenting the feedstock using 

biocatalysts (microorganisms including yeast and bacteria); 

and 3) processing the fermentation product to yield fuels, 

chemicals, heat, or electricity. Fermentation (biochemical 

decomposition in the absence of air, essentially converting 

sugar to carbon dioxide and alcohol) is the more common 

biochemical approach to algal biomass conversion. 

Biochemical conversion breaks down sugars in the residue 

using enzymatic or chemical processes such as fermentation 

or anaerobic digestion. Primary fuel products of biochemical 

conversion include methanol, ethanol, butanol, and hydrogen. 

No heat inputs and elimination of several process steps (e.g., 

oil extraction) and their associated costs in the overall fuel 

production process are advantages and required sugars could 

prove environmentally burdensome at commercial scale in 

above method[12]. 

B. Transesterification 

The chemical transesterification reaction is employed to 

convert triacylglycerols extracted from algae to FAMEs 

(fatty acid methyl esters). Transesterification is the reaction 

between an ester (TAG) and an alcohol (methanol) to form a 

different ester (methyl esters) and alcohol (glycerol) in the 

presence of a catalyst, usually sodium ethanolate for algae oil 

production, the equation of the reaction is presented in fig. 

2[12]. 

 

 
Fig. 2: Transesterification Reaction[12] 

 

Transesterification can be performed via catalytic (ethanol 

and sodium ethanolate) or non-catalytic reaction systems 

using different heating systems that are required to initiate 

the reaction. During conversion, glycerol is periodically or 

continuously removed from the reaction solution in order to 

drive the equilibrium reaction toward completion [6]. 

Coproduct glycerol can be used /cycled as feedstock in 

heterotrophic fermentation processes. Increased waste 

management and alkali-catalysed transesterification reaction 

leads to soap formation in the biodiesel. The presence of 

methanol, the co-solvent that keeps glycerol and soap 

suspended in the oil, is known to cause engine failure. Hence 

certification is required to wash the biofuel[12]. 

C.  Pyrolysis 

Pyrolysis is the chemical decomposition of a condensed 

substance by heating in absence of oxygen. Pyrolysis, also 

known as thermal cracking, is a thermochemical pre-

treatment process of induced decomposition conducted in the 

relative absence of oxygen. This process is applied at 

temperatures above 430°C (800°F); the typical range is 

between 500–600°C, at 0.1–0.5 MPa of pressure. Bio-oil is 

easily stored and transported and can be used directly as a 

fuel in boilers or gas turbines, or it can be used as a feedstock 

to produce chemicals or transportation fuels. The pyrolysis 

process is usually used for biochar production because the 

technique is relatively simple and inexpensive and allows 

considerable flexibility in both the type and quality of the 

biomass feedstock. Fast pyrolysis varies extensively from 

18–80 percent efficiency. Carbon monoxide, charcoal, 

phenol-formaldehyde resins, and wastewater are common 

by-products of pyrolysis[14]. Relatively low energy inputs, 

accommodates biomass with high moisture content, negating 

the need for energy-intensive drying processes are major 

advantages of above method but product bio-oil must be 

upgraded before being introduced as a transportation fuel, 

yields contaminated water as a by-products, Energy needed 

to cool off-gases are limitations of above method[14]. 
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D. Thermo-chemical Hydro-processing 

Hydroprocessing uses a combination of heat and pressure 

in the presence of catalysts to upgrade a crude, intermediary 

feedstock to a market-ready fuel product. Both algal oil and 

bio-oil can be accommodated by hydroprocessing, which 

upgrades the oil feedstock to a high-quality, market-ready 

hydrocarbon biofuel such as green or renewable diesel, jet 

fuel, gasoline, or other light fuel [6]. By-product hydrogen 

can be continuously recycled through the process in the 

purification and hydro-cracking processes, quality market-

ready fuels is available because of above method. But 

impurities (nitrogen, sulphur, oxygen, carbon) must be 

extracted (the more impurities, the more water and energy 

required for processing) and large quanties of water and 

energy requires to implement the purification and hydro-

cracking processes [6]. 

 

IV. CONCLUSION 

Lots of technical, environmental aspects must be 

considered while selecting most suitable oil conversion 

method in India. The environmental impacts include 

conversion method implemented, moisture content permitted 

in Indian algae, energy inputs and  outputs, types and 

quantities of catalyst(s) available and used, as well as 

expected nonfuel coproducts and by-products ,their use / 

applications and their toxicity or reusability. Such variability 

in potential impacts exhibits the need for greater analyses of 

entire production pathways to determine the true energy 

balance and environmental costs and overall prospects for 

sustainability.  
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Abstract-In this work a reliable, satiable gas sensor incorporat-

ing single walled carbon nanotube (SWCNT) as sensor element 

for the detection of toxic gases is presented. We described the 

different fabrication technique like arc discharge method, laser 

ablation and chemical vapor deposition technique of a SWCNT 

sensor for the detection of various toxic gases. We mainly fo-

cused on the CVD technique as it is the most efficient and prom-

ising technique for the synthesis of SWCNTs. An experimental 

work cited by different research groups is also explained in this 

work. 

. 

Keywords: ablation, CVD, laser, nanotube,sensors, SWCNT, toxic. 

 

I. INTRODUCTION 

he atmospheric air we live in contains various poisonous 

substances that adversely affect our environment and 

health. So there is a need to detoxify such gases.For detoxifi-

cation we need to first detect the gas and we all are aware 

that the detection of biological and chemical species in at-

mosphere or process gases is of a great concern in relation to 

environmental pollution.Thus the development of a reliable, 

satiable and inexpensive sensor that can take the advantage of 

nanoscale for sensing toxic gas in real time with good sensing 

performance is the focus of many research groups. It has 

gained an increasing attention for the safety purpose and for a 

pollution free environment. Emerging nanotechnologies offer 

an unprecedented promise for sensors: smaller and weight, 

lower power requirement, more sensitivity and more specific-

ity. Manychemical based nanosensors like ZnO,TiO2,CuO, 

single walled carbon nanotube (SWCNT) have been devel-

oped yet for sensing various toxic gases such as carbon mo-

noxide,nitrous oxide,hydrogen,ammonia etc. Out of this car-

bon monoxide,ammonia and nitrous oxide are the key com-

ponents of the polluted air. So this paper basically focuses on 

the detection of these particular gases for environmental 

monitoring. 

Gas sensors with high sensitivity and selectivity are re-

quired for leakage detections of toxic gases and for real-time 

detections oftoxic or pathogenic gases in industries.in this 

study gas sensor employing swcnt as sensor element was 

introduced for CO and NH3 because of their large surface 

area with the excellent sensitivity and fast responses at room 

temperature.Single-wall carbon nanotubes (SWCNTs) are 

considered as one of the majorcandidate materials because of 

their excellent characteristics.SWNTs are an allotrope of sp2 

hybridized carbon similar to fullerenes. The structure can be 

considered as a cylindrical tube comprised of 6-membered 

carbon rings, as in graphite. The cylindrical tubes may have 

one or both ends capped with a hemisphere of the buckyball 

or fullerene structure .Carbon nanotube sensors can also be 

used for sensing ethanol,methanol and even volatile organic 

compounds.the only problem with swcnt is that CNT-based 

chemical sensors normally have a long recovery time (upto 

several hours) to release the analytes for another sensing 

operation. Poor recovery remains a drawback  for CNT-based 

chemical sensors recovery but if it is exposed to an ambient 

temperature then the mentioned problem may be overcome. 

In this work we have described the synthesis of swcnt by 

chemical vapour deposition mthod. There are many methods 

for the synthesis of swcnt like arc discharge method, removal 

of catalyt,laser ablation,chemical vapour depostion but of the 

various means for SWCNTs synthesis, CVD is the most 

promising or effective technique to the manufacture of larger 

SWNTs quantities because it has a relatively low cost, a 

large-scalecapability, a high versatility.CVD is capable of 

growing nanotubes directly on a desired substrate, whereas in 

the other growth techniquesthe nanotubes must be collected. 

 

 
Fig.1shows the image of a single walled carbon nanotube. 

II. SYNTHESIS OF SWCNT SENSOR 

There are three main techniques for the synthesis of 

single walled carbon nanotubes i.e. arc discharge me-

thod,laser ablation and chemical vapor deposition tech-

nique. Out of which CVD is the most effective technique.  

A. Arc discharge method 

The carbon arc-discharge method is the first method 

used for growing CNTs. The process is carried out in an 

evacuated chamber.Two carbon electrodes act as carbon 

source and for increasing thespeed of carbon deposition 

inert gas(like helium) is being supplied. When high DC 

voltage is applied between the carbon anode and cathode, 

plasma of the inert gas is generated to evaporate the car-

bon atoms. The ejected carbon atoms are thendeposited 

on the negative electrode to form CNTs. Both SWNTs 

T 
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and MWNTs can be grown by this method, while the 

growth of SWNTs requires catalysts. It is the principal 

method to produce high quality CNTs with nearly perfect 

structures.  

 

Fig.2 shows the image of arc discharge technique. 

B.Laser ablation technique 

In the laser ablation technique, a high power laser was 

used to vaporize carbon from a graphite target at high tem-

perature. Both MWNTs and SWNTs can be produced with 

this technique.  In order to generate SWNTs, metal particles 

as catalysts must be added to the graphite targets similar 

to the arc discharge technique. The quantity and quality of 

produced carbon nanotubes depend on several factors such 

as the amount and type of catalysts, laser power and wave-

length, temperature, pressure, type of inert gas, and the fluid 

dynamicsnear thecarbon target.  In such technique, argon gas 

carries the vapors from the high temperature chamber into a 

cooled collector positioned downstream. The nanotubes will 

self-assemble from carbon vapors and condense on the walls 

of the flow tube. The diameter distribution of SWNTs from 

this method varies about 1.0 - 1.6 nm. Carbon nanotubes pro-

duced by laser ablation were purer (up to 90 % purity) than 

those produced in the arc discharge process and have a very 

narrow distribution of diameters. 

 

Fig.3 shows the schematic of laser ablation technique. 

C. Chemical Vapor Deposition (CVD) 

By chemical vapor deposition CNTs can be produced in 

large quantities. The process temperature can vary from 500 -

1300°C. The hydrocarbon precursors include CH4, C2H2, 

C6H6, alcohols etc. 

 

Fig.4Schematics for carbon vapor deposition method. 

In CVD method there is initial dissociation of hydrocar-

bons followed by dissolution and saturation of C atoms in 

metal nanoparticles. Thereafter there is precipitation of car-

bon. Vapor-grown CNTs generally use metal catalyst par-

ticles. Fe, Co and Ni catalysts are mostly used for the catalyt-

ic growth of CNT. More recently, CNTs have also been 

grown from metal such as Au, Ag and Cu. Catalyst serves as 

nucleation sites and also promotes pyrolysis of hydrocarbons. 

Compared with thefirst two techniques; CNTs can be synthe-

sized at relatively low temperature using CVD method.  

Therefore, this technique is more efficient and allows 

scaling up the growth of SWCNTs. By modification and cal-

culated control of the growth parameters, vertically aligned 

MWCNTs growth can be achieved by CVD technique. This 

enhances CNTs electronic properties in different applica-

tions. High-quality SWCNTs can also be obtained by theop-

timization of the catalysts. 

 

III. EXPERIMENTAL WORK 

 

An experimental work performed by a research group is 

explained below. 

A. Growth of CNTs 

A silicon substrate is coated with a Ni metal which acts 

as a catalyst for CNT growth using thermal evaporation me-

thod. The coated samples are placed onto a heating plate in 

the center of the PECVD reactor, which is then pumped 

down to a low base pressure (~1mTorr) to evacuate atmos-

pheric gasses. Then the substrate is heated to a temperature 

shown to produce carbon nanotubes (450 to 700°C depending 

on process and chemistry).  

B. Gas Sensing Procedure  

Gas sensing experiments were carried out by placing 

CNTs synthesized on a quartz substrate in a sealed Plexiglas 

test chamber with an electrical feed-trough. At first, the 

chamber was purged continuously with pure argon gas about 

1 hour. Then, diluted CO2 or NH3 in the argon as a carrier gas 

was injected into the chamber at room temperature of 25°C. 

Sensor resistance was measured at intervals of 10 seconds 

with a digital multimeter connected to a computer using an 

RS232 interface that was fully automated and logged by a 

program. Each test is repeated for two times to obtain the 

exact results.  

 

IV.   RESULTS AND DISCUSSIONS 

A. Structure Characterization  

The samples were characterized by using Scanning Elec-

tron Microscopy (SEM). SEM micrographs have a characte-
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ristic three-dimensional appearance and are useful for judg-

ing the surface structure of the sample. Fig.5. shows the SEM 

image of pristine sample which is taken after deposition of 

100A˚ thin layer of Ni metal on Si substrate by evaporation 

technique. 

 

 
Fig.5 SEM image of pristine sample 

And Fig.6 Shows the SEM image of CNTs after CVD-

Process (PECVD without plasma) using a mixture of NH3 

(15sccm) and C2H2 (15sccm) at Reaction temperature of 

7300C. From this it is clear that the growth of CNTs pro-

duced is tip-growth, where the nanotube lifts the catalyst 

from the substrate during the growth, as the nanotube nuc-

leates and grows below the catalyst. 

 

 
Fig.6SEM image of CNTs after CVD-Process (PECVD without plasma) 

 

B. Gas sensing characteristics 

Ammonia Absorption: The results obtained indicate that 

the carbon nanotubes grown were sensitive to ammonia. 

Upon exposure to ammonia, the resistance of carbon nano-

tubes increased significantly at room temperature of 25°C. 

Fig 7 shows the results of the samples for 2 repetitions. The 

maximum resistance detected is 159.8 milliohmwhich is 

more than the resistance recorded in argon. From the graph, it 

can be seen that the first repetition, R1 has a lower value 

compared to R2. This indicates that the absorbed ammonia 

gas had interacted with carbon nanotube molecules and did 

not desorbed immediately. R2 has a higher reading due to 

accumulated ammonia gas in the sample.  

This result indicates that CNTs have a high affinity for 

ammonia due to ammonia being a polar molecule with a di-

pole moment of 1.5 Debye. When the samples are exposed to 

NH3 gas, electrons are transferred from NH3 to CNTs. 

NH3molecules donate electrons to the valence band of the 

CNTs, decreasing the number of holes, thereby increasing the 

separation between the conduction band and the valence 

band.  

This forms a space charge region at the surface of the 

semiconducting CNTs, increasing the electrical resistance. 

The increase in resistance proves that the CNTs are a p-type 

semiconductor. From results even we can say that, upon ex-

posure to NH3 gas, the resistance ofthe CNTs based sensor 

increasedwith an increase in gas concentration. It is noted 

that NH3 absorbed into CNTs by replacing pre-adsorbed oxy-

gen within the carbon atoms. Oxygen, an oxidizing gas, in-

creases the conductivity of p-type carbon nanotubes as it in-

creases the hole concentration; hence the replacement of 

oxygen by ammonia should reduce the conductivity. 

 
Fig 7 Electrical resistance variation of CNTs grown sample upon injection of 

NH3 gas  

V. CONCLUSION 

Production of high yield, good quality, purified 

SWCNTs film using catalytic CVD technique has been de-

scribed. The aim of this study was to investigate the applica-

tion of carbon nanotube sensor in sensing various toxic gases. 

With the help of different characteristics and the experimen-

tal work we came to know about the efficiency of this sensor. 

It is found that SWCNT sensor is the most efficient sensor. 
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Abstract - Three new mononuclear copper(II) complexes 

namely [Cu(L)(CH3COO)]X, (X = PF6
- (1) and BF4

- (2)), 

[Cu(L)(NCS)]PF6 (3) and one nickel(II) complex [Ni(L)Cl2] 

(4), where L = {N,N-bis(3,5-dimethylpyrazol-1-ylmethyl)}(2-

aminomethyl)pyridine have been synthesized and 

characterized by several techniques including X-ray 

crystallography, microanalyses, IR, UV-Vis spectroscopy 

and mass spectrum analysis. Molecular structure of the 

complexes [Cu(L)(CH3COO)]PF6.H2O and [Cu(L)(NCS)]PF6 

have been solved by single crystal X-ray diffraction studies 

and showed that copper atom in both the complexes have 

distorted square pyramidal geometry. The proposed 

structure of nickel complex is octahedral.  

Key words.  Ligand; mononuclear; copper(II);  nickel(II); IR;  

structure. 

 
I. INTRODUCTION 

oordination chemistry with nitrogen containing 

polydentate heterocycle ligand are of great interest in 

chemical  research because they form variety of 

coordination complexes with large number of metal ions 

and also acts as blocking ligand for building polynuclear 

complexes [1-10]. Tripodal ligand containing pyrazole / 

imidazole are of particular interest due to their biological 

activity and their copper complexes can be used as model 

for active sites in copper proteins [11,12]. There are few 

reports on coordination complexes with N3-coordinate 

ligand containing two different heterocycles such as 

pyridine and pyrazole where both the groups are separated 

by spacer group like methylene group [13-14]. However, 

tetradentate N4-coordinated ligand containing two 

different heterocycles such as  pyridine and pyrazole is 

relatively less.  

As our interest on the synthesis and structures of 

multinuclear transition metal complexes with the 

tetradentate N4-coordinated ligand {N,N-bis(3,5-

dimethylpyrazol-1-ylmethyl)} (2-aminomethyl) pyridine 

(L), we have reported copper(II), Ni(II), Co(II), Zn(II) and 

Cd(II) complexes with this ligand in combination of 

pseudohalides like N3
-
, NCS

-
, NCO

-
 etc [15-18]. In this 

paper, we report on the synthesis and characterizations of 

copper(II) complexes namely [Cu(L)(CH3COO)]X (X = 

PF6
-
 and BF4

-
), [Cu(L)(NCS)]PF6 and nickel(II) complex 

[Ni(L)Cl2] with the ligand {N,N-bis(3,5-dimethylpyrazol-

1-ylmethyl)} (2-aminomethyl) pyridine (L). Crystal 

structure of the two complexes 

[Cu(L)(CH3COO)]PF6.H2O and [Cu(L)(NCS)]PF6 have 

been solved by single crystal X-ray diffraction studies. 

II. EXPERIMENTAL 

A. Materials and methods 

All chemicals and solvents were of analytical grade 

reagents. Cu(CH3COO)2.H2O and NiCl2.6H2O (Loba, 

India), sodium perchlorate monohydrate, ammonium 

hexafluorophosphate and ammonium tetrafluoroborate 

(Aldrich) were of reagent grade and used as received. 

Solvents used in this study were purified following the 

standard procedures. Ligand {N,N-bis(3,5-

dimethylpyrazol-1-ylmethyl)}(2-amino-methyl)pyridine 

was synthesized by stirring  solution of N-

(hydroxymethyl)-3,5-dimethylpyrazole and 2-

(aminomethyl)pyridine in 2 : 1 mole ratio as per  

published procedure[15] . 

 

B. Physical measurements 

The infrared spectra were recorded on a Perkin-Elmer FT-

IR spectrometer RX1 spectrum using KBr disk. UV-Vis 

spectra (900 - 190 nm) were recorded on a Perkin-Elmer 

spectrophotometer model Lambda 35 in CH3CN solution. 

Microanalyses (C, H, N) were carried out using a Perkin-

Elmer IA 2400 series CHN elemental analyzer. Molar 

conductance (M) were measured in a Equip-Tronics 

conductivity meter (model no. EQ-660A) using ca. 10
-3

 M 

solutions in CH3CN. Room temperature magnetic 

susceptibilities of powder samples were measured by 

Guoy balance using Hg[Co(SCN)4] as the reference. Mass 

spectrum was recorded on Waters micromax 

spectrometer.  

 

C. X-ray data collection and refinement 

The crystals of suitable size were obtained by slow 

evaporation of the reaction mixture over a week. Data 

were collected using Mo-Kα radiation ( = 0.71073 Å) at 

293 K with a Bruker SMART APEX diffractometer 

equipped with CCD area detector. The details of 

crystallographic data collection and some important 

features of the refinement for the compound 1 and 3 are 

given in Table 1 and selected bond lengths and angles are 

given in Table 2. The data interpretation were processed 

with SAINT software [19] and empirical absorption 

correction was applied with SADABS software programs 

[20]. The structure was solved by direct methods using 

SHELXTL [21] and refined by the full-matrix least-

square based on F
2
 technique using SHELXL-97 program 

C 
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package [22]. All non-hydrogen atoms were refined 

anisotropically. The hydrogen atoms were fixed 

geometrically and refined using the riding model. The 

residual electron density was in the range   1.126 and -

0.560 e Å
-3

 for 1 and 1.035 and -0.474 e Å
-3

 for 3. 

 

D. Syntheses of compounds 

[Cu(L)(CH3COO)]X.H2O, X
 
= PF6

- 
and BF4

-
 

A methanol solution (10 ml) of the ligand L (0.162 g, 0.5 

mmol) was added to a solution of Cu(CH3COO)2.H2O 

(0.1 g, 0.5 mmol) in methanol (10 ml) with constant 

stirring. After 10 min, an aqueous-methanol solution of 

NH4X (0.5 mmol) was added to the mixture. The colour 

changed to deep blue immediately and stirring was 

continued for 2 h. The solution was filtered and the filtrate 

was kept for evaporation slowly. It was possible to obtain 

diffraction quality crystal after 5 days.  

[Cu(L)(CH3COO)]PF6.H2O (1). Yield. 60%. Found: C = 

39.72, H = 4.65, N = 13.82%. Anal calc. for 

CuC20H29N6O3PF6; C = 39.38 ; H =  4.76; N = 13.78%.  

IR (KBr disk): cm
-1

; (OH
-
), 3437s, br; (C=C) + 

(C=N)/pyrazole ring,  1604,   1555 vs,  (COO
-
, symm), 

1400;  (PF6
-
),  844 vs. UV-Vis spectra: 

λmax(nm)(εmax/dm
3
mol

-1
cm

-1
): 630 (64), 380 (6900) . 

ΛM(CH3CN)   (Ω
-1

cm
2
mol

-1
): 125,  μeff = 1.78 BM. 

 [Cu(L)(CH3COO)]BF4.H2O (2) 

Yield. 60%. Found: C = 43.62, H = 5.22, N = 15.33%. 

Anal calc. for CuC20H29N6O3BF4; C = 43.53; H =  5.26; N 

= 15.24%. IR (KBr disk): cm
-1

;   (OH
-
), 3430s, br; 

(C=C)+ (C=N)/pyrazole ring, 1609, 1558 vs; (COO
-
, 

symm), 1399; ν(BF4
-
), 1048 vs. UV-Vis spectra: 

λmax(nm)(εmax/dm
3
mol

-1
cm

-1
): 634 (60), 381 (7000). 

ΛM(CH3CN)  (Ω
-1

cm
2
mol

-1
): 120. μeff = 1.79 BM. 

[Cu(NCS)L]PF6   (3) 

A solution of ligand  L (0.324 g, 1 mmol) in methanol (10 

ml) was added to a stirring solution of Cu(CH3COO)2. 

H2O (0.218 g, 1 mmol) in methanol (10 ml) and the 

colour was changed to deep blue immediately. To this 

mixture, an aqueous solution (1 ml) of KSCN (0.097 g, 1 

mmol) was added drop by drop. After 5 min, an aqueous-

methanol solution (1:1) of NH4PF6 (0.163 g, 1 mmol) was 

added into it and stirring was continued for 3 hr. The 

volume of the solution was reduced to 10 ml, filtered and 

the filtrate was left for evaporation slowly. Yield 0.218 g 

(30%). Found: C, 38.78; H, 4.05; N, 16.45%. Anal Calc 

for C19H24CuN7SPF6: C, 38.51; H, 4.06; N, 16.60%; IR 

(KBr pellet) cm
-1

; ν(NCS
-
), 2043 vs; (C=C)+ 

(C=N)/pyrazole ring, 1604 s 1556 vs, ν(PF6
-
), 844 vs. 

UV-Vis spectra: λmax(nm) (εmax/dm
3
mol

-1
cm

-1
). 660 (164), 

382 (6534). ΛM (Ω
-1

cm
2 

mol
 -1

).  = 125.  μeff = 1.76 BM. 

 

  [Ni(L)Cl2] (4) 

A methanol solution (10 ml) of ligand L (0.324 g, 1 

mmol) was added to NiCl2.6H2O (0.237 g, 1 mmol) 

solution in methanol (10 ml). The solution was stirred for 

3h, filtered and kept for slow evaporation at room 

temperature. Light greenish compound was obtained after 

few days. Yield: 0.270 g (60 %).  Found:  C = 47.78; H = 

5.36; N = 18.62%; Anal calc for NiC18H24Cl2N6; C = 

47.61; H = 5.29 ; N = 18.53% ; MS (EI): m/z 417 (100%) 

(C18H24N6ClNi)
+
.
 

IR (KBr pellet), cm
-1

: (C=C) +  

(C=N)/pyrazole ring, 1613 s, 1554 vs; (PF6
-
), 844 vs;. 

UV-Vis spectra: λmax(nm) (εmax / dm
3
mol

-1
cm

-1
): 550 (sh), 

535 (15), 390 (7000).  ΛM (CH3CN)    (Ω
-1

cm
2
mol

-1
): 25 .  

μeff = 2.88 BM.  

 

III. RESULTS AND DISCUSSIONS 

A.  Synthesis  

Mononuclear copper(II) complexes 

[Cu(L)(CH3COO)]X.H2O ( X = PF6
-
,  BF4), were 

synthesized by reacting a methanol solution of copper 

acetate dihydrate, ligand L and X
  
(PF6

- 
/ BF4

-
) in 1 : 1 : 1 

mole ratio and characterized by microanalyses and 

physico-chemical methods. There was no change of 

composition for copper(II) complexes when the 

experiments were carried out with excess PF6
-
/BF4

- 
 ion. 

When ClO4
-
 ion used as counter anion in this reaction, 

sticky mass was always obtained. Molar conductance data 

show that the complexes 1 and 2 are 1:1 electrolyte (ΛM 

>125 Ω
-1

cm
2 

mol
-1

) [23]. Spectral data and single crystal 

structure determination data support the composition of 

the complexes [Fig.1]. The complexes are soluble in 

common organic solvents like methanol, ethanol, 

dichloromethane etc. 

 
Fig 1.  ORTEP  diagram of  complex 1  with  atom  numbering scheme. 
 

The complex [Cu(NCS)(L)]PF6  was obtained by 

reacting a methanol solution of copper acetate, ligand L, 

KSCN and PF6
-
 ion in appropriate mole ratio. The 

interesting point is that when the same reaction was 

carried out with different copper salt such as copper 

nitrate or copper perchlorate as starting material, we 

obtain five coordinated copper(II) complex with different 

composition. Molar conductance of the complex 3 in 

CH3CN solution showed the complex was 1:1 electrolyte 

(ΛM >125 Ω
-1

cm
2 

mol
 -1

) indicating the presence of 

counter anion in the complex and this was confirmed by 

IR and crystal structure determination. The crystal 

structure of the complex [Cu(NCS)L]PF6 shows it has 

distorted square pyramidal geometry [Fig.2].  The 

complex is soluble in acetonitrile, dichloromethane and 

other common organic solvents.  

  Mononuclear nickel complex [Ni(L)Cl2] was obtained by 

reacting a methanol solution of NiCl2.6H2O, ligand L in 

1:1 mole ratio. The ESI-MS spectral measurement of the 
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complex 4 show an intense peak (100%) at m/z 417 

corresponds to mono cationic species [Ni(L)Cl]
+
 [Fig.3]. 

Molar conductance of the complex in CH3CN solution 

shows that it is non electrolyte and there was no change of 

conductance even after 2h indicating no dissociation of 

chloride ion from the compound. On the  basis of above 

data, we propose that nickel(II) complex has  octahedral  

geometry.  The  complex  is soluble in common  organic  

solvents  like  methanol, ethanol, acetonitrile, 

dichloromethane etc. Due to unavailability of diffraction 

quality crystals, crystal structure of complex 4 could not 

be solved. 

 

 
Fig.3. ORTEP diagram of complex 3 with atom numbering scheme. 

B.  Description of crystal structures of 1 and 3.  

Crystal structure of [Cu(L)(CH3COO)]PF6.H2O  (1). 

The ORTEP view of the cationic part of the complex 1 

with atom numbering scheme is shown in Fig. 1. Selected 

bond parameters are given in Table 2. The structure 

consists of isolated [Cu(L)(CH3COO)]
+
 ion. The complex 

crystallized in the triclinic crystal system with P-1 space 

group. The copper atom has CuN4O coordination 

environment with a distorted square pyramidal geometry 

[ = 0.34]. In a perfect square pyramidal geometry,  is 

zero and it is one in a perfect trigonal bipyramidal 

geometry [24]. The ligand L is tetradentate N4-

coordinated, being bonded through N(1) of pyridine ring, 

N(2) of tertiary nitrogen atom, N(4) and N(6) of pyrazole 

rings. Each copper atom is coordinated with   four 

nitrogen atoms N(1), N(2), N(4) and N(6) of the 

tetradentate ligand L and one oxygen atom O(1) of the 

acetate ion.  The  basal plane consists of  three nitrogen 

atoms N(1), N(2), N(4) of the ligand L and  O(1) of the 

acetate ion while the axial position is occupied by N(6) of 

pyrazole ring of the ligand L. The Cu(1)-N(ligand) bond 

lengths are in the range of 1.908(3)  to 2.097(4) but the 

Cu(1)-O(1) bond length is 1.906(3) Å.  The two      

equatorial     bond    angles   O(1)-Cu(1)-N(2)   

 

 

Table 1. Crystal parameters of Complex 1 and 3 

Empirical formula C20H29CuF6N6O3P C19 H24CuF6N7PS 

Formula weight 609.995 591.02 

Temperature (K) 293(2)  293(2)  

Wavelength (Ǻ) 0.71073  0.71073  

Crystal system Triclinic,   Triclinic 

Space group P-1 P-1 

a (Ǻ) 8.748(5)  10.136(4) 

b (Ǻ) 10.440(5) 11.858(5) 

c (Ǻ) 15.063(5) 12.070(5) 

() 81.692(5 113.829(6 

() 80.524(5) 108.829(6 

() 78.826(5 94.952(6) 

Volume (Ǻ3) 1322.2(11) 1216.1(8 

Z 2 2 

Density (Mg/m3) 1.532 1.614 

Absorption coefficient (mm-1) 0.962 1.119 

F(000) 626 602 

Crystal size (mm) 0.35 x 0.31 x 0.29 0.43 x 0.24 x 0.11 

Theta range for data collection () 2.93 to 29.19 2.01 to 28.00 

Index ranges -10≤h≤11, -13≤k≤14,              -19≤l≤19 -12≤h≤13, -15≤k≤15,         -15≤l≤15 

Reflections collected  11299 9200 

Independent reflections  5970 [R(int) = 0.0698] 5235 [R(int) = 0.0366] 

Absorption correction  Semi-empirical from equivalents Semi-empirical from equivalents 
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Max. and min. transmission  1.0000 and 0.8448 0.8868 and 0.6448 

Refinement method Full-matrix least-squares on F2 Full-matrix least-squares on F2 

Data / restraints / parameters 5970 / 0 / 337 5235 / 0 / 320 

Goodness-of-fit on F2
 1.044 1.104 

Final R indices [I>2(I)] R1 = 0.0682, wR2 = 0.1771 R1 = 0.0625, wR2 = 0.1757 

R indices (all data) R1 = 0.1053, wR2 = 0.2111 R1 = 0.0933, wR2 = 0.2061 

Largest diff. peak and hole (eA-3) 1.126 and -0.560 1.035 and -0.474 

 

Table 2. Bond lengths (Ǻ) and bond angles (˚) of Complexes 1 and 3 

Complex 1  

Bond lengths Bond angles 

Cu1-N1  2.008(3) O1-Cu1-N2   
 

178.85(12) 

Cu1-N2  2.097(4)   N4-Cu1-N6 105.72(15) 

Cu1-N4  1.998(3)   O1-Cu1-N6 99.58(15) 

Cu1-N3  2.335(4)   O1-Cu1-N2 178.85(12) 

Cu1-O1  1.906(3)    N1-Cu1-N4 158.52(16) 

Complex 3    

Cu(1)-N(7)                     1.933(4) N(7)-Cu(1)-N(2)              178.31(15)       

Cu(1)-N(4)                     1.995(4) N(4)-Cu(1)-N(1)              162.17(14) 

Cu(1)-N(1)                     2.005(4) N(7)-Cu(1)-N(6)              102.20(16) 

Cu(1)-N(2) 

Cu(1)-N(6) 

 2.062(3) 

2.468(4) 

N(4)-Cu(1)-N(6)    

N(7)-Cu(1)-N(4)           

102.18(14) 

98.93(16) 

[178.85(12)
0
]  and N(1)-Cu(1)-N(4) [158.52(16)

0
] differ 

by 20.33
0
.  

C. Crystal structure of [Cu(NCS)(L)]PF6
 
 (3)   

A perspective view together with atom numbering scheme 

for cationic part of complex 3 is shown in Fig. 2 and 

selected bond parameters are summarized in Table 2. The 

structure consists of cation [Cu(NCS)(L)]
+
 and  PF6

-
 

counter anion.
 
 The copper(II) center in complex 3 has   

distorted square pyramidal geometry [ = 0.27] with CuN5 

coordination environment and coordinated  by the four N 

atoms N(1), N(2), N(4), N(6) of the ligand and one 

nitrogen N(7) atom of terminal thiocyanate. The 

equatorial plane consists of three nitrogen atoms N(1), 

N(2), N(4) of ligand L and N(7) of terminal thiocyanate 

and N(6) of the pyrazole of the ligand in the axial 

position. The Cu-N bond distances in the equatorial 

planes are nearly equal [1.995(4)-2.062(3) Å] but these 

are much shorter than Cu-N axial bond distance [2.468(4) 

Å]. The Cu-NCS bond distance (2.062(3) Å) in this 

complex is nearly equal to the Cu-NCS bond distance 

(2.012(10) Å) of  the mononuclear Cu(II) complex 

reported by us[16].  The NCS
-
 ion is nearly planner with 

bond angle N(7)-C(19)-S(1) is 176.6(4). The two 

equatorial bond angles N(7)-Cu(1)-N(2) [178.31(15)º] and   

N(4)-Cu(1)-N(1) [162.17(14)º] are not equal and these are 

differ by 16.14º. 

D. IR spectra 

The IR bands of the complexes were assigned by 

comparing the IR spectra of free ligand. The IR spectra of 

all the complexes as well as ligand show two intense 

bands in the range of 1604 -1550 cm
-1

 which are assign to 

(C=C) and (C=N) of the pyrazolyl groups, indicating 

the binding of the ligand with metal ions. Besides, the 

complexes 1 and 2 show a medium intense band at 1400 

cm
-1

 which is assigned to ν(COO
-
), indicating the 

coordination of acetate group with the copper(II) ions 

[25]. The complexes 1 and 3 have characteristics bands at 

844 cm
-1

 due to ν(PF6
-
) and one broad band at 1040 cm

-1
  

for ν(BF4
-
) for complex  2. A sharp band at 2070 cm

-1
  due 

to  ν(NCS
-
)  indicating the coordination of NCS

-
 with the 

complex 3. All other bands obtained for the ligand are 

also present in all the complexes. 

.Electronic spectral and magnetic susceptibility data 

The electronic spectra of the complexes were measured in 

CH3CN solution. All the copper (II) complexes show one 

strong absorption band in the range of 630 – 660 nm with 

molar extinction coefficient 64-160 dm
3
 cm

-1 
mol

-1
. This 

may be attributed to the d-d transition [dxz, dyz → dx
2
-y

2
] 

and this type of band generally obtained in typical square 

pyramidal or distorted square pyramidal complexes [26]. 

For nickel complex 4, two weak absorption bands 

obtained in the range of 535 - 550 nm and this may be 

attributed to d-d transitions. For all the complexes, 

spectral band obtained at less than 400 nm are due to intra 

ligand charge transfer transition. 
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Room temperature magnetic susceptibilities of the 

complexes show one electron paramagnetism (µeff =~ 1.78 

B.M.) for copper(II) complexes 1, 2 and 3 and two 

electrons paramagnetism (µeff = 2.84 BM) for complex 4 

indicating octahedral geometry of the nickel complex.  

 

 

IV. CONCLUSION 

This paper reports on the  syntheses and characterization 

of mononuclear copper(II) complexes 

[Cu(L)(CH3COO)]X.H2O (X = PF6
-
 and BF4

-
), 

[Cu(L)(NCS)]PF6 and  nickel(II) complex [Ni(L)Cl2] with 

pyrazole containing tetradentate N4-coordinating ligand. 

The crystal structure of the complexes 

[Cu(L)(CH3COO)]PF6.H2O and [Cu(L)(NCS)]PF6 have 

been solved by single crystal diffraction studies and both 

the complexes have distorted square pyramidal geometry 

around copper center. The proposed geometry of 

nickel(II) complex [NiCl2L] is octahedral. 

 

A.  Supplementary data 

Crystallographic data for the structural analysis have been 

deposited with the Cambridge Crystallographic Data 

Center, CCDC 835974 for compound 1 and CCDC 

835975 for compound 3. Copies of this information can 

be obtained free of charge from the Director, CCDC, 12 

Union Road, Cambridge CB12 1EW, UK (fax: +44-1223-

336 033; e. mail: deposit@ccdc.cam.ac.uk or 

http://www.ccdc.cam.ac.uk). 
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Abstract- In modern era, VLSI technology has focussed for 

enhancing the performance, less power requirement and 

high speed of any digital circuit. Due to scaling style, power 

dissipation, propagation delay and transistor count (area) 

need to be concern by VLSI designer as per the application. 

Any digital circuit whose performance affect the entire 

system performance need to be focused more for power 

consumption and delay. Full adder is such circuit of great 

interest and whose modification would directly or indirectly 

effect the performance of entire system. Thus, reducing the 

power dissipation of full adder will ultimately reduce the 

power dissipation of the system. It is used for many 

application such as digital signal processing, microprocessor, 

and in data processing unit. Now-a-days, numerous efficient 

techniques are used for designing a VLSI circuit. This paper 

describes the design and analysis of full adder using two 

technique GDI (Gate Diffusion Input) and McCMOS (Multi- 

Channel CMOS) and comparing on the bases of different 

constraints such as power, propagation delay, pdp (power 

delay product), area and the performance of two. Even 

though both are low power and high speed techniques but it 

is observed that McCMOS style of designing have 8.09% less 

power dissipation and approx. 10.5% reduced power delay 

product as compared to GDI in a full adder design. But it is 

also observed that number of transistor is much more less in 

GDI as compared to McCMOS All the simulation results are 

carried out by using tanner EDA tool on 45nm technology. 

Keywords: - GDI, Analysis of GDI, Digital combinational 

circuits, McCMOS. 

I. INTRODUCTION 

ith the increase in demand of portable digital 

application, the demand of high speed, low power 

dissipation and also the compact designing results in 

number of research efforts. The art of power analysis and 

optimization of integrated circuits is now appearing in the 

mainstream digital design community affecting all aspects 

of the design process [3]. Full Adder plays a dynamic role 

in many applications such as image processing, 

Application Specific ICs (ASICs), video processing etc. 

By increasing the performance of any full adder will 

greatly impact on the performance of the entire system i.e. 

increasing the speed of the whole system. VLSI designer 

use speed as the performance metric. Hence it is necessary 

to cognizance of full adder with low power and high 

performance. Generally, small area and high performance 

are two contradictory constraints [1]. It was also observed 

that power efficiency cannot be achieved without 

affecting the other figures of merits of the design. In 

CMOS circuits, the power consumed is proportional to 

changing frequency, load capacitance and the supply 

voltage [2]. 

Power consumption = cfV
2
 

Therefore, for increasing the performance of the 

full adder a design is proposed using two different 

technique i.e. gate diffusion input and multi-channel 

length CMOS. Gate diffusion technique is a low power 

design which allows implementation of various complex 

logic function by simply using two transistors i.e. 

maintain low complexity and results in reducing power 

dissipation, propagation delay and area of digital circuit. 

Where the multi-channel length CMOS is a technique in 

increased channel length is used to control the leakage 

current. The consequence of channel length on threshold 

voltage (and leakage) is understood as Vth decreases 

quickly as effective channel length (LEFF) is minimized 

[4]. The organization of the paper is as follows: section II 

presents basic GDI technique; Section III detailed analysis 

of GDI; Section IV describes leakage control using 

McCMOS; Section V, section VI shows simulation and 

results; and section VII comprises of conclusion. 

II. GDI TECHNIQUE 

The GDI technique was first offered in 2001 by A. 

Morgenshtein, A. Fish, and I. A. Wagner [5], which uses a 

simple structure as shown in figure 1. At first sight, this 

beginning structure reminds us an ordinary CMOS 

inverter but there are differences firstly, the GDI structure 

have three inputs as shown G, P and N where G is 

common gate input of nMOS and pMOS, P is input to the 

source/drain of pMOS and N is input to the source/drain 

of nMOS. It can be arbitrarily biased at contrast with a 

CMOS inverter. 

 

Figure 1: GDI Basic Structure 

W 
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TABLE I 

Logic Functions for different input Configuration of GDI 

 

 By simply changing the input configuration 

number of Boolean functions can be implemented using 

this simple structure of GDI as shown in the table I. 

Usually these complex function having 6 – 12 transistors 

in CMOS, but while using GDI it only require 2 

transistors. Implementation on these function will be 

explained in section V. 

Most of the circuit design are based on Y1 and 

Y2 functions because of the following reasons, both Y1 

and Y2 allows realization of any two input logic function 

i.e. they are complete logic family, Y1 is the only GDI 

function that can be realized in a standard p-well CMOS 

process, because the bulk of any nMOS is constantly and 

equally biased, when N input is at logic high  and P input 

is at logic low then there is a short between N and P 

results in static power dissipation and Vout ≈ 0.5VDD  

Which causes a drawback for implementing OR, AND, 

and MUX in regular CMOS with configuration. This 

effect can be minimize if we perform design in floating-

bulk SOI technologies [6], where a full GDI library can be 

employed. 

III. ANALYSIS OF GDI 

The operational analysis of a basic GDI structure is 

explained is this section, to understand the effect of low 

swing in GDI let us consider function Y1 (figure 2) and 

the same analysis can be extended to use in other GDI 

function. As shown in the table II that the low swing 

output will occur when the input values are A=0, B=0. In 

this case, voltage level of Y1 will be VTp while the 

expected voltage level is 0V this is because of the high-to-

low switching characteristics of pMOS transistor [7]. 

TABLE II 

Input logic State VS Functionality and output swing of Y1 function 

A B Function Y1 

0 0 pMOS transGate Vtp 

0 1 CMOS Inverter 1 

1 0 nMOS Trans Gate 0 

1 1 CMOS Inverter 0 

 

Hence this obvious effect will occur during the transition 

from A=0 B=VDD to A=0 B=0. In some cases, when value 

of VDD=1 without a swing drop from the last stage, GDI 

functions as inverter buffer and recovers the swing. 

IV.  McCMOS TECHNIQUE 

Today, high performance CMOS design requires 

extremely short channel transistor and lowest supply 

voltage approximately equal to 1V, in order to achieve 

maximum performance while maintaining power and heat 

dissipation down to acceptable levels. And all the above is 

achieve by the use of low threshold transistor which 

results in increased leakage current. Such increase in the 

leakage current, leakage power also increases which 

seems the major problem in sub-micron CMOS design. 

Hence, an effective leakage control and performance 

optimization technique McCMOS was introduce. 

According to McCMOS, leakage current is control by 

increasing channel length. Doubling up the channel length 

gives us a leakage saving ratio of order of 250 [8]. The 

two design principles that describes the channel length Vs 

leakage relationship are [9] first, in the non-critical path of 

a circuit the channel length of at least one of the transistor 

should be increase (preferably one having high probability 

of turned off) with each possible current path between 

VDD and gnd. Second, in critical path, similar technique is 

used but as per necessity increasing transistor width to 

maintain performance. 

 

Figure 2: Inverter having 45nm technology using McCMOS 

Figure 2 shows the inverter with McCMOS technique for 

power, speed and performance optimization of the circuit. 

The model file used here in this paper is 45nm MOS 

model file. For controlling the leakage power, the non-

critical path of the circuit is using non minimum length of 

nMOS. In critical path, channel length is kept minimum 

(45nm) while increasing the channel width of pMOS to 

satisfy the necessary performance. 

V.  SIMULATION 

The simulation results show the power and delay of the 

full adder design. In this all the timing delay and power 

are extracted and comparison of two technique is shown 

in the table III using TANNER Tool 14.1 for design 

implementation and for simulation. Simulation results are 

performed based on 45nm CMOS technology. The power 

supply is 1V. The performance assessment is made with 
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respect to propagation delay, average power, power delay 

product, the transistor count by GDI and McCMOS. The 

resulting wave form of is as shown in figure 3 and figure 

4. 

 

TABLE III 

AND, OR and XOR STRUCTURE USING GDI AND McCMOS DESIGN TECHNIQUE 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 GDI McCMOS 

AND  

 
 

OR 

 
 

XOR 

  



International Conference on Multidisciplinary Research & Practice                           P a g e  | 628 

Volume I Issue VIII                                                                   IJRSI                                                                  ISSN 2321-2705 

 

 

(a) 

 

(b) 

 

(c) 

Figure 3: output waveform of GDI (a) AND (b) OR (c) XOR 

 

 

(a) 

 

(b) 

 

(c) 

Figure 4: output waveform of McCMOS (a) AND (b) OR (c) XOR 

The circuits have been analyzed in terms of power 

dissipation, propagation delay and PDP. The term PDP 

represent product of power delay. Although, both are low 

power and high speed techniques but it is observed that 

McCMOS style of designing have 8.09% less power 

dissipation and approx. 10.5% reduced pdp as compare to 

GDI in a full adder design. Also, the total number of 

transistor count is less in GDI as compare to McCMOS 

although some GDI circuits needs swing restoration to 

improve its output voltage level and it can be achieve by 

buffer insertion. 

GDI full adder uses only 8 transistor where as 

McCMOS full adder designed with 42 transistors (using 

half adder as shown in figure 5), which results in less 

Table V shows relative performance of GDI and 

McCMOS based full adder in terms of power dissipation, 

delay, transistor count, and PDP values. 

 

 

 

 

Figure 5: half Adder
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TABLE IV 

Full Adder design Using GDI and McCMOS 

 

 

 

Figure 6: Full adder using GDI 

 

 

(a) 

 

(b) 

Figure 7: Using McCMOS (a) half adder (b) Full adder 

 

VI. RESULT 

The comparison performance is analysed, as shown in the 

table V. On comparing we observed that the average 

power of the digital circuits is less in McCMOS as 

compare to the GDI.  But the power delay product of gate 

diffusion technique is small as compare of McCMOS. 

Also the number of transistor is less in GDI as 

compare to McCMOS. Figure 8 and figure 9 show the 

comparison graphical between the terms delay power, 

delay and the PDP calculated using GDI and McCMOS. 

GDI McCMOS 
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TABLE V 

Comparative Performance Analysis of GDI and McCMOS 

 

 

   

        Figure 8: Comparison of Power in different digital circuit             Figure 9: Comparison of PDP in different digital circuit 

 

VII. CONCLUSION 

The main aim of designing full adder using these two 

technique is to reduce power and increase speed. In can be 

conclude that Even though both are low power and high 

speed techniques but it is observed that McCMOS style of 

designing have 8.09% less power dissipation and approx. 

10.5% reduced pdp as compare to GDI as McCMOS 

control the leakage current and hence the performance is 

improved. But it is also observed that number of transistor 

is much more less in GDI as compare to McCMOS. These 

results are obtained with tanner EDA tool Tspice 

simulation from the extracted net for normal parameters, 

room temperature and power supply at 1v. 
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Abstract: A Mobile Ad-hoc Network (MANET) is a self 

configured network of mobile terminals connected by 

wireless links. Mobile terminals such as cell phones, portable 

gaming devices, PDAs (Personal Digital Assistants) and 

tablets all have wireless networking capabilities. By 

participating in MANETs, these terminals may reach the 

Internet when they are not in the range of Wi-Fi access 

points or cellular base stations, or communicate with each 

other when no networking infrastructure is available With 

the dramatic development of the wireless local area 

networks (WLANs), there is great interest in increasing the 

data rate between the stations and the access point (AP). 

Multiple input multiple outputs (MIMO), an important 

technology to enhance the physical layer capability, can 

achieve this target via simultaneous packet transmissions. 

Cooperative communication, which utilizes nearby terminals 

to relay the overhearing information to achieve the diversity 

gains, has a great potential to improve the transmitting 

efficiency in wireless networks. To deal with the complicated 

medium access interactions induced by relaying and leverage 

the benefits of such cooperation, an efficient Cooperative 

Medium Access Control (CMAC) protocol is needed. In this 

paper, we propose an innovative network allocation vector 

setting is provided to deal with the varying transmitting 

power of the source and relay terminals. The proposed 

CMAC significantly prolong the network life time under 

various circumstances.  

Keywords: Network lifetime, NAV Setting cooperative 

communications, medium access control protocol, relay 

selection, distributed coordination function (DCF). 

 

I. INTRODUCTION 

obile Ad-hoc Network (MANET) is a self 

configured network of mobile terminals connected 

by wireless links. Mobile terminals such as cell phones, 

portable gaming devices, PDAs (Personal Digital 

Assistants) and tablets all have wireless networking 

capabilities. By participating in MANETs, these terminals 

may reach the Internet when they are not in the range of 

Wi-Fi access points or cellular base stations, or 

communicate with each other when no networking 

infrastructure is available. MANETs can also be utilized 

in the disaster rescue and recovery. One primary issue 

with continuous participation in MANETs is the network 

lifetime, because the aforementioned wireless terminals 

are battery powered, and energy is a scarce resource. 

Cooperative Communication (CC) is a promising 

Technique for conserving the energy consumption in 

MANETs. The wireless transmission between a pair of 

terminals can be received and processed at other terminals 

for performance gain, rather than be considered as an 

interference traditionally. CC has been researched 

extensively from the information theoretic perspective 

and on the issues of relay selection. Recently, the work on 

CC with regard to cross-layer design by considering 

cooperation in both physical layer and MAC layer attracts 

more and more attention. Without considering the MAC 

layer interactions and signaling overhead due to 

cooperation, the performance gain through physical layer 

cooperation may not improve end-to-end performance. 

Cooperative MAC (CMAC) protocol considering the 

practical aspect of CC is vital. Liu et al. have proposed a 

CMAC protocols named Coop MAC to exploit the multi-

rate capability and aimed at mitigating the throughput 

bottleneck caused by the low data rate nodes, so that the 

throughput can be increased with the similar goal have 

proposed a CMAC protocol for wireless ad hoc network. 

However, beneficial cooperation considering signaling 

overhead is not addressed in previous papers. A busy-

tone-based cross-layer CMAC protocol has been designed 

to use busy tones to help avoiding collisions in the 

cooperative scenario at the cost on transmitting power, 

spectrum, and implementation complexity. A reactive 

network coding 

aware CMAC protocol has been proposed by Wang et 

al.In which the relay node can forward the data for the 

source node, while delivering its own data 

simultaneously.  

 

A distributed CMAC protocol has been proposed to 

improve the lifetime of wireless sensor networks, but it is 

based on the assumption that every node can connect to 

the base station within one hop, which is impractical for 

most applications. The existing CMAC protocols mainly 

focus on the throughput enhancement while failing to 

investigate the energy efficiency or network lifetime. 

While the works on energy efficiency and network 

lifetime generally fixe on physical layer or network layer. 

Our work focuses on the MAC layer, and is distinguished 

from previous protocols by considering a extend network 

lifetime. The tradeoff between the gains promised by 

cooperation and extra overhead is taken into consideration 

in the proposed protocol. In addition, in the previous 

works, very little attention has been paid to the impact 

brought by varying transmitting power in CC on the 

interference ranges, since constant transmitting power is 

generally used. The interference ranges alteration in both 

space and time will significantly affect the overall 

network performance. 

M 
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In this paper, we propose an innovative Network 

Allocation Vector (NAV) setting. From the perspective of 

information theory, higher diversity gain can be obtained 

by increasing the number of relay terminals. From a MAC 

layer point of view, however, more relays lead to the 

enlarged interference ranges and additional control frame 

overheads. We employ single relay terminal in this paper 

to reduce the additional communication overhead. CMAC 

initiates the cooperation proactively, and utilizes the 

decode and forward protocol [1] in the physical layer. We 

summarize our contributions as follows. 

 

 To deal with the presence of relay terminals and 

dynamic transmitting power, we provide an 

innovative NAV setting to avoid the collisions and 

enhance the spatial reuse. 

 We propose CMAC that focuses on the network 

lifetime extension, which is a less explored aspect in 

the related work. By considering the overheads and 

interference due to cooperation 

 

The rest of the paper is organized as follows. We present 

preliminaries and model in Section 2. In Section 3, we 

describe the proposed CMAC protocol. In Section 4, we 

further elaborate the detail of the CMAC, including the 

best relay selection strategy, the cross-layer power 

allocation scheme and the NAV setting Simulation results 

and discussions are addressed in Section 5. Conclusions 

are drawn in Section 6. 

 

 

II. PRELIMINIARIE & MODELS 

 
In this section, we present the employed system and NAV 

Setting model and the background knowledge about DCF 

and decode and forward protocol. As the involvement of 

relaying and varying transmitting power, the interference 

ranges in CMAC is changing during one transmit session. 

                  
            Fig.  1 An illustration for the NAV setting ranges 

In order to avoid the interference and conserve the energy, 

delicate NAV setting is required. NAV limits the use of 

physical carrier sensing, thus conserves the energy 

consumption. The terminals listening on the wireless 

medium read the duration field in the MAC frame header, 

and set their NAV on how long they must defer from 

accessing the medium. Taking IEEE 802.11 DCF for 

instance, the NAV is set using RTS/CTS frames (Fig. 2). 

No medium access is permitted during the blocked NAV 

durations. Comparing with the simple NAV setting in 

DCF, the setting in CMAC needs to be considerably 

modified. 

 

2.1 DCF (Distributed Coordination Function) 

The basic operations of the proposed CMAC are based on 

the IEEE 802.11 DCF (Distributed Coordination 

Function). In DCF, after a transmitting terminal senses an 

idle channel for a duration of Distributed InterFrame 

Space (DIFS), it backs off for a time period that chosen 

from 0 to its Contention Window (CW). After the back 

off timer expires, the well-known RTS-CTS-DATA-ACK 

procedure is carried out in (Fig. 2). 

 
Fig. 2 IEEE 802.11 DCF 

 
Any terminal overhearing either the RTS or the CTS 

extracts the information contained in the MAC frame 

header, and sets its NAV to imply the time period during 

which the channel is busy. 

 

2.2 Decode & Forward 

 
CMAC utilizes the Decode and Forward (DF) protocol [1] 

with Maximum-Ratio-Combiner (MRC) in the physical 

layer. Due to the limited space, the details of DF are 

presented at Appendix A. 

 

III. THE PROPOSED CMAC PROTOCOL 

 

In this section, with the objective of prolonging the 

network lifetime and increasing the energy efficiency, we 

present a novel CMAC protocol, namely CM. When 

cooperative relaying is involved, the channel reservation 

needs to be extended in both space and time in order to 

coordinate transmissions at the relay. To deal with the 
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relaying and dynamic transmitting power, besides the 

conventional control frames RTS, CTS and ACK, 

additional control frames are required. CMAC introduces 

two new control frames to facilitate the cooperation, i.e., 

Eager-To-Help (ETH) and Interference-Indicator (II).  

 

 Eager-To-Help (ETH) 

 

The ETH frame is used for selecting the best relay in a 

distributed and lightweight manner, which is sent by the 

winning relay to inform the source, destination and lost 

relays. In this paper, the best relay is defined as the relay 

that has the maximum residual energy and requires the 

minimum transmitting power among the capable relay 

Candidates. 
 

 Interference-Indicator (II) 

 

The II frame is utilized to reconfirm the interference range 

of allocated transmitting power at the winning relay, in 

order to enhance the spatial reuse. Among all the frames, 

RTS, CTS, ETH and ACK are transmitted by fixed 

power. And the transmitting power for the II frame and 

data packet is dynamically allocated. We denote the time 

durations for the transmission of RTS, CTS, ETH, ACK 

and II frames by TRTS, TCTS, TETH, TACK and TII, 

respectively. 

 

The frame exchanging process of CMAC is shown in Fig. 

3 Similar to the IEEE 802.11 DCF protocol, the RTS/ 

CTS handshake is used to reserve the channel at first. As 

we know, the cooperative transmission is not necessary in 

the case that the transmitting power is small 

 

 
because the additional overhead for coordinating the 

relaying overtakes the energy saving from diversity gain. 

 

IV. DETAIL & SUPPLIMENT OF CMAC 

 

In this section, we elaborate the detail and the supplement 

of the proposed CMAC. Specifically, we address the 

utility-based best relay selection strategy, and the NAV 

(network allocation vector) setting in the following 

subsections. 
 
4.1 Utility-based Best Relay Selection 

 
Selecting the best relay distributed and efficiently affects 

the performance of the CMAC protocol significantly. The 

existing relay selection schemes that incorporated into the 

CMAC protocols, largely depend on the instantaneous 

channel condition, which based on the assumption that the 

channel condition is invariant during one transmit session. 

For MANETS that deployed in heavily built-up urban 

environments or heavy traffic environments, this 

assumption is hard to guarantee. This implies that the 

“best” selected relay terminal according to channel 

condition during the route construction or handshaking 

period may not be the best one in the actual data 

transmission period. Selecting the best relay terminal 

based on the instantaneous location instead of 

instantaneous channel condition may be more reasonable 

for MANETs. In this paper, we propose a distributed 

energy-aware location-based best relay selection strategy 

which is incorporated into the control frame exchanging 

period in CMAC. The location information of individual 

wireless devices can be obtained through GPS or other 

localization algorithms. The required location information 

of source and destination is carried by RTS and CTS 

frames. Thus no additional communication overheads are 

involved. CMAC chooses the best relay based on a utility-

based back off, which depends on the required 

transmitting power to meet certain outage probability 

(related to individual location) and the residual energy of 

individual terminals. It is carried out in a distributed, 

lightweight and energy-efficient fashion, in which the 

back off of the relay that has the minimum utility value 

expires first. We define the Back off Utility function for 

relay r as 

 

      BUr = τ min (E/Er, δ) × P
C

r/P
D

s/2 

 

where Er is the current residual energy of relay r, P
C

r is 

the transmitting power at relay r in cooperative mode, and 

P
D

s is the transmitting power at source s in direct mode 

(both obtained through the equations in Section 2). The 

parameters in Eqn. (2) include the energy consumption 

threshold δ,the constant unit time τ, and the initial energy 

E. Intuitively, the terminal with high residual energy and 

low transmitting power has a comparatively short back off 

time.  

 
Different from the existing best relay selection schemes, 

the proposed strategy utilizes the location information and 

takes the residual energy into considerations. Besides, it is 

completely distributed and every terminal makes the 

decision independently. Using the proposed relay 

selection strategy, the energy consumption rate among the 
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terminals can be balanced, and the total energy 

consumption can be reduced. 

4.2 Special Reuse Enhancement 

Comparing with the simple NAV setting in DCF, the 

setting in CMAC needs to be considerably modified. 

 

 

                

Fig. 5 NAV setting for CMAC 

 

The presence of relays will enlarge the interference ranges 

and the dynamic transmitting power makes the 

interference ranges vary during one transmit session. 

Impropriate NAV setting induces energy waste and 

collisions. Specifically, setting the NAV duration too 

short will wake up the terminal too soon, which results in 

energy waste due to medium sensing. On the other hand, 

setting it too long will reduce 

 

The spatial efficiency which results to the performance 

degradation in terms of throughput and delay. Thus, 

effective NAV setting is necessary and critical. 

Unfortunately, most of the previous works does not 

address the NAV setting issue in CC [9], not to mention 

the one with varying transmitting power. In this paper, we 

divide the transmission ranges for the source, destination 

and relay to five different regions (Fig. 4). Since different 

transmitting power lead to different transmission ranges, 

there exist two ranges for the relay. As shown in Fig. 1, 

the solid circle denotes the transmission range for fixed 

transmitting power (with radius r1), and the dashed circle 

denotes the transmission range for the allocated 

transmitting power (with radius r2). Notice that it is not 

necessary to consider the transmission range with 

allocated transmitting power at the source, since all the 

terminals lie inside the solid circle of the source will 

interfere with the ACK. Thus, they must defer accessing 

the medium until the very end of the whole session. In the 

following, we address the specific NAV setting for our 

CMAC from the perspective of different regions by Fig.5.  

 

Region 1: (The terminals that can receive both the RTS 

and CTS) the terminals in this region are the relay 

candidates. According to our CMAC, they contend for the 

winning relay after the RTS/CTS exchange. Upon 

receiving the ETH, all the lost relays should keep silence 

until the whole transmit session is finished. Notice that for 

the sake of the relay selection, the terminals cannot set 

their NAVs as soon as they receive the RTS as in the 

IEEE 802.11 DCF. All the neighboring terminals have to 

wait until the end of the CTS and then make their 

decisions. Thus, the NAV duration in region 1 is TII + 

TACK + 16(L + Lh)/2R + 4S IFS.  

Region 2: (The terminals that can receive the RTS but not 

the CTS) those terminals set their NAV durations until the 

end of the ACK, which is Tmax Backo f f + TETH + TII + 

TACK + 16(L +Lh)/2R + 5S IFS.  

Region 3: (The terminals that can receive the CTS but not 

the RTS) the same as the terminals in region 2, they set 

their NAV until the end of the ACK.  

Region 4: (The terminals that can receive the II) as we 

mentioned before, according to different transmitting 

power, there exist two transmission ranges at the relay. 

One is the transmission range for the ETH message with 

fixed transmitting power (large solid circle with radius r1 

in Fig. 4), the other is the transmission range for the II 

message and data with allocated transmitting power 

(small dashed circle with radius r2 in Fig. 4). The 

terminals in region 4 fall inside the small transmission 

range at the relay, they should defer the medium access 

until the end of the data transmissions (two phases). 

Recall that in 802.11 DCF, the nodes outside the 

transmission ranges of source and destination do not set 

NAV, they use physical carrier sensing to avoid the 

possible collision. Thus, same as the setting in 802.11 

DCF, the NAV duration for nodes in region 4 ends before 

the ACK frame. The NAV duration for them is 16(L + 

Lh)/2R + 2S IFS.  

Region 5: (The terminals that can receive the ETH but not 

the II) the terminals in this region fall inside the large 

transmission range at the relay but outside the small one. 

Those terminals have a relatively short NAV duration 

comparing to the terminals in region 4, which is only 8(L 

+ Lh)/2R.Since when the source finishes its data 

transmission, the terminals in region 5 and the relay may 

not interfere with each other. By utilizing II frame, the 

nodes in this region may initiate their transmission in 

advance given they are outside the interference range of 

the destination 

 

V. PERFORMANCE EVALUATIONS 

 

In this section, we evaluate CMAC via extensive 

simulations comparing with IEEE 802.11 DCF and Coop-

MAC [7]. Since the purpose of our scheme is to prolong 

the network lifetime and increasing the energy efficiency, 

the evaluation metrics in this paper are the transmitting 

power, total energy consumption, network lifetime, 

aggregated throughput and average delay. The 

transmitting power denotes the power consumed at 

transmit amplifier (without the power consumed at 

transmit circuitry). The total energy consumption is the 
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summation of the transmitting (including both transmit 

amplifier and circuitry) and receiving energy cost at the 

source, destination and relay. The lifetime is defined as 

the duration from the network initialization to the time 

that the first terminal runs out of power. To validate the 

performance improvements in CMAC, we utilize both the 

single-hop scenario and the multi-hop multi-connection 

scenario. The simulation is carried out in QualNet 

network simulator [07]. The initial energy of all 
 

TABLE 1 
Simulation parameters 

 

RTS 160 bits Noise power −60 dBm 

CTS 144 bits Fixed 

transmit 

power 

 10  dBm 

ACK 112 bits Data rate  1  Mbps 

ETH 192 bits Path loss 

exponent α 

 3 

II 80 bits Initial 

energy E  

 1 J 

PHY 

header 

192 bits Energy 

threshold δ 

 10 

MAC 

header 

272 bits Power 

threshold 

Ap 

 0  dBm 

 

the terminals are set to 1 J. The propagation channel of 

two ray path loss model is adopted. Constant data rate 

with 1 Mbps is used in CMAC and DCF, while adapted 

data rates with 1, 2, 5.5 Mbps are used in CoopMAC. The 

fixed transmitting power used for control frames is set to 

10 dBm and, the fixed transmitting power used for data 

frame in Coop MAC is set to 15 dBm due to the high data 

rate (the transmitting power for the data frames in CMAC 

and DCF is dynamically allocated). The simulation 

settings and parameters are listed in Table I. 

 

5.1 Single-Hop Scenarios 

An illustration of the single-hop scenario. We first 

compare our CMAC with the IEEE 802.11 DCF in a 

single-hop scenario that only consists of three terminals 

(one source, one destination and one relay), to show the 

differences between cooperative and non-cooperative 

communication on energy consumption. As shown in Fig 

6, the distance between source and destination changes 

from 5 m to 30 m, and angles ∠SDR and ∠DS R keep at 

arcos (2/3). 

 

 
 

Fig.6 An illustration of the single-hop scenario. 

5.2 Multi-Hop Multi Connection Scenerios 

 
Next, we illustrate the performance of CMAC in a 

realistic multi-hop multi-connection scenario along with 

IEEE 802.11 DCF and Coop MAC. This complex 

scenario takes the interference and collision caused by 

different connections into account. As shown in Fig. 7, 

terminals are randomly placed in a square area of 200 × 

200m2. 

 
Fig. 7 A snapshot of the multi-hop network. 

 
The dashed lines indicate that all the terminals belong to 

the same subnet. The 5 solid lines indicate that 5 Constant 

Bit Rate (CBR) connections, in which sources (nodes 1, 

11, 21, 31, 41) transmit UDP-based traffic at 1 packet per 

100 milliseconds to the destinations (nodes 20, 30, 40, 50, 

10) through multi-hop. The data payload length is set to 

1024 bytes (unless stated otherwise). AODV routing 

protocol is used to establish the routing paths, which is 

widely used in MANETs. Other routing protocols as DSR 

or energy aware routing protocol can also be used, the 

performance of the proposed MAC layer scheme is 

independent of network layer schemes. 

We vary the number of terminals in the area from 20 to 60 

while keeping the number of CBR to 5. In Fig.8, we 

compare the network lifetime of CMAC with IEEE 

802.11 DCF and Coop MAC in a static network. It is clear 

that our CMAC always outperforms DCF and Coop MAC 

in all cases. Coop MAC [7] is designed to increasing the 

throughput, in which fixed transmitting power and 

adapted data rates are utilized. It is reasonable that the 

network lifetime of Coop MAC is the shortest, due to the 

lacking of power control and the additional control 

overhead for cooperative communication. 

 
Fig.8 Network lifetime versus the node density in a static environment 

(with 95% confidence interval). 
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The performance gain of CMAC over DCF and Coop 

MAC raises as the number of terminals increases. The 

reason can be explained from the following two aspects. 

First, if the node density is low, some terminals have to 

play the role as the source and cooperative relay 

alternately. This additional relay energy cost is expected 

to impact the performance negatively. The growing 

availability of relay candidates results in balanced energy 

consumption. To be more specific, if the node density is 

high enough, the terminals having their own data to send 

or serving as routing relay are rarely selected as the 

cooperative relay for other connections. Because their 

residual energy is lower than the others. Second, the 

higher the node density is, the higher the probability that 

relay candidates are located in the ideal positions for the 

existing source-destination pairs. Thus, high node density 

leads to a transmitting power reduction for both source 

and relay by our optimal power allocation scheme. To be 

specific, at least 2.2 and 3.9 times lifetime improvements 

for case P_/P = 0.5, and 1.4 and 2.4 times lifetime 

Improvements for cases P_/P = 2, can be obtained by 

CMAC over DCF and Coop MAC, respectively. 

 

VI. CONCULSION 

In this paper, we have proposed a novel distributed energy 

adaptive location-based cooperative MAC protocol for 

MANETs. By introducing CMAC, both energy advantage 

and location advantage can be exploited thus the network 

lifetime is extended significantly. We have also proposed 

an effective relay selection strategy to choose the best 

relay terminal and a cross-layer optimal power allocation 

scheme to set the transmitting power. Moreover, we have 

enhanced the spatial reuse to minimize the interference 

among different connections by using novel NAV 

settings. 

We have demonstrated that CMAC can significantly 

prolong the network lifetime comparing with the IEEE 

802.11 DCF and Coop MAC, at relatively low throughput 

and delay degradation cost. As a future work, we will 

investigate our CMAC for larger scale network size and 

with high mobility. We will also consider to develop an 

effective cross-layer cooperative diversity-aware routing 

algorithm together with our CMAC to conserve energy 

while minimizing the throughput and delay degradation 

cost. 
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Abstract-- In today’s era wireless communication systems are 

one of the most essential part of this digitized world and 

evolution of CDMA system has made it more convenient and 

secure to communicate the information within the system. 

This paper summarizes all the clusters of specific analysis 

techniques with different constraints and conditions to 

evaluate the performance of CDMA system. The major 

emphasis of this paper lies on the reasons behind the 

problems and their remedy technologies to find out the most 

efficient technique for a noise and distortion free 

communication system suitable for today’s environment. 

Keywords-- CDMA, Cross-talk, Multipath fading, Clusters. 

I. INTRODUCTION 

ode Division Multiple Access (CDMA) inherently 

leverages the principle of spread spectrum that has 

intrinsic abilities to combat against multipath interference, 

increases system capacity and improves quality of service. 

A distinctive issue present in wireless communication as 

compared to wired communication is multipath fading. In 

urban areas congested with large number of buildings, 

vehicles, obstacles etc results in reflection, refraction, 

deflection and scattering of transmitted radio signal which 

in-turn results in multiple copies of signal reaching at the 

receiver giving rise to multipath fading. The mobility of 

users (receiver) with respect to transmitter and time 

varying channel composed of moving obstacles make the 

problem of multipath inevitable. Much work has been 

reported till now on the calculation of user average BER 

for Direct Sequence Code Division Multiple Access (DS-

CDMA) system under different types of fading channels. 

Various techniques have been used to improve and 

analyze BER performance of CDMA system. In this paper 

review of such techniques has been done by categorizing 

them based on their line of approach while mentioning 

advantages, disadvantages and limitations with reasons 

for each of them.    

II. SCOPE OF THE STUDY 

This paper presents a new approach to inculcate all the 

benefits and disadvantages of analysis techniques used for 

evaluating Bit Error Rate or Error Probabilities for 

various kind of CDMA System. For the purpose of this 

paper we have limited to four categories which are most 

widely used techniques for the evaluation i.e. Standard 

Gaussian Approximation (SGA), Coding Techniques 

(Walsh, Gold, Trellis, and Orthogonal etc.), Modeling and 

Simulation Techniques (For Different System Model) and 

Miscellaneous Techniques. 

III. TECHNICAL EVALUATION METHODS 

I. Standard Gaussian Approximations (SGA): 

It is computationally difficult to calculate the exact BER 

of the CDMA System so, the emphasis lies on 

approximations. One of the most widely used techniques 

is Standard Gaussian Approximation (SGA) for 

evaluating BER based on approximation. In SGA it is 

assumed that the Multiple Access Interference (MAI) has 

a Gaussian distribution. SGA is based on central limit 

theorem which states that, for given certain conditions, 

the arithmetic mean of a sufficiently large number of 

iterations of independent random variables, each with a 

well-defined expected value and well-defined variance, 

will be approximately Gaussian distributed. 

As in SGA Multiple Access Interference (MAI) is 

Gaussian distributed so it is assumed to be equally 

distributed and independent of each other as well. The 

individual signals transmitted by transmitter are received 

by matched filter. The authors S.Mahmoud and O’Shea 

[23] have used SGA technique for calculation of BER in 

DS-CDMA system under Rayleigh fading channel. 

Parameters used for analysis are number of interfering 

cells and processing gain. Authors designed a system 

model for transmitted signal, channel and received signal. 

For transmitted signal, they consider the reverse link 

(mobiles to base station) of a Mc number of cells DS-

CDMA system that supports K active users. They assume 

that K active users are transmitting. Each of them 

transmits a signal which consists of binary data and 

pseudorandom sequence. They also assumed that the 

desired user is at K= 0 and all other users contribute to 

MAI. 

The channel is defined between the K
th

 user and the base 

station is a frequency selective multipath Rayleigh fading 

channel. Its impulse response is defined by taking in 

account to phase of the multipath component and the path 

delay. At the receiver end the authors uses a conventional 

single user matched filter (correlation receiver) to detect 

the desired user signal. Each cell is equipped with a 

conventional correlation receiver and the received power 

of the desired signal is normalized to 1. From the 

simulation results the authors concluded that SGA results 

in better estimation of BER when number of interfering 

users became large. This is because with increased 

number of interfering users the resultant accumulated 

signal becomes stronger which allows easy calculations. 

Holtzman [22] used an improved version of SGA i.e. 

Accurate Gaussian Approximation (AGA) which is again 

based on central limit theorem. AGA technique is based 

on delay of interfering signals. AGA requires certain prior 

MAI distributional analysis so that the information 

regarding delay of all interfering signals will be known. 

Delay between the multiple signals plays an important 

C 
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role to evaluate the BER.  

At the receiver end the combine signal of entire users is 

multiplied by a synchronized spreading sequence of the 

transmitted signal. of the original signature sequence. 

Finally simulations results show very good accuracy for 

probability of error greater than 10
-5

. Cheng & Stark [21] 

combined encoding technique with SGA to evaluate the 

BER for DS-CDMA system suffering from MAI under a 

fading environment. They considered coded modulation a 

conventional 64-ary Orthogonal (M64) Code, the Trellis 

Coded Nordstrom Robinson (TCNR) and the Trellis 

Coded Reed-Muller (TCRM) Code. Each of these is 

concatenated with (63, K) Reed Solomon (RS) outer code. 

Reed Solomon codes are non-cyclic error correcting codes 

used to detect and correct multiple random symbols 

errors. The analysis is considered with frequency hopped 

spectrum with one modulation symbol transmitted per 

slot. The key assumption they considered is that different 

code symbols experience independent channel statistics. If 

a frequency-hopped system has more than one modulation 

symbol transmitted over the time interval in which carrier 

frequency is constant then some interleaving is required in 

addition to hopping.  

They also discussed about the basics of Orthogonal 

Codes, TCNR & TCRM Codes. They defined the 

transmitted and received signal for M64 Orthogonal Code 

of length N where N=64n and replace the orthogonal 

codes by biorthogonal ones i.e. for M64 it is B128.  

Biorthogonal codes are the set of complementary set of 

words orthogonal to each other and also w.r.t. each code 

word in original set. Biorthogonal codes increases the data 

rate by 1 bit. Nordstrom- Robinson codes are also 

generated by using a biorthogonal code of 256 code words 

by adding selected cosets of the biorthogonal code to the 

original code with minimum distance of 6. The 256 code 

words are divided in 8 cosets, each of 32 biorthogonal 

code words. They combine these 8 cosets with a 4 state 

trellis to form a Trellis Coded Nordstrom-Robinson 

(TCNR) Code. Trellis Codes are a basically convolutional 

code which allows highly efficient transmission of 

information over-band limited channels. The Trellis 

Coded Reed-Muller (TCRM) codes are also generated by 

combining 16 cosets of biorthogonal codes with 16 states 

Trellis. 

Finally they concluded that for B128, TCNR & TCRM 

code the data rate is 7/N instead of 6/N i.e. increase in 

data rate at the expense of additional circuitry needed for 

carrier phase synchronization. Due to increase in data rate 

there is significant improvement in BER as well. Jong and 

E.Stark [5] analyzed the performance of convolutionally 

coded multicarrier spread spectrum under AWGN & 

multipath fading. They evaluate BER and ACPR 

(Adjacent Channel Power Ratio). ACPR is the ratio of 

out-band signal power to in-band signal power. The 

transmitter model (for q users) has the convolutionally 

encoded information sequence that is interleaved and 

converted to M parallel streams form a serial stream. 

Xiang Liu & Hanjo [13] used SGA technique for exact 

BER analysis. They consider different fading channels 

Rayleigh, Rician, Hoyt and Nakagami-m channels for the 

analysis. Short codes have good cross-correlation 

properties. It is also used for synchronization in forward 

link and reverse link. The transmitted signal passes 

through different fading channels and output signal is 

received at coherent receiver. For each fading channel 

BER is evaluated by using simulation technique with 

SGA. BER performance versus the number of users in 

context of Rician fading channel, shows that SGA slightly 

over-estimates the average BER, when Rician factor K=0 

(i.e. Rayleigh channel) and under-estimates when K 

increases to 9. For Hoyt fading channel the SGA over-

estimates average BER when limited numbers of 

interferers are there and for Nakagami-m fading channels, 

SGA slightly over-estimates the average BER when the 

Nakagami-m fading parameter is low & marginally under-

estimates the average BER, when the Nakagami-m fading 

parameter is high. 

Pravindra Kumar, Kanuajia & Gangadharappa [9] 

evaluate the BER performance of Rake Receiver in 

reverse link (mobile to base station) over a frequency 

selective multipath Rayleigh fading channel. They 

employed SGA technique with Convolutional Coding at 

transmitter and Viterbi Decoding at the receiver. They 

examined the BER performance of RAKE Receiver by 

varying number of users, spreading factor, RAKE fingers, 

Interfering Cells and the value of directivity of antenna 

base station. They use BPSK modulation for the analysis. 

They define the reverse link (transmitter model) for K 

active users with Mc number of interfering cells. They 

assume that the desired user is K=0 and all other 

contributes to MAI. They also assume that the channel 

hk(t) is multipath Rayleigh frequency selective channel. 

At the receiver end RAKE receiver is used which works 

on the principle of multipath diversity i.e. it process 

several multipath component and the correlator outputs 

are combined to achieve improved communication 

reliability and performance. 

The authors also discussed about how directive antennas 

can improve the system performance. Omni directional 

Receiver Antenna will detect signal from all users in the 

system and thus will receive the greatest amount of noise. 

The sectored antenna will divide the received noise in to a 

smaller value and will increase the number of users in 

CDMA system. Adaptive Antenna provides a spot beam 

for each user and base station tracks each user in the cell 

as it moves. It provides a high gain in the system. Finally 

they concluded that BER performance of RAKE Receiver 

will degrade, if there is increase in the number of users. 

Cheng and Beaulieu [16] estimate the accurate BER for 

DS-CDMA system over Rayleigh fading environment. 

The authors introduce a new analytical approach which is 

a closed form expression. The overall error rate can be 

expressed by a single integral instead of individual 

signals. The authors compare the analytical approach with 

three approximations techniques i.e. Standard Gaussian 

Approximation (SGA), Improved Gaussian 

Approximation (IGA) and Simplified Improved Gaussian 

Approximation (SIGA).  In Standard Gaussian 
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Approximation (SGA) a Central Limit Theorem (CLT) is 

employed to approximate the sum of the multiple-access 

interference (MAI) signals as an additive white Gaussian 

process additional to the background Gaussian noise. The 

average variance of the MAI over all possible operating 

conditions is used to compute the signal to noise ratio at 

the filter (correlator) output. Improved Gaussian 

Approximation (IGA) is also CLT based technique which 

requires numerical integration and multiple numerical 

convolutions. IGA is more accurate than SGA. Simplified 

Improved Gaussian Approximation (SIGA) is also CLT 

based technique neither requires the knowledge of 

variance distribution nor numerical integration & 

convolution to achieve BER estimation. 

The transmitted signal is defined for K active users 

transmitted over Rayleigh fading channel and decoded by 

using a matched filter. For BER analysis above defined 

analytical and approximation techniques are used. The 

simulation results shows that closed form expression is 

more accurate with less computational complexity as 

compare to CLT based approximations. From above 

discussion we can understand that SGA is easy to use 

because of its computational simplicity. SGA easily 

adapts with different types of parameter for evaluation 

like BER,  

IV. MODELING & SIMULATIONS TECHNIQUES 

There are various simulation tools/techniques used for 

analysis in the different system model like MATLAB, 

Xilinx, Antenna Software, FPGA based hardware or 

software kit etc. The simulation techniques are more easy 

and feasible way to do the analysis of the particular 

system as compare to hardware analysis method or 

numerical methodologies because in programming any of 

the features can be added or removed easily but in 

hardware implementation it is not possible once a system 

is developed and in numerical analysis as well there is a 

fixed pattern to solve a particular problem which can’t be 

changed or manipulated. There are some reviews are 

mentioned below in which authors uses different 

modeling & simulations techniques.    

The authors define Bit Error Rate (BER) or Probability of 

Error (POE) as a performance measurement that specifies 

the number of bit corrupted or destroy as they are 

transmitted from its source to its destination. Several 

factors that affect BER include bandwidth, SNR, 

transmission speed, transmission medium. SNR, signal-

to-noise density ratio (Eb is the energy per bit and No is 

the noise density) is a measure of the amount of good 

signal divided by the amount of noise being received. 

They have also shown the constellation diagram of 

16PSK & 16QAM which tells that how different the 

modulation waveform are, and how well a receiver can 

differentiate between all possible symbols when random 

noise is present. They define AWGN (Additive White 

Gaussian Noise) is said to be Additive because the 

received signal is equal to the transmitted signal plus 

noise. It is White because it has a constant power spectral 

density. It is Gaussian because its probability density 

function can be accurately modeled to behave like 

Gaussian distribution. Small scale fading is known as 

Rayleigh fading since the fluctuation of the signal 

envelope is Rayleigh distributed when there is no 

predominant line of sight between the transmitter and the 

receiver.  

In case of performance of MPSK & MQAM for an 

AWGN channel for N=1000 samples and M= 4, 8, 16, 32 

& 64. BER reduces monotonically with increase in Eb/No. 

BER is measured by the distance between two nearest 

points in the signal space diagram (constellation diagram) 

as the distance between two points decreases the 

probability of error increases. Hence distance should be as 

large as possible. So, probability of BER increases as M 

increases. The results shows that there is no significant 

change in BER when M>16, so, instead of increasing the 

complexity of system by higher order technique (i.e. 32or 

64). It is recommended to use modulation with M<16. 

Performance of MPSK & MQAM for Rayleigh & AWGN 

channel for N=1000 samples, Doppler Shift = 100 Hz. In 

a AWGN channel, for larger values of Eb/No, the error 

probability decreases exponentially with respect to 

Eb/Nowhile in a Rayleigh fading channel the probability of 

error decreases linearly w.r.t Eb/No. The smaller the value 

of BER required, the worse is the performance 

degradation. Thus the power required to maintain a 

particular BER, for small values, is much higher in fading 

channel. Simulations results shows that 8PSK requires 

1dB SNR to maintain 10
-1

 bit error rate in AWGN fading 

while QAM requires 4dB SNR to maintain the same error 

in Rayleigh fading. 

They describe the system model as at transmitter part, the 

data is generated from a random source, consists of series 

of ones and zeroes. Then the BPSK and QPSK 

modulation techniques are used to map the bits into 

symbols. Then the signal is encoded by STBC technique 

and transmits over different channels like AWGN, 

Rayleigh & Rician. Finally the signal received by each 

receiver antenna is a linear superposition of the 

transmitted signal. Masud & Rahman [10] analyze the 

BER performance of modulation techniques of wideband 

CDMA. They considered QPSK & M-ary QAM 

modulation schemes in W-CMA system when system is 

subjected to AWGN & Rayleigh channel. The authors 

give a brief introduction about QPSK & QAM modulation 

techniques. QPSK is an example of M-ary PSK 

modulation technique (M=4) where it transmits 

2bits/symbol. The phase carrier takes on one of four 

equally spaced values, such as 0, Л/2, Л and 3Л/2 where 

each value of phase corresponds to a unique pair of 

message bits. QAM is a modulation technique where its 

amplitude varies with phase. QAM signaling can be 

viewed as the combination of Amplitude Shift Keying 

(ASK) as well as Phase Shift Keying (PSK). 

The authors assumed the user data rate as Bernoulli 

distributed in the transmitter model. Each user data is then 

multiplied with a different PN code produced by PN 

generator using XOR operator. Then the signal is 

modulated with the help of QPSK and 16 QAM. At the 
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receiver, the signal is demodulated before the user data is 

separated from PN code by XOR logical operator. 

Throughout the work they assume the bit rate of 384Kbps 

for the signal generator. The simulation results shows that 

in AWGN & Rayleigh channel QPSK modulation 

technique has a better performance compared to that of 

16-QAM. At the transmitter, each user’s modulated signal 

is spread by a pre-assigned spreading code. The frequency 

domain spread signal is interleaved and then converted 

into time domain by IFFT. At the receiver, after removing 

the cyclic prefix, the time domain signal is converted into 

frequency domain by FFT and a frequency domain 

MMSE (Minimum Mean Square Error) equalizer is 

implemented to recover the orthogonality of the spreading 

codes. Then the equalized signal is despread directly to 

obtain the desired user’s signal. All results are calculated 

for 10
3
 bits of transmission, the length of spreading code 

is same as number of sub-carriers and the SNR varies 

from 0 to 20 db. For the Rayleigh channel four paths are 

considered, the delay for each path is taken as multiple of 

λ/2. Simulation results show that BER reduces for 

increase in sub-carriers as it decreases the effects of 

multipath fading (For single user, 4, 16 & 64 subcarriers 

are there and path gains are  P1=0.7, P2=0.3, P3=0.0 & P4= 

0.0). In case of single user and multiple users (2, 8 & 32 

users) for 4, 16 & 64 sub carriers and path gains P1=0.7, 

P2=0.1, P3=0.1 & P4= 0.1 BER response is almost same. 

Aun & Zhao analyze modulation techniques of W-CDMA 

in Multiple Rayleigh Fading Channels. The authors use an 

analytical model for evaluating the mean BER of two 

smart antenna receivers i.e. BPSK smart antenna receiver 

and OQPSK smart antenna receiver. The analysis is 

performed assuming Rayleigh and Rician fading 

multipath environment 

V .CONCLUSION 

Finally they concluded that SGA remains fairly accurate 

for most practical scenarios, although slightly over-

estimates the average BER when fading is severe while it 

under-estimates the average BER, when fading is low, 

especially when either low number of interferers are there 

or the SNR is high.They introduce MC-CDMA as DS-

CDMA system modulated by an OFDM carrier, the 

number of sub carriers depends upon the length of 

spreading code used with DS-CDMA. They also told that 

the major difference between MC-CDMA and OFDM is 

the subcarriers in MC-CDMA at any instant transmit the 

one symbol but in OFDM each subcarrier transmit 

separate symbol. They also compare MC-CDMA system 

with DS-CDMA system. DS-CDMA is a method to share 

spectrum among multiple users simultaneously.     
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Abstract-- Each year thousands of self-help groups are 

started.  Many people starting these groups turn toward 

social workers for assistance.  Better understanding of the 

satisfactions, frustrations, and tasks involved in starting 

groups would help social workers serve people starting 

groups.  The current study explores 45 founders of self-help 

groups to better understand the satisfactions, frustrations, 

and tasks involved.  Results show that founders are 

interested in helping others and find the relationships they 

develop rewarding. They struggle with the organizational 

aspects of starting a group. Insights regarding the 

development of self-help groups are provided, as well as how 

social workers can assist people starting self-help groups.  

 

 
I.    INTRODUCTION 

any professionals, particularly social workers, have 

supported the "self-help group movement". The 

ideas and principals of self-help groups are consistent 

with social work, including a strength-based approach, 

recognition of participants' experiences, and empowering 

others.  At the same time, they faced by social workers is 

the extent to which they should be involved in self-help 

groups and in particular how they can support people 

starting self-help groups. Finding ways to empower 

people starting self-help groups could be particular useful, 

as it would allow self-help groups to remain peer-run, but 

have the support that social workers can provide.  Better 

understanding of the development of self- help groups 

would be useful to social workers as they look for ways to 

assist people starting groups.  With this in mind, the 

current study focuses on the initial development of self-

help groups by examining:- 

 (a) The reasons self-help groups are started;  

 (b) The steps or tasks involved; and  

 (c) The sources of satisfaction and frustration.  

 

A. Initial Development of Self-Help Groups and 

Organizations  

 

The initial development of several national self-

help organizations has been well documented.  Alcoholics 

Anonymous (Katz, 1993) and the National Alliance for 

the Mentally Ill (Kurtz, 1997) are examples of well-

known self-help organizations.  These self-help 

organizations have thousands of local self-help group 

chapters.  They can advocate their concerns with 

legislatures and professionals, provide information on the 

most recent research and policy decisions, or in the case 

of Alcoholics Anonymous choose not to become 

politically or professionally affiliated, yet become the 

dominant model of "treatment."  Although accounts of 

these self-help organizations provide insight into the 

initial development of self-help groups, they are limited to 

highly successful organizations and do not represent the 

thousands of small, local, unaffiliated groups that focus 

exclusively on members' concerns. The initial 

development of self-help groups is critical to 

understanding them and how professionals can best be of 

assistance. 

 

B.   Reasons People Start Self-Help Groups  

It is generally thought that self-help groups are 

started because people believe they could be helpful to 

others who share their concern.  It is thought that once 

people reach a certain point with their own illness or 

problem, they are motivated to help others who may be in 

a similar circumstance.  Having a better understanding of 

the motivations for starting a group could be useful in 

creating opportunities, addressing expectations, and 

providing assistance.  Therefore, the first purpose of the 

current research is to examine why people start self-help 

groups. 

 

C.  Steps or Tasks in Starting Self-Help Groups  

The tasks involved in maintaining existing self-

help groups have been well documented.  Yet little 

research has examined the tasks involved in starting self-

help groups.  In the only study that has included a 

representative sample of groups, reported that new groups 

lacked shared leadership between members.  Better 

understanding of the tasks or steps involved in starting a 

self-help group would provide insight into the most useful 

roles for social workers.  A second purpose of the current 

research is to assess the tasks involved in starting a self-

help group and the issues surrounding those tasks.  

 

D.  Satisfactions & Frustrations in Starting Self-Help 

Groups  

Riesman and Carroll (1995) described the 

"helpers high" as the satisfaction from helping others 

often found in self-help groups.  Similarly, others have 

noted the sources of satisfaction among self-help group 

leaders included self-disclosure and helping others, while 

dissatisfactions included the inability to help, recruitment 

difficulties, and the lack of support from others. These 

sources of satisfaction and frustration can be important 

contributors to leadership burnout.  The final purpose of 

the present research expands upon previous studies by 

exploring the satisfactions and frustrations among people 

starting self-help groups. 

 

M 
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II.   METHOD 

A. Procedure  

As a Center for Community Support and 

Research at Wichita State University, the Self-Help 

Network is a statewide organization dedicated to 

supporting grassroots and community partnerships, which 

includes the operation of a statewide self-help group 

clearinghouse.  As part of these services, eighty-four 

people contacted the Self-Help Network over a 20-month 

period expressing interest in starting a group.  

 

During the initial contact, Self-Help Network 

staff collected basic information, such as the type of 

group, materials requested, and location. Three months 

after the initial contact, those who expressed interest in 

starting a group were asked to complete a 20- minute 

telephone survey.  Responses were voluntary and 

respondents could discontinue at any time.  Five calls 

were made at various times of the day and week with 

messages left when possible.  Individuals who were not 

contacted via telephone were sent a letter asking them to 

contact the Self-Help Network.  Of the 110 people 

interested in starting a group, 42 could not be reached.  Of 

the remaining 62 people, 45 were starting a group and 

completed surveys.  These individuals were regarded as 

"group founders." Of the 45 group founders interviewed, 

the two most common types of groups were for physical 

illnesses (21%) and parenting (21%).  Other types of 

concerns included addictions (12%), aging (12%), abuse 

(9%), and disability (9%).  Half of the group founders had 

prior experiences in self-help groups (51%).  Of those 

with prior experience, most had been a leader (58%).  

Most (63%) had been involved in one group, while others 

had been involved in two (25%) or three (12%).  The 

average time of prior involvement in a group was 48 

months, ranging from 14 to 120 months.  

 

B.  Instrument 

The survey instrument was an 18-item telephone 

survey.  A series of open-ended questions were designed 

to assess: (a) reasons for starting a group, (b) tasks 

involved, and (c) satisfactions and frustrations.  Example 

questions included, "What are the reasons for becoming 

involved with the group you are starting?"; "What steps 

have you taken toward getting the self-help group 

started?” and "What has been most satisfying to you in 

starting the group."  Other questions asked about prior 

experiences with self-help groups, including how they 

were involved; and the length of involvement.  

 

C.  Coding Group Founders' Responses 

The current research utilized an approach to 

qualitative data analysis.  The Self-Help Network research 

team coded participants' responses to open-ended 

questions.  Rather than imposing a predetermined coding 

structure on the data set, categories or themes were 

generated from the data.  Coding of participants' 

responses started with an examination of several 

respondents' answers to identify key concepts.  The rest of 

the responses were either coded according to the 

previously developed codes or new codes were developed. 

The research team discussed the codes and disagreements 

to arrive at logical themes. 

 

III. RESULTS 

 

A.  Reasons People Start Self-Help Groups 

People often start self-help groups because they 

want to connect with others who share their concern.  

Nearly 40% of group founders indicated the reason they 

started a group was that they believed there was a need in 

the community.  

Participants recognized that self-help groups 

provided a type of support that other support systems (i.e., 

family members, clergy) could not.  A person starting a 

group for parents of children with Attention Deficit 

Disorder stated, "I feel there is a real need in our 

community for supporting parents, especially those with 

low incomes and those who don't have access to other 

resources."  Nearly 30% of respondents said they started a 

group because they thought sharing similar experiences 

would help others.  More than 25% of group founders 

stated they hoped the group would help them personally.  

 

B.  Steps Taken In Starting a Group  

Over 85% of group founders reported some type 

of organizational or programming efforts.  The most 

common was finding a meeting location (50%).  Founders 

contacted Temple, health departments, hospitals, and/or 

considered their home as an option.  Others (36%) tried to 

provide educational opportunities for the group by 

arranging speakers who could present new advances or 

treatments.  A handful of group founders tried to develop 

shared leadership (14%) by asking members to set-up the 

meeting room, provide refreshments, or other 

responsibilities.  

Many founders (73%) were also trying to recruit 

members.  Fifty percent outreached to the public through 

newspapers, notices, and TV and radio.  Some founders 

(25%) contacted people they specifically knew who 

shared the group's concern.  In these situations, founders 

wanted to personally invite individuals who they believed 

would be interested in a self-help group.  

More than 30% of respondents contacted 

professionals who they believed would refer clients or 

patients to the group.  As one person commented, "I've 

contacted a couple of people through the local hospital 

and the health department to find out who might be 

interested in attending the group.  They were really 

helpful and said they would let their clients know that a 

group is forming."  

 

C.  Satisfactions in Starting a Group  

Group founders enjoyed helping others and the 

relationships that developed between group members.  

The most frequently reported satisfaction of group 

founders (52%) was that the group helped other people.  

A person starting a smoking cessation group stated, 

"People have really been open and willing to share their 
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stories and lives.  People are learning from each other."  

Other respondents (32%) stated that one of their sources 

of satisfaction was that people in the community were 

interested in attending the group.  Respondents appeared 

to find satisfaction in that they had accurately perceived a 

need for the group in the community.  Nearly 25% of 

founders stated that one of their sources of satisfaction 

was working with others to start the group.  

D. Frustrations in Starting a Group  

As indicated group founders were not without 

their frustrations. Nearly 40% of group founders stated 

that organizational tasks were the most frustrating part of 

starting a group.  A person starting a parenting group 

commented, "The churches have not called back regarding 

whether they are available for a meeting place.  It has also 

been difficult to provide childcare for members."  

Organizational tasks, while not overly complex can be 

burden some for one individual starting a group.  

Founders' frustration with the organizational 

aspects of starting a group was fueled by feelings that they 

were not supported.  They were discouraged in their 

attempts to find others to help.  Nearly 30% of founders 

indicated they were frustrated by the lack of participation 

and involvement of others.  A person starting an anorexia 

group stated, "The low membership is frustrating.  We 

had several people come for one or two meetings, but they 

stopped coming."  Twenty-five percent of group founders 

stated they had difficulties regarding leadership.  A 

founder of a parenting group said, "It has been hard 

finding people who are willing to help.  I haven't been 

able to find a core group."  

 

IV.   DISCUSSION 

The current research is the first of its kind that 

examines a representative sample of people starting self-

help groups.  Findings indicate that people who start self-

help groups want to help others and find it rewarding 

when they are able to help.  On the other hand, starting a 

self-help group often involves organizational tasks, which 

can be unexpected and sometimes frustrating.  

Unfortunately, people starting self-help groups do not 

often develop shared leadership which could buffer their 

frustrations.  Based on these findings, social workers 

could help people starting self-help groups in several 

significant ways.  

A.  Forming a Core Group of Leaders  

One of the most important roles a social worker 

can play is to encourage the development of shared 

leadership in new groups. When someone expresses 

interest in starting a group, social workers might suggest 

finding others who would be interested in helping.  

Several people contributing to the development of a group 

creates shared responsibility and clarifies its purpose.  

One of the tenets of self-help groups is shared leadership 

which has also been found to predict successful groups. 

Perhaps most importantly, the organizational tasks of the 

group are no longer the responsibility of one individual, 

thus decreasing the potential for frustration and burn-out.  

 

B. Setting Realistic Expectations  

Group founders are motivated to start groups 

because they want to help others and believe that self-help 

groups provide the type of help that is needed.  Yet, 

starting a group also involves a number of organizational 

tasks. There is likely incongruence between founders' 

expectations for starting a group and reality.  Social 

workers are in a position to help founders recognize that 

starting a group involves both help giving and receiving, 

as well as organizational aspects.  In many cases, it takes 

up to a year for a group to form and have regular group 

meetings. Founders can find more productive ways to 

develop the group with realistic expectations.  

 

C.  Assisting with Organizational Tasks  

Several discussions prior to group meetings can 

be useful to clarify hopes, purpose, and format.  Social 

workers' skills match nicely with helping facilitate these 

meetings without becoming the group leader.  Regular 

discussions regarding the direction of the group can also 

be useful, as members have an opportunity to express 

their opinions about group topics, speakers, and structure.  

 

A second organizational task identified by 

founders was finding adequate meeting locations.  Social 

workers often are knowledgeable about accessible, cost-

free meeting locations.  With a limited amount of effort, 

social workers can suggest to founders a number of 

meeting locations, allowing them to decide which would 

fit their needs.  

 

D.  Connecting with Groups and the Local Community 

Social workers are very knowledgeable about 

community resources.  Self-help groups represent another 

resource for social workers' client and patients.  By 

maintaining information about self-help groups, social 

workers can help new groups by referring clients and 

patients.  

Newly developing groups often need to build 

strong, positive ties to the community.  Strong 

relationships with community organizations and 

professional gatekeepers can help newly developing 

groups receive much needed referrals.  Social workers are 

particularly well suited for helping group founders make 

these connections due to their knowledge of local social 

services, organizations, and professionals.  

 

V.  CONCLUSION 

The current research provides a number of 

insights into the development of self- help groups.  Self-

help group founders started groups because they wanted 

to help and be helped and found the interpersonal 

relationships with other group members rewarding. At the 

same time, starting a group involves a number of tasks, 

including recruitment, organizing group meetings, and 

outreach to professionals.  Founders find some of these 

tasks frustrating.  Findings also provide a number of 

opportunities for social workers to assist people starting 

groups without becoming overly depended upon.  If social 

workers capitalize on these opportunities, the outcome 
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may not be large, multi-chapter self-help organizations 

like Alcoholics Anonymous.  Rather the potential 

outcome will be hundreds, if not thousands of local self-

help groups with members who share their experiences 

and support one another.  
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Abstract--Guardian Traffic Systems road blockers, traffic 

spikes, access controls and CCTV are used to control access 

to or from airport parking and ground transportation, car 

rental agencies, car parks, parking garages and airport 

freight delivery. The Guardian product line is the most 

extensive, well-engineered and best built product for 

effective and economical controlled access. Guardian Traffic 

Systems' tire spike units are available in either surface 

mount or in-ground applications. Our tire spike units utilize 

a proprietary spring-loaded counter balance technology 

ensuring spikes return to their upright position. Our tire 

spikes systems are designed for reliability and low 

maintenance providing years of dependable service. 

Guardian Traffic access controls manage who can go where 

and when in designated areas. Access Control means 

management can control who has access to secured areas 

and at what time, while recording and storing the 

information. 

Key-Words: Guardian Traffic System, Traffic Spikes, Rental 

Agencies, Spring Loaded Counter. 

I.  TRAFFIC SPIKE SYSTEMS 

he COBRA and KING COBRA share many attributes 

as leaders in surface mount and in-ground traffic 

control, but also have their own unique benefits. Both 

offer nearly indestructible top plates handling extreme 

vehicle axle weight ratios. Our top down design allows for 

the easiest maintenance in the market, the curved spike 

teeth allow for smooth correct way traffic, while the fish 

hook bard rips tires when travelling against entry. The 

COBRA is designed especially for standard traffic flow 

(SUVs, trucks, vans, sports cars and passenger vehicles). 

The KING COBRA is extra heavy-duty designed for 

freight delivery with tractors and trailers and vehicle with 

heavy loads. 

II.  MOTORIZED TRAFFIC SPIKE SYSTEMS 

Guardian's ENFORCER and PROTECTOR motorized 

traffic spike systems provide reliable access traffic control 

by electro-mechanically moving the teeth up to an active 

or secured position, and then down to allow unrestricted 

passage to authorized vehicles. The self-contained 

modular system allows design flexibility combined with 

easy installation in manned or unmanned sites. The 

ENFORCER and PROTECTOR can be installed in new 

or existing facilities and is easily integrated with multiple 

access control options. The ENFORCER and 

PROTECTOR are ideal for airport parking facilities, such 

as rental car or other secured locations where a high level 

of access control is required. Guardian Traffic Systems 

offers an extensive line of access control products that 

work in harmony with the ENFORCER / PROTECTOR 

series or any traffic spike systems. 

III.  CONCEALED TRAFFIC SPIKE SYSTEMS 

Guardian Traffic Systems STINGRAY pedestrian-

friendly concealed traffic spike unit is engineered and 

designed with below-grade spikes that will puncture the 

tires of offending vehicles while providing above-grade, 

non-penetrating teeth. The below grade tooth stays 

submerged until activated by wrong-way traffic. Only 

then is the spiked tooth deployed, puncturing the tire of 

the offending vehicle. The SINGRAY is ideal for airport 

parking lots, parking garages, rental car agencies, and 

ground transportation where large amounts of pedestrian 

traffic exist. 

 

Fig.1: Spike System 

IV. AUTOMATIC VEHICLE IDENTIFICATION 

ACCESS CONTROL SYSTEMS 

Tran score’s Smart Pass 4 is a series of fully integrated, 

self-contained 915 MHz wireless radio frequency 

identification (RFID) readers that are specifically targeted 

at high-performance applications in parking, security 

access, electronic vehicle registration (EVR) and traffic 

management. For compatibility with existing security 

systems, Smart Pass 4 can read half-frame and full-frame 

ATA tags and Wigand formatted tags and identification 

cards. 

V.  RADIO RECEIVERS – ACCESS CONTROL 

SYSTEMS 

Lift Master Passport technology is an evolutionary step in 

the creation of a simpler, more effective method of 

managing the entrances within a gated community or 

commercial environment. Until now, property managers 

have had to manage transmitters for the main gate, 

transmitters for the private residences, and even 

transmitters for parking entrances. This is cumbersome 

and costly. With our Passport technology, residential and 

commercial property management is now simplified by an 

innovative single-transmitter solution. 

VI. CARD READERS 

Proximity Readers, compatible with the PXL-500P tiger 

Controller are a family of readers that give superior 

T 
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performance in slick, small, attractive packages. Designed 

to mount on a window, door frame or wall, gang box 

mount. 

VII.  SWITCHES 

MMTC switches allows for controlled access with its 

exterior surface mount. With the option of one or two 

button open/close secure access can be insured in a 

parking lot, parking garage, or employee only area. 

VIII.  COMMUNICATION DEVICES - ACCESS 

CONTROL SYSTEMS 

The LEF system can be designed to meet a wide variety 

of communication needs, depending on the type of facility 

and the communication requirements. Any combination of 

master, sub, and door stations can be intermixed up to the 

system's capacity. This is an ideal system for gate / entry, 

and many commercial / industrial applications. Where 

communication and access control is needed at remote 

locations, the LEF can serve as an electronic security 

guard, allowing access to authorized people only. 

 

 

Fig.2: Safety Measures 

IX.  SURFACE MOUNTED SPIKE SYSTEMS - 

DETAILS 

Many generic ways describe these types of traffic spike 

products. Tiger Teeth, Cobra, Cobra II. We can ship this 

product to military APO addresses in 1’ segments. Get the 

exact same product at 1/3 the length! For example, if you 

need 21 feet of coverage, order 21 APO-sized units. 

 

This product is time-tested and has been installed in truck 

stops with fully-loaded semi-trucks driving over it daily. 

Manufactured with hot rolled steel for lasting durability. 

In one location, a vehicle counter has proven that over 

300,000 vehicles have driven over this traffic spike 

system without leading to failure. This traffic spike 

system is a ‘Best Buy’. 

 

X.  HIGH SECURITY TIRE SPIKE BARRIER 

The Road Spike is manufactured and designed to handle 

high volume of traffic and has a full duty cycle. The 

weighted spikes tend to break if vehicles drive too fast 

over the spikes maximum 5 mph speed recommended. 

The weighted spikes can freeze up if water fills the cavity 

and freezes. The biggest thing about snow is the snow 

plows. 

 

XI.   HIGH SECURITY TIRE SPIKE BARRIER 

The Road Spike is manufactured and designed to handle 

high volume of traffic and has a full duty cycle. The 

weighted spikes tend to break if vehicles drive too fast 

over the spikes maximum 5 mph speed recommended. 

The weighted spikes can freeze up if water fills the cavity 

and freezes. The biggest thing about snow is the snow 

ploys. 

 

These spikes are quite durable for a traffic spike. The 
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spring loaded road spikes are more durable than the 

weighted spikes.  If a plow goes over the spike, they tend 

to break off bolts. Plows need to be very careful around 

the spikes. 

Working warranties the spikes against workmanship, 

however, rarely are the spikes defective. Springs typically 

are not covered by the warranty. Choose the spring or 

weighted model according to the application for 

reliability. Choose the models with the lock-down feature 

for capability to lock the spikes in the down position to 

allow free entrance and exit. 

XII.  SPECIFICATION 

 Individual spring loaded spikes 

 Stainless steel springs 

 Weight spikes (no springs) version available 

 Lock-down version available 

 Flush in-ground unit 

 Painted bright red for easy visibility 

 Ideal to enforce one-way traffic 

 Traffic Light Project 

 Picture of our Traffic Light Project 

This Traffic Light Circuit can be used to control traffic on 

roads or in public places. In a Traffic light there are three 

different color bulbs which are Green, Yellow/Amber and 

Red. This project uses IC555 as astable Multivibrator for 

rapid squire wave. In this counter IC, for every pulse fed 

to input pin-14, the High level output keeps shifting from 

D1 to D9 in cyclic order. See Circuit Diagram below. 

XIII. TRAFFIC LIGHT CIRCUIT DIAGRAM 

 

At a time one output is higher (Positive) and other output 

pins of IC remains at low state. The capacitor and resistor 

on pin 15 of IC4017 are used to reset the counter to zero 

(Red light ON) at initial power up. 

XIV.  PART USED 

 IC = NE555 ( Timer IC) , IC CD4017 (Counter IC) 

 Diode = IN4007  6Pcs 

 POT = 470K 

 Resistance = 22K, 100K, 220 Ohms X 3Pcs 

 Capacitor = 0.1 Mfd, 1 Mfd, 10 Mfd. 

 9 Volt Battery with Snap Switch, Wire, Clamp, PCB 

 

The normal function of traffic lights requires 

sophisticated control and coordination to ensure that 

traffic moves as smoothly and safely as possible and that 

pedestrians are protected when they cross the roads. A 

variety of different control systems are used to accomplish 

this, ranging from simple clockwork mechanisms to 

sophisticated computerized control and coordination 

systems that self-adjust to minimize delay to people using 

the road. 

XV. TRAFFIC CONTROLLER SYSTEM 

A traffic signal is typically controlled by a controller 

inside a cabinet mounted on a concrete pad.[1] Some 

electro-mechanical controllers are still in use (New York 

City still had 4,800 as of 1998, though the number is 

lower now due to the prevalence of the signal controller 

boxes. However, modern traffic controllers are solid state. 

The cabinet typically contains a power panel, to distribute 

electrical power in the cabinet; a detector interface panel, 

to connect to loop detectors and other detectors; detector 

amplifiers; the controller itself; a conflict monitor unit; 

flash transfer relays; a police panel, to allow the police to 

disable the signal; and other components. 
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XVI. COMPUTERIZED TRAFFIC CONTROL BOX 

In the United States, controllers are standardized by the 

NEMA, which sets standards for connectors, operating 

limits, and intervals. The TS-1 standard was introduced in 

1976 for the first generation of solid-state controllers. 

Traffic controllers use the concept of phases, which are 

directions of movement grouped together. For instance, a 

simple intersection may have two phases: North/South, 

and East/West. A 4-way intersection with independent 

control for each direction and each left-turn will have 

eight phases. Controllers also use rings; each ring is an 

array of independent timing sequences. For example, with 

a dual-ring controller, opposing left-turn arrows may turn 

red independently, depending on the amount of traffic. 

Thus, a typical controller is an 8-phase, dual ring control. 

Solid state controllers are required to have an independent 

conflict monitor unit (CMU), which ensures fail-safe 

operation. The CMU monitors the outputs of the 

controller, and if a fault is detected, the CMU uses the 

flash transfer relays to put the intersection to FLASH, 

with all red lights flashing, rather than displaying a 

potentially hazardous combination of signals. The CMU is 

programmed with the allowable combinations of lights, 

and will detect if the controller gives conflicting 

directions a green signal, for instance. 

In the late 1990s, a national standardization effort known 

as the Advanced transportation controller (ATC) was 

undertaken in the United States by the Institute of 

Transportation Engineers.[3] The project attempts to 

create a single national standard for traffic light 

controllers. The standardization effort is part of the 

National Intelligent transportation system program funded 

by various highway bills, starting with ISTEA in 1991, 

followed by TEA-21, and subsequent bills. The 

controllers will communicate using National 

Transportation Communications for ITS Protocol 

(NTCIP), based on Internet Protocol, ISO/OSI, and 

ASN.1. 

Battery backup installed in a separate cabinet from the 

traffic controller cabinet on the top. Traffic lights must be 

instructed when to change phase and they are usually 

coordinated so that the phase changes occur in some 

relationship to other nearby signals or to the press of a 

pedestrian button or to the action of a timer or a number 

of other inputs. 

XVII.  BATTERY BACKUP 

In the areas that are prone to power interruptions, adding 

battery backups to the traffic controller systems can 

enhance the safety of the motorists and pedestrians. In the 

past, a larger capacity of uninterruptible power supply 

would be required to continue the full operations of the 

traffic signals using incandescent lights. The cost for such 

system would be prohibitive. After the newer generations 

of traffic signals that use LED lights which consume 85-

90% less energy, it is now possible to incorporate battery 

backups into the traffic light systems. The battery backups 

would be installed in the traffic controller cabinet or in 

their own cabinet adjacent to the controller. 

 

The battery backups can operate the controller in 

emergency mode with red light flashing or in fully 

functional mode. In 2004, California Energy Commission 

recommended to have local governments to convert their 

traffic lights to LEDs with battery backups. This would 

lower the energy consumption and enhance the safety at 

major intersections. The recommendation was for a 

system which provides fully functional traffic signals for 

two hours after the power outage. Then the signals will 

have flashing red lights for another two hours. 

XVIII.  FIXED TIME CONTROL 

 

Pedestrian traffic signal in Taiwan, featuring a "Walking 

green man" below a countdown display where the "Red 

Man" once stood. In traffic control, simple and old forms 

of signal controllers are what are known as electro-

mechanical signal controllers. Unlike computerized signal 

controllers, electro-mechanical signal controllers are 

mainly composed of movable parts (cams, dials, and 

shafts) that control signals that are wired to them 

correctly. Aside from movable parts, electrical relays are 
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also used. In general, electro-mechanical signal 

controllers use dial timers that have fixed, signalized 

intersection time plans. Cycle lengths of signalized 

intersections are determined by small gears that are 

located within dial timers. Cycle gears, as they are 

commonly known, range from 35 seconds to 120 seconds. 

If a cycle gear in a dial timer results in a failure, it can be 

replaced with another cycle gear that would be 

appropriate to use. Since a dial timer has only one 

signalized intersection time plan, it can control phases at a 

signalized intersection in only one way. Many old 

signalized intersections still use electro-mechanical signal 

controllers, and signals that are controlled by them are 

effective in one way grids where it is often possible to 

coordinate the signals to the posted speed limit. They are 

however disadvantageous when the signal timing of an 

intersection would benefit from being adapted to the 

dominant flows changing over the time of the day. 

XIX.  DYNAMIC CONTROL 

See also: Traffic signal pre-emption 

The controller uses input from detectors, which are 

sensors that inform the controller processor whether 

vehicles or other road users are present, to adjust signal 

timing and phasing within the limits set by the controller's 

programming. It can give more time to an intersection 

approach that is experiencing heavy traffic, or shorten or 

even skip a phase that has little or no traffic waiting for a 

green light. Detectors can be grouped into three classes: 

in-pavement detectors, non-intrusive detectors, and 

detection for non-motorized road users. 

XX.    IN-PAVEMENT DETECTORS 

Saw cut loop detectors for vehicle detection buried in the 

pavement at this intersection as seen by the rectangular 

shapes of loop detector sealant at the bottom part of this 

picture. These detectors are buried in or under the 

roadway. Inductive detector loops are the most common 

type. They are sensors buried in the road to detect the 

presence of traffic waiting at the light, and thus can 

reduce the time when a green signal is given to an empty 

road. A timer is frequently used as a default during times 

of very low traffic density and as a backup in case the 

sensors fail. The sensor loops typically work in the same 

fashion as metal detectors. Consequently small vehicles 

and bicycles or vehicles with low metal content may fail 

to be detected causing them to wait indefinitely unless 

there is also a default timer as part of the control system. 

XXI.   NON-INTRUSIVE DETECTORS 

It is sometimes more advantageous and cost effective to 

install over-roadway sensors than cutting the road and 

embedding inductive loops. These technologies include 

video image processors, sensors that use electromagnetic 

waves, or acoustic sensors to detect the presence of 

vehicles at the intersection waiting for right of way. These 

over-roadway sensors are more 649avourable than in-

roadway sensors because they are immune to the natural 

degradation associated with paved right-of-way, 

competitively priced to install in terms of monetary and 

labor cost and danger to installation personnel, and have 

the capacity to act as real-time traffic management 

devices. They also act as multi-lane detectors, and collect 

data types not available from in-roadway sensors. 

XXII.   NON-MOTORIZED USER DETECTION 

Non-motorized users are classified as pedestrians, 

bicyclists, and equestrians. Provisions for detecting these 

users include demand buttons and tuned detectors. Some 

traffic lights at pedestrian crossings, especially those away 

from junctions, include a button which must be pressed in 

order to activate the timing system. This is generally 

accompanied by a large display reading "wait", which 

lights up when the button is pressed; this turns off when 

the vehicular lights enter the "red" phase.[citation needed] 

In the United States, the pedestrian signals continue to 

display a steady red "hand" or "Don't Walk" signal when 

the button is pressed, turning to a white "man" or "Walk" 

signal at the end of the vehicular phase. Often, other 

displays, such as countdowns or the green & red 

pedestrian lights are included in this panel.[clarification 

needed] With the advent of computer-controlled traffic 

lights in many countries, activation buttons have become 

obsolete. In fact, most in New York City have been 

disconnected. Conversely, new installations of activation 

buttons increasingly provide for specific user groups, 

including audible buttons and signals for visually 

impaired users and so-called Pegasus crossing buttons for 

users on horseback. 

Standard signal detectors have a hard time detecting 

bicyclists, because of the low metal content of typical 

bicycles. If a bicyclist rides directly over the wires of a 

detector loop, it may detect the cyclist. However, it does 

not always work, and few cyclists know to do it. At 

locations where cyclists are common, a special detector 

loop tuned for cyclists may be used. A small bicycle 

symbol is often marked on the pavement to inform the 

cyclist where to stop in order to actuate the signal. Other 

places simply place an additional pedestrian button near 

the curb where a cyclist can reach it. 

XXIII.  COORDINATED CONTROL 

Attempts are often made to place traffic signals on a 

coordinated system so that drivers encounter long strings 

of green lights (the technical term is progression). The 

distinction between coordinated signals and synchronized 

signals is very important. Synchronized signals all change 

at the same time and are only used in special instances or 

in older systems. Coordinated (progressed) systems are 

controlled from a master controller and are set up so lights 

"cascade" (progress) in sequence so platoons of vehicles 

can proceed through a continuous series of green lights. A 

graphical representation of phase state on a two-axis plane 

of distance versus time clearly shows a "green band" that 

has been established based on signalized intersection 

spacing and expected vehicle speeds. In some countries 

(e.g. Germany, France and the Netherlands), this "green 

band" system is used to limit speeds in certain areas. 
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Lights are timed in such a way that motorists can drive 

through without stopping if their speed is lower than a 

given limit, mostly 50 km/h (30 mph) in urban areas. This 

system is known as "grunge Welled" in German, "vague 

vertex" in French, or "green golf" in Dutch (English: 

"green wave"). Such systems were commonly used in 

urban areas of the United States from the 1940s, but are 

less common today. In the UK, Slough in Berkshire had 

part of the A4 experimented on with this. Many US cities 

set the green wave on two-way streets to operate in the 

direction more heavily traveled, rather than trying to 

progress traffic in both directions. But the recent 

introduction of the flashing yellow arrow (see Traffic-

light signaling and operation) makes the lead-lag signal, 

an aid to progression, available with protected/permissive 

turns.  

In modern coordinated signal systems, it is possible for 

drivers to travel long distances without encountering a red 

light. This coordination is done easily only on one-way 

streets with fairly constant levels of traffic. Two-way 

streets are often arranged to correspond with rush hours to 

speed the heavier volume direction. Congestion can often 

throw off any coordination, however. On the other hand, 

some traffic signals are coordinated to prevent drivers 

from encountering a long string of green lights. This 

practice discourages high volumes of traffic by inducing 

delay yet preventing congestion. Speed is self-regulated in 

coordinated signal systems; drivers traveling too fast will 

arrive on a red indication and end up stopping, drivers 

traveling too slowly will not arrive at the next signal in 

time to utilize the green indication. In synchronized 

systems, however, drivers will often use excessive speed 

in order to "make" as many lights as possible. 

This traffic light in Khoper, Saudi Arabia is video camera-

actuated (just above the vertically-aligned lenses) and also 

shows the seconds remaining to change to the next state 

(in the leftmost horizontally-aligned lens). More recently 

even more sophisticated methods have been employed. 

Traffic lights are sometimes centrally controlled by 

monitors or by computers to allow them to be coordinated 

in real time to deal with changing traffic patterns. Video 

cameras, or sensors buried in the pavement can be used to 

monitor traffic patterns across a city. Non-coordinated 

sensors occasionally impede traffic by detecting a lull and 

turning red just as cars arrive from the previous light. The 

most high-end systems use dozens of sensors and cost 

hundreds of thousands of dollars per intersection, but can 

very finely control traffic levels. This relieves the need for 

other measures (like new roads) which are even more 

expensive. 

XXIV.   OTHER TYPES OF CONTROL 

A. Failures: If power is still available, a flashing amber 

light is used to warn of an intersection. Methods to 

distinguish the main road from the secondary road (and 

hence right of way) include using yield (give way) signs, 

stop signs or a flashing red light on the secondary road as 

well as written signage. In some countries including 

Australia, the road rules outline procedures such as giving 

way to the right. 

B. Part-time operation: Some traffic lights will not 

operate at night or when traffic is very light. Some may 

only operate at particular set times (e.g. during working 

hours of a major factory) or only during special events 

such as sports or exhibitions. When not operating, the 

same measures as with failures are used. Part-time 

operation has advantages and disadvantages. 

C. Railroad preemption: Traffic signals are activated to 

coincide with the approach of a train, often where the 

intersection is near a rail crossing. See also Railroad 

preemption 

D. Bus and Transport Priority: Traffic signals are 

activated to coincide with the arrival of a bus or tram 

along a bus way, bus lane or tramway. See also Bus 

priority 

E. Emergency Vehicles: Some lights outside of fire or 

rescue stations have no green, as they may turn only 

amber and then red when fire trucks, ambulances, or other 

emergency vehicles of the like are exiting the station en 

route to an emergency. 
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Abstract- Now-a-days we hear news about accidents on 

Highways very frequently. And in most of the cases main 

reason of accident is over speed. Although all highways do 

have signboards indicating maximum speed limit for the 

sake of driver’s safety, but still people does not obey highway 

speed limit. The project mentioned here is “Speed checker 

and over speed detector for Highways”. This project is 

designed and developed by taking into consideration the 

problem mentioned above. We have used two sensors in this 

project. These sensors detect the vehicle speed. Condition is 

that, the two sensors should be installed at a distance of 100 

meters apart from one another. Liquid Crystal Display 

(LCD display) is connected to this project. This display will 

show the vehicle speed. It will also intimate user if vehicle 

speed crossed the maximum speed limit or not. The project 

also has a Buzzer. Over speed condition is indicated by 

turning on the Buzzer. Many analysts and policy makers 

have argued that building more highways is an Ineffective 

response to congestion: specifically, that it is infeasible to 

add enough highways. Capacity in large urban areas to 

provide much relief. But this making of highways is just 

showing the path for accidents because of no speed limits in 

these highways. In order to overcome this problem we have 

designed equipment called as Speed checker for highways. 

The proposed system will check on rash driving by 

calculating the speed of a vehicle using the time taken to 

travel between the two set points at a fixed distance. A set 

point consists of a pair of sensors comprising of an IR 

transmitter and an IR receiver, each of which are installed 

on either sides of the road. The speed limit is set by the 

police who use the system depending upon the traffic at the 

very location. The time taken by the vehicle to travel from 

one set point to the other is calculated by control circuit. 

Based on that time it then calculates the speed and displays 

that on seven segment displays. Moreover if the vehicle 

crosses the speed limit, a buzzer sounds alerting the police. 

This concept can be extended in future by integrating a 

camera with the system which could capture the image of the 

number plate of the vehicle to sends that to the traffic 

authorities. 

Key Words- consideration, sensors, congestion, IR 

 

I.   THEORY 

A. Principle of Operation 

The system basically comprises two laser transmitter-

LDR sensor pairs, which are installed on the highway 100 

meters apart, with the transmitter and the LDR sensor 

of each pair on the opposite sides of the road. The 

installation of lasers and LDRs is shown fig below. The 

system displays the time taken by the vehicle in crossing 

this 100mdistance from one pair to the other with a 

resolution of 0.01 second from which the speed of the 

vehicle can be calculated as follows: 

 
 

FIG.1-block diagram of speed checker on       highway 

Speed (kmph) = Distance/Time 

This proposed system consists of a power-supply block, 

microcontroller, IR sensors, Relays, Buzzer, Lamp and 

Displays. The entire system gets it power from the power-

supply block and the microcontroller acts as the major 

component of the whole systems. IR sensors are placed on 

either side of the road, for detecting the speed limit of the 

vehicle. The microcontroller is programmed by using 

embedded C programming that calculates the time 

duration between two sensors, correspondingly gives the 

speed. If the speed limit exceeds then relay gets activated 

and the lamp gets ‘on’ while the buzzing sound gives 

indication to the police that the vehicle is crossing the 

speed limits  and displays the information on the LCD 

Display. 

Until now we have seen about speed checker to detect 

rash driving on highways using 555 timer and 

microcontroller. By adding another advanced wireless 

technology, we can make the circuit to operate remotely 

to achieve an efficient rash-driving control system. 
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Fig.2- circuit diagram of speed checker on highway 

Vehicle Speed = Distance between 2 sensors / Time taken 

by the timer 

This project contains following blocks 

1. Microcontroller – We have used 89s51 microcontroller 

which is 8051 series microcontroller. 

2. Sensors – We have used IR sensors i.e. IR transmitters 

and IR receivers. 

 

II.  APPLICATIONS AND ADVANTAGES 

1. This can be used at Highways (National Highways, 

State level Highways). 

2. This project can also be used inside university 

campus areas or inside any company’s premises. 

III.  FUTURE DEVELOPMENT 

1. A CCTV Camera can be placed on the highway. If 

any vehicle has crossed the maximum speed limit 

then this camera will be triggered to take a picture of 

the vehicle. 

2. We can add voice announcement system. It will 

intimate the driver that he/she has crossed the over 

speed condition. 

3. We can implement the GSM technology. So that the 

nearest highway security authorities will be informed 

about the vehicle which has over speed. 

 

 

Fig3. - speed checking on highway 

IV. ADVANTAGES 

1. There are many accidents due to high speed, so by 

using this technology on highway, we can stopped 

these types of accidents. 

2. The people also safe on road during cross it. 
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Abstract--Creating a safe work environment is critical to the 

success of our business, and is one of the best ways to retain 

staff and maximize productivity. Though it may cost to 

implement safe practices and install safety equipment, the 

effect of not taking action can be severe. As a business owner 

we have responsibilities regarding health and safety in our 

workplace. We need to ensure that our business doesn't 

create health and safety problems for our employees, 

customers or the public. In particular, it is aimed at those 

who control the activities of the business e.g. the executive 

directors, boards of directors, other boards of management 

and senior management controlling bodies in workplaces, all 

senior managers who discharge responsibilities for 

occupational safety and health,  safety and health 

professionals. Effective health and safety policies set a clear 

direction for the organisation to follow.There is a shared 

common understanding of the organisation’s vision, values 

and beliefs 

 

Key Words--Severe -Dreadful, Ensure - Ascertain, Vision - 

Intellect, Beliefs - Conviction. 

 

I.INTRODUCTION 

ealth and safety is one of the most important aspects 

of an organization‘s smooth and effective 

functioning. Good health and safety performance ensures 

an accident free industrial environment. With the 

continuous and untiring effort of various legislative 

authorities as well as NGOs, the awareness of 

occupational health and safety (OH&S) has improved in 

India considerably. Organizations have started attaching 

the same importance to achieve high OH&S performance 

as they do to other key aspects of their business activities. 

Considering this fact and a great demand from the 

industry for a comprehensive framework for OH&S, the 

Committee formulated IS 18001 in the year 2000 taking 

considerable assistance from BS 8800 : 1996 ‗Guide to 

occupational health and safety management system‘ ; and 

AS/NZS 4804 : 1997 ‗Occupational health and safety 

management systems—General guidance and principles, 

assessment and supporting techniques‘. 

Indian Standard on OH&S management systems 

Occupational Health and Safety demands adoption of a 

structured approach for the identification of hazards, their 

evaluation and control of risks in the organisation. Hence, 

Bureau of Indian Standards has formulated an Indian 

Standard on OH&S management systems. It is called as 

the IS 18001:2000 Occupational Health and Safety 

Management Systems. This standard prescribes the 

requirements for an OH&S Management Systems, to 

enable an organization to formulate a policy, taking into 

account the legislative requirements. It also provides 

information about significant hazards and risks, which the 

organization can control in order to protect its employees 

and others, whose health and safety may be affected by 

the activities of the organization. Organizations interested 

in obtaining license for OH&S Management System as 

per IS 18001 should ensure that they are operating the 

system according to this standard.  

 

National Policy on Safety, Health and Environment at 

Work Place 

The Constitution of India provide detailed provisions for 

the rights of the citizens and also lays down the Directive 

Principles of State Policy which set an aim to which the 

activities of the state are to be guided.On the basis of 

Directive Principles as well as international instruments, 

Government is committed to regulate all economic 

activities for management of safety and health risks at 

workplaces and to provide measures so as to ensure safe 

and healthy working conditions for every working man 

and woman in the nation. Government recognizes that 

safety and health of workers has a positive impact on 

productivity and economic and social development. 

Prevention is an integral part of economic activities.  

 

II.  LEGISLATIONS FOR HEALTH AND SAFETY 

MANAGEMENT 

 

1. Under the Health and Safety at Work etc Act 1974 

employers are required to consult employee‘s 

representatives on the making and maintenance of health 

and safety arrangements and for checking their 

effectiveness.  

 

2.The Safety Representatives and Safety Committees 

Regulations 1977 ensure that:-  

•Recognised trade unions (and staff associations) may 

appoint safety representatives to represent employees in 

these consultations; and  

•If requested to do so by the safety representatives, 

employers are required to establish formal safety 

committees for that purpose.  

 

3. By virtue of the Health and Safety (Consultation with 

Employers) Regulations 1996, employers have also been 

required to consult with employees not in groups covered 

by trade unions or staff associations. As a matter of good 

practice some forces have entered into agreements with 

H 

https://www.google.co.in/search?biw=1366&bih=615&q=define+dreadful&sa=X&ei=_p48VOWXHpTmuQS-lYGgDQ&sqi=2&ved=0CCUQ_SowAA
http://www.macmillandictionary.com/thesaurus/british/intellect#intellect_4
https://www.google.co.in/search?biw=1366&bih=615&q=define+conviction&sa=X&ei=L6Q8VNS5KdCFuwS-9oKADg&ved=0CCgQ_SowAA
http://business.gov.in/outerwin.php?id=http://www.bis.org.in/
http://business.gov.in/outerwin.php?id=http://www.bis.org.in/forms/ohsms.htm
http://business.gov.in/outerwin.php?id=http://www.bis.org.in/forms/ohsms.htm
http://business.gov.in/outerwin.php?id=http://www.bis.org.in/forms/ohsms.htm
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trade unions and staff associations to represent non-

affiliated staff where health and safety issues are likely to 

affect the whole workforce. Force and local level safety 

committees owe their origin to this legislation and provide 

for formal opportunities to review the measures taken to 

ensure the health and safety at work of employees.  

4. The Factories Act, 1948  regulates health, safety, 

welfare and other working conditions of workers in 

factories. It is enforced by the State Governments through 

their factory inspectorates. The Directorate General 

Factory Advice Service & Labour Institutes (DGFASLI) 

co-ordinates matters concerning safety, health and welfare 

of workers in the factories with the State Governments.  

DGFASLI conducts training, studies and surveys on 

various aspects relating to safety and health of workers 

through the Central Labour Institute in Mumbai and three 

other Regional Labour Institutes located at Kolkata, 

Chennai and Kanpur.  

5.Mines Act, 1952 contains provisions for measures 

relating to the health, safety and welfare of workers in the 

coal, metalliferous and oil mines. The Mines Act, 1952, 

prescribed duties of the owner (defined as the proprietor, 

lessee or an agent) to manage mines and mining operation 

and the health and safety in mines. It also prescribes the 

number of working hours in mines, the minimum wage 

rates, and other related matters. Directorate General of 

Mines Safety conducts inspections and inquiries, issues 

competency tests for the purpose of appointment to 

various posts in the mines, organises 

seminars/conferences on various aspects of safety of 

workers. Courts of Inquiry are set up by the Central 

Government to investigate into the accidents, which result 

in the death of 10 or above miner pecuniary punishments 

are prescribed for contravention of obligation and duties 

under the Act.  

6. Dock Workers (Safety, Health & Welfare) Act, 1986  

contains provisions for the health, safety and welfare of 

workers working in ports/docks. It is administered by 

Director General Factory Advice Service and Labour 

Institutes, Directorate General FASLI as the Chief 

Inspector there are inspectorates of dock safety at 10 

major ports in India viz. Kolkata, Mumbai, Chennai, 

Visakhapatnam, Paradip, Kandla, Mormugao, Tuticorin, 

Cochin and New Mangalore overall emphasis in the 

activities of the inspectorates is to contain the accident 

rates and the number of accidents at the ports.  

III.  GENERAL REQUIREMENTS OF MANAGEMENT 

SYSTEMS 

The organization shall establish, document, implement, 

maintain and continually improve an OH&S management 

system, in accordance with the requirements of this 

standard. The organization shall define and document the 

scope of its OH&S management system. 

 OH&S Policy 

Top management shall define, document and endorse its 

OH&S policy. The policy shall: 

a. be appropriate to the nature, scale and the hazards and 

risks of its activities and facilities; 

b. includes a commitment to continual improvement in 

its OH&S performance; 

c. include a commitment to comply with the applicable 

OH&S legislations and with other requirements to 

which the organizations subscribe; 

d. be implemented, maintained, communicated to all 

employees and understood within the organization; 

e. provide a framework for establishing, maintaining 

and periodically reviewing OH&S objectives and 

targets; 

f. be reviewed periodically to ensure that it remains 

relevant and appropriate to the organization; and 

g. be available to the public. 

Planning 

The organization shall carry out an initial review of their 

existing arrangements for managing OH&S. The current 

position of an organization with regard to OH&S shall be 

established by means of an initial review of its current 

OH&S arrangements to: 

a. Identify the gaps between any existing systems in 

place and the requirements of this standard; 

b. Identify all hazards and risks associated with the 

organization‘s activity and facilities; 

c. Assess the level of knowledge and compliance with 

all OH&S standards and legislation; 

d. Compare current arrangements with best practice and 

performance in the organization‘s employment sector 

and other appropriate sectors; 

e. Review past experience with incidents and results of 

any previous assessments, compensation experience, 

disruption, etc, associated with OH&S; and 

f. Assess efficiency and effectiveness of existing 

resources devoted to OH&S management. 

The organization shall document this information and 

shall plan the progressive implementation of the elements 

of the system based on this information. 

Objectives, targets and programme(s) shall be regularly 

reviewed at planned intervals and revised, if necessary. 

The organization shall establish, implement and maintain 

programme(s) for achieving its objectives and targets. 

If a project relates to new developments and new or 

modified activities and services, programme(s) shall be 

amended appropriately, where relevant, to ensure that 

OH&S management applies to such projects. When the 

objectives and targets are set, the organization shall 

consider establishing measurable OH&S performance 

indicators. These indicators shall be used as a basis for an 

OH&S performance evaluation system and to provide 

information on both OH&S management and operation 

systems. 

http://business.gov.in/outerwin.php?id=http://indiacode.nic.in/rspaging.asp?tfnm=194863
http://business.gov.in/outerwin.php?id=http://indiacode.nic.in/rspaging.asp?tfnm=195235
http://business.gov.in/outerwin.php?id=http://labour.nic.in/act/welcome.html
http://business.gov.in/outerwin.php?id=http://labour.nic.in/act/welcome.html
http://business.gov.in/outerwin.php?id=http://labour.nic.in/act/welcome.html
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IV. IMPLEMENTATION AND OPERATION 

The organization‘s top management shall appoint at the 

senior management level specific management 

representative(s), with executive powers, who, 

irrespective of other responsibilities, shall have defined 

roles, responsibilities and authority for: 

a. Ensuring that OH&S management system 

requirements are established, implemented and 

maintained in accordance with this Indian Standard; 

and 

b. Reporting on the performance of OH&S management 

system to top management for review and as a basis 

for improvement of the OH&S management system. 

Management shall provide adequate resources essential to 

establish, implement, maintain/control and improvement 

of the OH&S management system. Resources include 

human resources including specialized skills, 

organizational infrastructure, technology and financial 

resources. The organization shall identify training needs 

for all personnel, whose work/workplace involves 

significant hazard associated with its OH&S management 

system. It shall provide training or take other action to 

meet these needs, evaluate its effectiveness, and shall 

retain associated records. 

Communication and Reporting 

Organization shall establish, implement and maintain 

procedure(s) to ensure that pertinent OH&S information 

including significant risks and hazards are communicated 

and from employees and other interested parties.The 

organization shall establish, implement and maintain 

documented procedures for relevant and timely reporting 

of information required for monitoring and continual 

improvement of OH&S performance. 

Design and engineering 

The organization shall establish, implement and maintain 

procedure(s) to ensure that health and safety is considered 

at the initial design and planning phase to build risk 

controls at this point. To ensure this, each stage of design 

cycle (development, review verification, validation and 

change) should incorporate hazard identification, risk 

assessment and risk control procedures. Appropriately 

competent people shall be allocated clear responsibilities 

to meet and verify health and safety requirements. Where 

the newly evaluated hazard cannot be eliminated or 

substituted for one that presents lower risks, engineering 

controls shall be adopted. When the product, process or 

workplace is redesigned this experience shall be 

considered in the design process. 

Emergency Preparedness and Response 

The organization shall establish, implement and maintain 

procedure(s) for emergency preparedness and response, to 

plan for contingency in advance and to periodically test 

these plans to allow an adequate response to occur during 

the actual emergency. While planning the procedure for 

emergency preparedness it shall consider significant 

events such as fire, explosion, toxic release or natural 

disasters that threaten the viability of the organization. 

On-site and off-site emergency plans and procedures shall 

be developed and periodically tested, reviewed and 

revised, where necessary by the appropriate authority. 

Emergency plans of large installations should be prepared 

in consultation with municipal or state disaster planning 

authorities. 

Critical Incident Recovery Plan 

The organization shall establish, implement and maintain 

procedures for Critical Incident Recovery Plan (CIRP) to 

aid in-plant employee recovery as soon as possible after 

the cessation of the event. Only suitably qualified 

counselors shall be used to assist victims associated with a 

traumatic event. 

Accident, Incident, Non-conformance, Corrective and 

Preventive Action 

The organization shall establish and maintain procedures 

for defining responsibility and authority for: 

a. The handling and investigation of: 

1. Accidents, 

2. Incidents, and 

3. Non-conformances; 

b. Taking action to mitigate any consequences arising 

from accidents, incidents or non-conformance; 

c. initiation and completion of corrective and preventive 

action; and 

d. Confirmation of the effectiveness of corrective and 

preventive action taken. 

These procedures shall require that all proposed corrective 

and preventive actions shall be reviewed through the risk 

assessment process prior to implementation. 

Any corrective and preventive action taken to eliminate 

the causes of actual and potential non-conformances shall 

be appropriate to the magnitude of problems and 

commensurate with the OH&S hazards and risks 

encountered. 

The organization shall implement and record any changes 

in the documented procedures resulting from corrective 

and preventive actions taken. 

Management Review 

The organization‘s top management shall at intervals, that 

it determines, review the OH&S management system to 

ensure its continuing suitability, adequacy and 

effectiveness. The management review process shall 

ensure that the necessary information is collected to allow 

management to carry out this evaluation. Reviews shall 

include assessing opportunities for improvement and the 

need for changes to the OH&S management system, 

including the OH&S policy, objectives and targets. 

Records of the management review shall be retained. 

The output from management reviews shall include any 

decisions and actions related to possible changes to 

OH&S policy, objectives, targets and other elements of 

the OH&S management system, consistent with the 

commitment to continual improvement. 
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V.   CONCLUSION 

In India there are no authentic statistics on the number of 

companies certified for OHSAS or IS18001. Information 

collected from various certification bodies indicates that 

approximately 3000 organizations have currently adopted 

these standards to bench mark their OH&S activities. 

There action to introduction of any new system to control 

the existing activities is always the same. Managements 

view it a same thod to bring discipline and bring 

ineffective control and review. Getting certified against a 

standard is an assurance to various take holders that 

OHSissues are addressed in a systematic manner. Middle 

man agements view it as some more amount of paper 

work. 
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Abstract-- Sixth Sense is a wearable gestural interface that 

enhances the physical world around us with digital 

information and lets us use natural hand gestures to interact 

with that information. It is a pendant like device that consist 

two main components; a data projector and a camera. This 

technology enables the user to connect with the internet 

persistently. The device works on the principles of gestural 

recognition and image processing. The name Sixth Sense was 

given to this technology in light of a wearable device and the 

digital information could act in augmentation to the five 

traditional senses (vision, touch, smell, hearing and taste) 

Keywords-- gestures Camera, projector, mirror, microphone, 

color markers. 

I.   INTRODUCTION 

his technology is a revolutionary way to interface the 

physical world with digital information. Modern 

technologies include the touch screen techniques which is 

used widely and it makes ease of operation and saves 

utilization time. Sixth sense is a wearable gestural 

interface that augments the physical world around us with 

digital information and lets us use natural hand gestures to 

interact with that information. But the bottle necks of this 

method such as position of camera, for capturing gestures 

interprets the accuracy in the projected output, lead to use 

of commands instead of hand gestures. The position of 

camera is a major constraint in the image capturing and 

projected output efficiency and accuracy. Therefore the 

actions which we regularly perform in our daily life, are 

converted to commands and are trained to a speech IC 

.They are stored as a database in the integrated circuit and 

corresponding actions are performed when the speech is 

recognized from the user. It’s a hi-tech device seamlessly 

integrate Analog information with our every day physical 

world. The voice is directly performed into operation 

within fractions of seconds, and the action is projected on 

the surface. It’s a portable device and eases the operation 

which we regularly perform. Basically the sixth sense 

technology concept involves the use of hand gestures .the 

finger tip will contain colored markers and hence gestures 

performed will be captured by the camera. Then it’s given 

to the mobile device for the corresponding action to be 

performed. The action is projected on the surface through 

the projector. Software algorithms and computer vision 

technologies will be used to enable the action from the 

mobile device for the corresponding gesture captured in 

the camera. This gesture based technology is used for 

variety of applications like performing basic actions, 

locating points in the map, watching video in news paper, 

dialing number in hand etc. The slight modification of this 

method leads to the use of commands that is analog 

information into real world. The analog data is converted 

into digital and performed as action, as all times the hand 

gestures cannot be used. 

 

.  

    
Fig1: Representation of Gesture Based Design (a) 

 

II.  COMPONENTS OF DEVICE 

 

A. Camera: It captures the image of the object in view 

and track the user’s hand gesture. The camera recognizes 

individuals, images, pictures, gestures that user makes 

with his hand. The camera then sends this data to a smart 

phone for processing. Basically the camera forms a digital 

eye, which connects to the world of digital information.   

B. Colerd Marker:  There are color markers placed at the 

tip of users finger. Marking the user’s fingers with red, 

yellow green and blue colored tape helps the webcam to 

recognize the hand gestures. The movements and 

arrangement of these markers are interpreted into gestures 

that act as a interaction instruction for the projected 

application interfaces.    

C. Microsoft-Enabled Marker: The Sixth Sense device 

consists of a laptop which process the data send by the 

camera. The laptop interprets the hand gestures with help 

of the colored markers placed at the fingertips. Dev-C++ 

was the programmer used for all codes made. Min GW 

was the compiler used. Open CV libraries were used 

which contained all functions sufficient to make our 

project.    

D. Projector: The information that is interpreted through 

the smart phone can be projected into any surface. The 

projector projects the visual information enabling surfaces 

and physical objects to be used as interfaces. The 

projector itself consists of a battery which have 3 hours of 

battery life .A tiny LED projector displays the data sent 

from the smart phone on any surface in view- object, wall 

or person.  

T 
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Fig2: The original device (b) 

 

III.   MOTIVATION AND BACKGROUND 

Previously many technologies evolved such as augmented 

reality which is to add information and meaning to real 

object or place. Unlike virtual reality, augmented reality 

does not create a simulation of reality instead it takes a 

real object or space as the foundation and incorporates 

technologies that add contextual data to deepen a person 

understanding of the subject. It’s a term for live direct or 

indirect view of a physical real world environment whose 

elements are augmented by virtual computer generated 

imagery. Gesture recognition is a term with a goal of 

interpreting human gestures through mathematical 

gestures and mathematical algorithms. Computer vision is 

the science and technology of machines that is concerned 

with the theory behind artificial systems that extract 

information from the images. As a technological 

discipline, computer vision seeks to apply its theories and 

models to the construction of computer vision systems. 

The examples include the controlling processes, detecting 

events, organizing information, modeling objects or 

environments and interaction. Recently speech integrated 

circuits evolved which is used widely in car automation 

and home appliances. It eases the operation and saves the 

utilization time of the manual operations performed by the 

human’s every day. The speech recognition process is 

performed by a software component known as speech 

recognition engine. The primary function of this is to 

process the spoken input and translate it into text which 

the application understands. The application then can do 

one of the two things,  

1 The application can interpret the result of the 

recognition as a command, in this case application is 

a command and control application. 

2 If the application handles the recognized text as 

simply text, then it’s considered as dictation 

application. When the user says something, it is 

known as utterance. An utterance is a stream of 

speech between two periods of silence. The speech IC 

can be used for all sorts of data, statistical models, 

and algorithms to convert spoken input into text. 

IV.  DESIGN AND WORKING 

The sixth sense device comprises of   

1. Wearable projector 

2. Mobile device  

3. Speech IC 

4. Mirror  

The sixth sense device is a mini projector coupled with a 

speech IC and a cellphone, which acts as a computer and 

our connection to the cloud, all the information stored on 

the web. The components are controlled by or 

communicated with a mobile computing device carried in 

the user’s pocket. The hardware components are coupled 

in a pendant like mobile wearable device .both the speech 

IC and the projector are connected to the mobile 

computing device in the user’s pocket. The projector, 

projects the visual information enabling surfaces, walls 

and physical objects around the user to be used as 

interfaces. While the speech IC stores commands which 

were trained by the user and executes the corresponding 

action through the projector, enabling the actions from the 

mobile device. A remote computer can also be connected 

which gathers data from user ,processes it, searches the 

web for relevant execution of the command and returns 

the result in real time to the user. The speech IC is trained 

with regularly used operating data and thus it acts as a 

database for storing all such commands. 

There evolved many speech integrated circuits with 

fabulous technical aspects to be embedded for vast kind of 

applications. There are three ways for speech recognition 

and language understanding. 1. Multipurpose processors 

intended for embedded applications. 2. Customised 

integrated circuits for speech recognition and language 

undererstanding.3.implementing speech recognition and 

language understanding as part of larger integrated circuit 

in the device. Some integrated circuits can be used for less 

than 15 words, which have a menu based type of 

interaction whereas other ASIC integrated circuits can be 

used for hundreds of words which posses natural language 

understanding. The IC will be trained with a sophisticated 

neural network to recognise the commands and activate it 

correspondingly.  

 

Fig3: Basic design of our concept(c) 
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The speech IC is initially trained with the words or 

commands The user gives the input as commands and 

when such analog speech is received to the IC ,the data is 

converted into digital and is sent to the mobile device .the 

mobile device activates the command and is given in turn 

to the projector. The projector output is seen on the screen 

through the mirror for accurate projection from the 

projector which is wearable in the body. For more 

advanced operations and for accessing net which is our 

future work, can be accessed from the remote computer 

simultaneously and projected as before. 

V.   APPLICATIONS 

The basic operations such as enabling clock, inbox, 

browsing, searching gallery, calendar, seeing contact list 

etc are performed regularly in the mobile every time. 

These operations can be can be accessed on the screen. 

 

Fig4: Example of commonly used application (d) 

 

This figure depicts that when clock command is given 

it’s activated in our wrist.    

                   

 

                     Fig 5:  Wrist Watch Illusion   (e) 

TABLE1:  ANALYSIS OF TWO METHODS 

FEATURES 

  

DIRECT 

MANIPULATION 

    

NATURAL 

LANGUAGE 

 

 

 

 

STRENGTHS 

 

1.Intuitive 

2.Consistent look 

feel 

3 Options apparent 

4. Fail safe 

5.Direct engagement 

with object 

 

1.Intuitive  

2. Description  

3. Context  

4.Asynchronous 

 

 

 

WEAKNESSES 

 

1.Description 

2. Anaphor a  

3.Operation on sets  

4.Delayed action 

difficult 

 

This tabulation clearly defines the boon and bane of both 

the gestural use and voice mode of technology in our sixth 

sense concept. Both techniques have their own strengths 

depending upon the kind of applications we use. 

                              VI.  CONCLUSION 

The sixth sense technology using gesture movement and 

speech integrated circuits are emerging innovative ideas. 

We have a seamless access to data or information that 

may exist to help us make decisions. This provides access 

to relevant information about the things in the 

environment and enables the new interactions between the 

real world and the world of data. Although the 

miniaturization of computing devices allows us to carry 

computers in our pockets, there had been no link between 

the digital devices we carry and our interactions with the 

physical world, and our speech in a efficient level. Sixth 

sense is developed to seamlessly integrate information 

into reality. The future may depend upon this sixth sense. 

May be within this 2020, the proliferation and the use of 

this technology is immense. Sufficient awareness of the 

sixth sense will lead to further development of any 

technology which aids for getting information and 

performing any type of action practically at any time, 

using simply the gestures and commands given.  

The advantage of this technology is portable, its 

connectedness between the world and the information as 

speech. Its cost effectiveness and data can accessed from 

the machine directly in real time. It can also be said as an 

open source technology. Within twenty years this 

technology will bring a drastic change in field of science 

and will create a revolutionary change among the mass. 
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Abstract-- Large numbers of small, low-power sensors are 

present in Wireless sensor networks that communicate 

through wireless links. Wireless sensor networks for 

healthcare have emerged in past few years due to the need to 

collect patients’ physical, physiological data and vital signs. 

Availability of the low cost sensors makes this data collection 

possible. One of the major challenges in these networks is to 

mitigate congestion. In this paper, a data centric congestion 

management protocol using Active Queue Managements 

(AQM) is proposed for healthcare applications with respect 

to the inherent characteristics of these applications. This 

study deals with end to end delay, energy consumption, 

lifetime and fairness. The proposed protocol avoids 

congestion in the first step (routing phase) using multipath 

and Quality of Service aware routing. And in cases where 

congestion cannot be avoided, it will be mitigated via an 

optimized congestion control algorithm. 

Keywords-- AQM, congestion, Quality of Service, routing 

and protocol. 

I.   INTRODUCTION 

ireless Sensor Networks (WSNs) have been widely 

applied in different areas. Nowadays, Healthcare 

aware Wireless Sensor Networks (HWSNs) have received 

a great attention due to the properties of WSNs such as 

reliability, interoperability, efficiency, wearability, low-

power consumption and inexpensiveness. One of the 

applications of WSNs is remote monitoring of patients by 

doctors and nurses which eliminates the need to be 

physically present in the patient sites. Figure 1 show 

different sensors attached to patients being capable of 

sensing patient information which can be sensitive (vital 

signs, such as the heart rate and breathing condition) or 

non-sensitive (motional signs, such as legs sensors). The 

received information can be trans- mitted to the control 

center with the help of neighboring nodes. Sensitive 

information needs low delay and low packet loss while 

non-sensitive data can tolerate more delay and more 

packet loss. We restricted ourselves to healthcare 

applications which require stationary sensor nodes (they 

do not change their locations for at least a few hours).   

Fig.1: Different sensor attached to patients 

W 
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In medical emergencies, it is quite likely that the sensors 

placed in the different patient’s sense and transmit vital 

patient information very frequently and simultaneously. 

This leads to increased likelihood of network congestion 

in such applications. Congestion in WSNs leads to 

dropping of packets at the nodes, increased consumption 

of the limited energy in the nodes and reduction of the 

throughput of the network. We addressed the problem of 

congestion by proposing a new approach to avoid it. In 

this approach, congestion will be avoided by distributing 

packets through multiple routes and if congestion still 

occurs, we run an optimized congestion control algorithm. 

Congestion control algorithms are classified as source 

based or network based .Source based algorithms are 

deployed at the end host where the transport protocol is 

responsible for detecting congestion in the network. 

Network based algorithms, on the other hand, are 

implemented in the intermediate network devices, 

especially routers. Based on the degree of congestion 

detected in the network, source based algorithms adapt the 

rate at which the application is sending traffic.  

This mechanism, more popularly known as end to end 

congestion control is employed by transport protocols 

such as the Transmission Control Protocol (TCP). In 

network based algorithms, the intermediate network 

equipments are responsible for detecting on coming as 

well as subsisting congestion and provide feedback to the 

sender for indicating the situation. Source based 

algorithms work well for traffic that is responsive to 

congestion e.g. TCP traffic. However non-sensitive traffic 

e.g. User Datagram Protocol (UDP) traffic may still cause 

congestion due to its greedy behavior. Thus, the need 

arises for network based congestion avoidance and control 

mechanisms. There are different factors involved in the 

design of transport protocols for sensor networks: 

congestion control and reliable data delivery .Since most 

data move from sensor nodes to the sink, congestion is 

likely to occur around the sink. In order to increase the 

speed of the connection process, improve efficiency and 

decrease transmission delay, sensor network transport 

protocols should facilitate the process of the initial 

connection or use protocols without connection. Most 

applications in wireless net-works are passive, meaning 

that the network is monitored inactively and waits for an 

event before sending data. When an event occurs, these 

applications may have quantitative packets to send. 

Congestion control is important in traditional TCP 

networks as well as wireless sensor networks. QTCP 

(active Queue management support TCP) is one of the 

latest works for controlling congestion in traditional TCP 

networks with the help of AQM. Because of the inherent 

nature and the main goal of WSN to transmit data in an 

energy efficient way traditional congestion control 

protocols cannot directly used in wireless sensor network. 

So there was a need to design transport protocols for 

wireless sensor network that could deal with three 

mechanisms in case of congestion: congestion detection, 

congestion notification, and rate adjustment. 

There are several congestion detection methods that are 

employed in wireless sensor networks. One common 

mechanism is the use of queue length, packet service time 

or the ratio between service time and the time between 

packets in an intermediate node. For sensor networks 

using MAC layer protocols such as CSMA, channel load 

can also be used as a tool for congestion detection. When 

congestion is detected, transport protocols transfer 

congestion information from the congested nodes to other 

nodes on the route to the sink or the source nodes that 

have had a part in detecting congestion. 

Different algorithms presented in the field of WSN, are 

more suitable for some applications with regard to their 

output parameters and diagrams. In most of congestion 

control methods, the rate of packet sending is reduced 

immediately after congestion occurs and the lost sensitive 

packets are tried to be retrieved. This needs to an extra 

buffer in the previous nodes in order to keep the packets 

in it until receiving acknowledgment for them making 

these methods costly. Also, this makes sensitive traffic 

streams to reduce their sending rate. However, it is 

favorable that the sending rate for sensitive traffic streams 

isn’t greatly reduced. So, in the proposed protocol, we 

have developed a congestion avoidance phase in which 

several paths are made primarily and the nearest one is 

allocated to sensitive traffic. Having multiple paths makes 

the traffic streams be distributed among them fairly based 

on their sensitiveness. 

A. The proposed protocol: The main objective of the 

proposed protocol is to avoid, or if not possible, control 

congestion in wireless sensor networks. There are two 

main parameters: energy and delay. In all routing 

protocols which are developed for WSN, energy should 

be considered as a goal parameter. Delay is the main goal 

parameter for healthcare applications. HOCA considers 

two types of traffics: sensitive and non-sensitive. 

Sensitive traffics are designed to transfer high priority 

data (they need low delay) and non- sensitive traffic is 

designed to transfer normal traffic.  

The proposed protocol works in the following phase: 1) 

request dissemination which is performed by the sink, 2) 

event occurrence report which is performed using packets 

that are forwarded from sensors located on patients body 

to the sink, 3) route establishment, 4) data forwarding and 

rate adjustment in case of congestion occurrence. First, 

the sink (the telemedicine center) sends its requirements 

(required information) to network nodes (sensors 

connected to the patient’s body). In the meantime, any 

network node observing the event specified by the sink, 

will inform the sink with an event report (patient’s 

condition) using the phase 2 procedure. In the second 

phase, the initial routing tables are formed. These tables 

are then used in the third phase where different routes are 

chosen in the final routing tables. The fourth phase is the 

data forwarding phase in which the data recorded from the 

events observed by nodes are given to the sink. A large 

volume of data is moved in this phase; therefore a 

procedure for congestion control is needed. 
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Fig.2:Proposed Protocol 

B.  Congestion control mechanism in intermediate nodes: 

Our goal is to provide routing and congestion 

management in WSN’s for healthcare applications. 

Congestion management comprises two phases: 

Congestion avoidance and congestion control. Congestion 

avoidance is implemented by distributed routing 

algorithm. 

 

 

Fig.3:The structure of an intermediate sensor node. 

 

The probability of the drop (Pi) of a packet in it h queue is 

determined using the following equation: 

When a packet is received by the node, drop probability 

Pi is computed for the packet. Packet will be queued or 

dropped, based on Pi value. In fact, higher probabilities of 

loss for a flows how that the corresponding queue is in 

critical status with respect to the congestion. Therefore, 

the weight of Pi has been used directly in determining the 

sending rate and the degree of congestion in each node.  
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Performance evaluation of the proposed protocol: 

MATLAB and OPNET, are the two software used in 

investigating the performance of the proposed protocol. 

Eq. (2) optimization function along with other required 

functions were run in MATLAB. The simulation phase 

was carried out using OPNET. Since both software have 

been programmed based on C++ we have the option of 

creating links between the two. Therefore, the proposed 

protocol was simulated by linking the two software using 

C++ compiler. 

 

Fig.4: The topology which is used in simulation. 

Transmission range                          40m  

Initial node energy                            50J  

Type traffic                                       Sensitive 

and non-sensitive  

Network area                                    200_200 

m2  

Packet sent energy                             12mJ  

Packet receive energy                         10mJ  

Congestion detection epoch each       

50packet 

Table1:  Simulation parameters. 

 

In Fig, the mean of remaining node energy at the time of 

death for the first node has been calculated. According to 

the results in Fig. 8, the mean remaining energy in nodes 

is less than REEP. The lower remaining energy is a result 

of higher energy consumption. 

C.  End to end delay comparison: Another fundamental 

parameter which is considered in HOCA is the end to end 

delay. Delay is a parameter which is crucially important 

for the health care applications. With regard to the fact 

that REEP could not have priority for different traffic 

type, there exists only one priority for it. 

 

 In Fig End to End delay for sensitive and non-sensitive 

traffic in HOCA and for REEP has been shown. Due to 

the fact that it is not possible for REEP to prioritize 

different types of traffic, it supports only one type. 

Presented is the end-to-end delay in both sensitive and 

non-sensitive HOCA as well as REEP .End-to-end delay 

is the time taken for a packet to be transmitted from 

source to destination. Figure 14 indicates that the end-to-

end delay for sensitive traffics is less than both in 

sensitive and REEP traffics .Low end-to-end delay is 

expected for sensitive traffics considering the scheduler 

utilized for them. Simulation several that HOCA could 

achieve its objectives. The HOCA protocol transmits 

more control packets in the first and second phases at the 

beginning of simulation results in more end-to-end delay 

in comparison with the total average. But with increase in 

time and end of control packets and beginning of 

congestion control procedure in companion with rate 

adjustment,  HOCA  traffic delay decreases. 

D.  Bandwidth performance:  

Bandwidth performance is one of the most important 

parameters in congestion management methods. We 

demonstrate the relation between bandwidth utilization 

and the total produced traffic. Here the bandwidth 

performance parameter is calculated based on the number 

of packets arrived at the sink node in a certain time unit. 

As is shown in Fig, HOCA has much better bandwidth 

performance compared to REEP. This is mainly because 

of the large amount of lost packets in REEP .Also HOCA 

uses different paths to be able to send great amounts of 

traffic (multipath). 
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II.   CONCLUSION 

In this paper a congestion management protocol for the 

use in healthcare applications in wireless sensor networks 

has been presented. The best scenario for the proposed 

protocol can be patients bedridden in a special ward of a 

hospital or private clinic, particularly apoplectic or brain 

dead patients who are unable to move and so the sensor 

nodes are stationary in these applications. The proposed 

data driven congestion management algorithm consists of 

congestion avoidance and control components. The first 

phase of HOCA is designed to disseminate the demands 

of the sink while the other phases are respectively patients 

sign report (event report),the route establishment, data 

forwarding and congestion control. In data forwarding 

phase, HOCA encounters three kinds of traffic, namely, 

sensitive, non-sensitive, and control packet. Data packets 

are sent through multipath to avoid congestion. If 

congestion occurs, congestion control mechanism adjusts 

traffic source rates hop by hop. The proposed protocols 

takes into account parameters like end to end delay, 

energy consumption, lifetime of the network and fairness 

in energy consumption. Finally, using performed 

simulations, the performance of HOCA has been 

investigated. Simulation results show that the proposed 

protocol is more efficient than the back pressure and 

REEP schemes in terms of packet loss, energy efficiency, 

end to end delay and fairness. 
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Abstract--Independent component analysis (ICA) is a 

statistical and computational method for finding underlying 

factors or components from multivariate (Multidimensional) 

statistical data. It is a computationally efficient blind source 

separation technique, has been area of interest for many 

practical applications in various fields of science and 

engineering. ICA was originally developed for signal 

processing applications. Recently it has been found out that 

it is a powerful tool for analyzing data/signals during fault in 

power system. What distinguishes ICA from other methods 

is that it  for components that are both statistically 

independent, and nongaussian. This paper deals with the 

briefly introduce the basic concepts of Independent 

component analysis (ICA), its principles,and its applications,  

 

Keywords: Independent component analysis, Fault 

detection, Blind source separation, Decorrelation, Non- 

Gaussian. 

 

I. INTRODUCTION 

ndependent component analysis (ICA) is essentially a 

method for extracting individual signals from mixtures 

of signals.  The problem of finding source signal is an 

inductive inferenceproblem. There is not enough 

information to find thesolution,. The main aim is to 

process these signals in such a way that the original 

source signalsare extracted by the adaptive system. The 

problem of separating and estimating the original source 

waveforms fromthe sensor array, without knowing the 

transmission channel characteristics and the source can be 

briefly expressedas problems related to Blind source 

separation (BSS).[1] 

Independent component analysis (ICA) is a 

computational method for separating a multivariate signal 

into additive subcomponents by assuming that the 

subcomponents are non-Gaussian signals and that they are 

all statistically independent from each other. ICA is a 

special case of blind source separation.[1] 

In this paper, we first understand basics of the blind 

sourceseparation problem. Then, Independent Component 

Analysis is introduced as a widely used technique for 

solvingthe blind source separation problem. A general 

descriptionof the approach to achieving separation via 

ICA and theunderlying assumptions and ambiguity of the 

ICA framework and important ambiguities that are 

inherent to ICA are discussed 

 

II    BLIND SOURCE SEPARATION 

In BSS the word blind refersto the fact that we do 

not know how the signals were mixedor how they were 

generated. As such, the separation isin principle 

impossible. Allowing some relatively indirectand general 

constrains, we however still hold the term BSSvalid, and 

separate under these conditions.There appears to be 

something magical about blindsource separation; we are 

estimating the original sourcesignals without knowing the 

parameters of mixing and/orfiltering processes. It is 

difficult to imagine that one canestimate this at all. In fact, 

without some a priori knowledge, it is not possible to 

uniquely estimate the originalsource signals. However, 

one can usually estimate themup to certain 

indeterminacies. In mathematical terms, 

theseindeterminacies and ambiguities can be expressed as 

arbitrary scaling, permutation and delay of estimated 

sourcesignals [2][3].  

These indeterminacies preserve, however, 

thewaveforms of the original sources. Although these 

indeterminacies seem to be rather severe limitations, in a 

greatnumber of applications these limitations are not 

essential,since the most relevant information about the 

source signalsis contained in the temporal waveforms or 

time-frequencypatterns of the source signals and usually 

not in their amplitudes or the order in which they are 

arranged in the outputof the system. However, for some 

applications especiallybiomedical signal models such as 

sEMG signals, there isno guarantee that the estimated or 

extracted signals haveexactly the same waveforms as the 

source signals. 

A. Observing mixtures of unknown signals-  

Consider a situation where there are a number of 

signals emitted by some physical objects or sources. 

These physical sources could be, for example, different 

brain areas emitting electric signals; people speaking in 

the same room, thus emitting speech signals; or mobile 

phones emitting their radio waves. Assume further that  

there are several sensors or receivers. These sensors are in 

different positions, so that each records a mixture of the 

original source signals with slightly different weights. For 

the sake of simplicity of exposition, let us say there are 

three underlying source signals, and also three observed 

signals .Denoted by x1(t),x2(t),x3(t) the observed signals 

are the amplitudes of the observed signals at time t and by 

s1(t),s2(t),s3(t),the original signal .The xi(t) is the weighted 

sum of si(t),where the coefficients depend upon the 

distance from the source and the sensor.  

 

𝑥1 𝑡 =  𝑎11𝑠1  +   𝑎12𝑠2 +  𝑎13𝑠3  

𝑥2 𝑡 =  𝑎21𝑠1  +   𝑎22𝑠2 + 𝑎23𝑠3  

𝑥3 𝑡 =  𝑎31𝑠1  +   𝑎32𝑠2 + 𝑎33𝑠3                      (1) 

 

The aijare constant coefficients that give the mixing 

weights. They are assumed unknown, since we cannot 

I 

http://en.wikipedia.org/wiki/Multivariate_statistics
http://en.wikipedia.org/wiki/Statistical_independence
http://en.wikipedia.org/wiki/Blind_source_separation
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know the values of aijwithout knowing all the properties 

of the physical mixing system, which can be extremely 

difficult in general. The source signals aij are unknown as 

well, since the very problem is that we cannot record them 

directly.  

What we would like to do is to find the original 

signals from the mixtures x1 , x2 and x3. This is the blind 

source separation (BSS) problem. Blind means that we  

know very little if anything about the original sources. We 

can safely assume that the mixing coefficients  

aija are different enough to make the matrix that they form 

invertible. Thus there exists a matrix W with 

coefficientswij , such that we can separate the sias  

 

𝑠1 𝑡 =  𝑤11𝑥1  +   𝑤12𝑥2 + 𝑤13𝑥3  

𝑠2 𝑡 =  𝑤21𝑥1  +   𝑤22𝑥2 +  𝑤23𝑥3  

𝑠3 𝑡 =  𝑤31𝑥1  +   𝑤32𝑥2 +  𝑤33𝑥3                   (2) 

 

Such a matrix W could be found as the inverse of the 

matrix that consists of the mixing coefficients aij 

in 1st Eq , if we knew those coefficientsaij.  

B. Source separation based on independence 

The question now is: How can we estimate the 

coefficients wij.We want to obtain a general method that 

works in many different circumstances, and in fact 

providesone answer to the very general problem that we 

started with finding a good representation of multivariate 

data. Therefore, we use very general statistical properties. 

All we observe is the signals x1 , x2 and x3. 

We want to find a matrix W so that the representation is 

given by e original source signals s1, s2 and s3 

A surprisingly simple solution to the problem can be 

found by considering just the statistical independence of 

the signals. In fact, if the signals are notgaussian, it  

is enough to determine the coefficients wij, so that the 

signals  

 

𝑦1 𝑡 =  𝑤11𝑥1  +   𝑤12𝑥2 +  𝑤13𝑥3  

𝑦2 𝑡 =  𝑤21𝑥1  +   𝑤22𝑥2 +  𝑤23𝑥3  

𝑦3 𝑡 =  𝑤31𝑥1  +   𝑤32𝑥2 +  𝑤33𝑥3                    (4) 

 

 

are statistically independent. If the signals y1, y2and y3are 

independent, then they are equal to the original signals 

s1,s2 and s3 (They could be multiplied by some scalar 

constants, though, but this has little significance).Using 

just this information on theatistical independence, we can 

in fact estimate the coefficient matrix W for the signals.  

What we obtain are the source signals . We see that 

from a data set that seemed to be just noise, we were able 

to estimate the original source signals, using an algorithm 

that used the information on the independence only. These 

estimated signals are indeed equal o those that were used 

in creating the mixtures.  

We have now seen that the problem of blind source 

separation boils down to finding  linear representation in 

which the components are statistically independent. In 

practical situations, we cannot in general find a 

representation where the components are really 

independent, but we can at least find components that are 

as independent as possible.  

Given a set of observations of random variables  

x1(t) , x2(t)  and x3(t) ….. xn(t)  where t is the time or 

sample index, assume that they are generated as a linear 

mixture of independent components:  

 

 

𝑥1

𝑥2

𝑥3

 =   𝐴  

𝑠1

𝑠2

𝑠3

   (3) 

 

Where X is the received signal matrix , A is the 

unknown matrix. Independent component analysis now 

consists of estimating both the matrix A and the S , when 

we only observe xi(t) that we assumed here that the 

number of independent components si(t) is equal to the 

number of observed variables; this is a simplifying 

assumption that is not completely necessary[3][5].  

 

 
Fig.1. ICA based on blind source separation (BSS) block diagram, s(t) 

are the sources, x(t) are the recordings s^(t) are Separated signals, A 
mixing matrix and W un mixing matrix 

 

III. INDEPENDENT COMPNENT ANALYSIS 

 

A. Theoretical Concept of ICA 

 

Independent component analysis (ICA) is very 

closely related to the method called blind source 

separation (BSS) or blind signal separation. A“source” 

means here an original signal, i.e. independent 

component, like the speaker in a cocktail party problem. 

“Blind” means that we no very little, if anything, on the 

mixing matrix, and make little assumptions on the source 

signals. ICA is one method, perhaps the most widely used, 

for performing blind source separation. 

Despite wide range of applicability ICA can be 

understood in terms of the classical „cocktail party‟ 

problem  

Imagine that you are in a room where two people are 

speaking simultaneously. You have two microphones, 

whichyou hold in different locations. 

 

 
Fig. 2. Cocktail Party Problem 
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The microphones give you two recorded time signals, 

which we could denote byx1(t) and x2(t), with x1 and x2the 

amplitudes, and  tthe time index. Each of these recorded 

signals is a weightedsum of the speech signals emitted by 

the two speakers, which we denote by s1(t) and s2 (t).  

 

 
Fig. 3. Mixing of Signals 

 

We could express this a linear equation: 

 

                𝑥1 𝑡 =  𝑎11𝑠1  +   𝑎12𝑠2  

                𝑥2 𝑡 =  𝑎21𝑠1  +   𝑎22𝑠2 (5)      

 

 

here a11, a12, a21 and a22are some parameters that 

depend on the distances of the microphones from the 

speakers. 

 
Fig.4..  Matrix representation of recorded signals 

 
 

Fig.5. Two Original Independent Sources 

 

 
Fig.6. Observed mixed sources 

 
Fig.7.Original sources at the output after applying ICA 

 

It would be very useful if you could now estimate 

the two original speech signals s1(t ) and s2(t ), using only 

the recorded signals x(t ) and x(t ). This is called the 

cocktail-party problem. For the time being, we omit any 

time delays or other extra factors from our simplified 

mixing model. 

A fundamental aspect of the mixing process is that 

the sensors must be spatially separated (e.g. 

microphonesthat are spatially distributed around a room) 

so that each sensor records a different mixture of the 

sources. With thisspatial separation assumption in mind, 

we can model the mixing process with matrix 

multiplication as follows: 

 

𝑋 𝑡 =  𝐴𝑠(𝑡)   (6)      

where A is an unknown matrix called the mixing 

matrixand x(t), s(t) are the two vectors representing the 

observed signals and source signals respectively. 

Incidentally, thejustification for the description of this 

signal processingtechnique as blind is that we have no 

information on the mixing matrix, or even on the sources 

themselves. 

The objective is to recover the original signals,    si(t 

),from only the observed vector xi(t). We obtain 

estimatesfor the sources by first obtaining the “unmixing 

matrix” W, 

where, W = A
−1

 

This enables an estimate, 𝑠  t , of the independent 

sources to be obtained: 

𝑠  t  = Wx(t) 
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The diagram in Figure 4 illustrates both the mixing 

and unmixing process involved in BSS. The 

independentsources are mixed by the matrix A (which is 

unknown inthis case). We seek to obtain a vector y that 

approximatesby estimating the unmixing matrix W. If the 

estimate ofthe unmixing matrix is accurate, we obtain a 

good approximation of the sources.[4] 

 

IV. STATASTICAL INDEPENDENCE 

A key concept that constitutes the foundation of 

independent component analysis is statistical 

independence. In probability theory two events are said to 

be statistically independent if the probability of 

occurrence of one event does not affect the probability of 

occurrence of other event. In the similar way we can say 

for random variables that the two random variables are 

independent if the occurrence of one event does not affect 

the probability distribution of other event. Condition of 

statistical independence for two events Two events A and 

B are independent if  and  only if their joint probability 

equals the product of their probabilities. 

 

P( A ⋂ B   = P A  . P B (7)      

 

To simplify the above discussion consider the case 

of two different random variables s1 and s2. The random 

variable s1 independent of s2, if the information about the 

value ofs1 does not provide any information about the 

value of s2,and vice versa. Here s1and s2 could be 

random signalsoriginating from two different physical 

processes that are notrelated to each other. 

 

V.    DEFINATION AND FUNDAMENTAL 

PROPERTIES 

 

To define the concept of independence, consider two 

scalar-valued random variables  y1 and y2. Basically, the 

variables y1 and y2 are said to be independent if 

information on the value of y1does not give any 

information on the value ofy2 , and vice versa.  

Above we noted that this is the case with the 

variables s1, s2 but not with the mixture variables x1 and 

x2.Technically, independence can be defined by the 

probability densities.  

Let us denote by p(y1, y2) the joint probability 

density function (pdf) of y1 and y2 

 Let us further denote by p1(y1) the marginal pdf of y1 , 

i.e. the pdf of y1 when it is considered alone:  

 

                   𝑝1(𝑦)1 =   𝑝 y1, y2 dy2(8) 

 

and similarly for y2. Then we define that y1 and y2 

are independent if and only if the int pdf is factorizable in 

the following way:  

 

𝑝 y1, y2 = 𝑝1 y1) p2(y2 (9) 

 

This definition extends naturally for any number n of 

random variables, in which case the joint density must be 

a product of n terms.The definition can be used to derive a 

most important property of independent random variables. 

Given two functions,  

 

𝐸{ℎ1(y1 )ℎ2(y2 ) =  𝐸(ℎ1)𝐸 (ℎ2 )(10) 

 

VI.   PRINCIPLE 

 

ICA basically works on two principles:  

Principle1: Ucorrelatedness: 

This is one of the important assumptions which 

explain the first principle of ICA. This principle states that 

if we want to recover original independent signals than 

there will restriction on input sources is that they must be 

uncorrelated to each other.  

Principle2: Maximum non-gaussianity: 

The second Principle if ICA states that to get our original 

sources here is one more restriction on the input sources is 

that they must be non-gaussian.  

Independent Components are Non Gaussian 

Components. The basic concept of non-gaussianitycan be 

implemented with the help of is Central Limit Theorem 

which states that “sum of non-Gaussian andom variables 

are closer to Gaussian in omparison with the original 

individual ones”.  

So by using these two principles and concept of  

statistical independence between the original sources  

the method of ICA widely used in many applications  

 

VI   ICA ASSUMPTIONS 

 

That the ICA separation of mixed signals gives very 

good results are based on two assumptions and three 

effects of mixing source signals. 

 

1. The sources being considered are statistically 

independent of each other 

The first assumption is fundamental to ICA. ICA based on 

the assumption that source signals are not only 

uncorrelated but also „statically independent‟. Essentially, 

if two variables are independent then the values of the one 

variable provides absolutely no information about the 

value of the other variable.. By contrast , even though two 

variables are uncorrelated, the value of one variable can 

still provide information about the value of the other 

variable. 

Statistical independence is the keyfeature that enables 

estimation of the independent components ˆ s(t) from the 

observations xi(t).  

 

2. The independent components have non-Gaussian 

distribution 

 

The second assumption is necessary because of the 

closelink betweenGaussianity and independence. Even if 

x and y are uncorrelated then knowing the value of x can 

still provide information about y . 

 

3. The mixing matrix is invertible 
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The third assumption is straightforward. If the mixing 

matrix is not invertible then clearly the unmixing matrix 

weseek to estimate does not even exist.If these three 

assumptions are satisfied, then it is possible to estimate 

the independent components modulo sometrivial 

ambiguities (discussed in Section 3.4). It is clearthat these 

assumptions are not particularly restrictive and 

as a result we need only very little information about the 

mixing process and about the sources themselves 

 

VII.   ICA AMBIGITIES 

 

There are two inherent ambiguities in the ICA 

framework.these are  

1.  Magnitude and scaling ambiguity 

The true variance of the independent components cannot 

be determined. To explain, we can rewrite the mixing in 

equation 1 in the form 

 

x = As 

 

= 𝑎𝑗 𝑠𝑗
𝑁
𝑗=1 (11) 

Where ajdenotes the jth column of the mixing matrix A. 

Since both the coefficients ajof the mixing matrix and the 

independent components sj are unknown, we can 

transformEquation  

 

𝑥 =    1/∝𝑗 𝑎𝑗   ∝𝑗 𝑠𝑗  
𝑁
𝑗=1 (12)   

 

fortunately, in most of the applications this ambiguity 

is insignificant. The natural solution for this is to use 

assumption that each source has unit variance: 

E {sj } = 1. 

Furthermore, the signs of the of the sources cannot be 

determined too. This is generally not a serious problem 

because the sources can be multiplied by -1 without 

affectingthe model and the estimation 

 

2.  Permutation ambiguity 

The order of the estimated independent components is 

unspecified. Formally, introducing a permutation matrix 

Pand its inverse into the mixing process in Equation 1. 

 

x = AP
−1

Ps 

= A's'(13) 

 

Here the elements of P s are the original sources, except in 

a different order, and A' = AP
−1

is another unknown 

mixing matrix. Equation 15 is indistinguishable 

from Equation 1 within the ICA framework, 

demonstrating that the permutation ambiguity is inherent 

to Blind SourceSeparation. This ambiguity is to be 

expectedU in separating the sources we do not seek to 

impose any restrictions on the order of the separated 

signals. Thus all permutations of the sources are equally 

valid. 

 

VIII.   ICA PROCESSING ALGORITHM 

 

Before examining specific ICA algorithms, it is 

instructiveto discuss preprocessing steps that are generally 

carried outbefore ICA.In the preceding section, we 

discussed the statistical principles underlying 

ICAmethods. We discuss some preprocessing techniques 

thatmake the problem of ICA estimation simpler and 

better conditioned[6] 

A. centering  

The most basic and necessary preprocessing is to 

center x, i.e. subtract its mean vector m = E{x} so as to 

make x a zero-mean variable. This implies that s is zero-

mean as well, as can be seen by taking expectations on 

both sides basic sensor output equations.  

This preprocessing is made solely to simplify the 

ICA algorithms: Itdoes not mean that the mean could not 

be estimated. After estimating the mixing matrix A with 

centered data, we can complete the estimation by adding 

the mean vector of s back to the centered estimates of s. 

The mean vector of s is given by A
-1

m, where m is the 

mean that was subtracted in the preprocessing.  

B. Whitening 

Another useful preprocessing strategy in ICA is to 

first whiten the observedvariables. This means that before 

the application of the ICA algorithm (and after centering), 

we transform the observed vector x linearly so that we 

obtain a new vector ˜x which is white, i.e. its components 

are uncorrelated and their variances equal unity. In other 

words, thecovariance matrix of ˜x equals the identity 

matrix: The whitening transformation is always possible. 

One popular method for whitening is to  

use the eigen-value decomposition (EVD) of the 

covariance matrix E{xx
T
}=EDE

T
 

where E is the orthogonal matrix of eigenvectors of 

E{xx
T
} and D is the diagonal matrix of its eigenvalues, 

D= diag(d1 ...,dn). Note that E{xx
T
} can be estimated in a 

standard way from the available sample x(1), ...,x(T). 

Whitening can now be done by 

 
𝑥 = 𝐸𝐷−1/2𝐸𝑇𝑋(14) 

 

where the matrix D
−1/2

is computed by a simple 

component-wise operation as D
-1/2

= diag(d
−1/2

1,..,d
−1/2

n ). 

It is easy to check that now E{˜x˜x
T
} = I.  

Whitening transforms the mixing matrix into a new 

one, ˜A.  

 
𝑥 = 𝐸𝐷−1/2𝐸𝑇𝐴𝑠 = 𝐴 s(15) 

 

The utility of whitening resides in the fact that the 

new mixing matrix ˜Ais orthogonal. This can be seen 

from 

 𝐸{𝑥 𝑥 𝑇}=𝐴  E{s𝑠𝑇 }𝐴 𝑇= A𝐴𝑇 = I(16) 

 

Here we see that whitening reduces the number of 

parameters to be estimated. Instead of having to estimate 

the n2parameters that are the elements of the original 

matrix A, we only need to estimate the new, orthogonal 

mixing matrix ˜A. An orthogonal matrix contains 

n(n−1)/2 degrees of freedom. For example, in two 

dimensions, an orthogonal transformation is determined 

by a single angle parameter. In largerdimensions, an  
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orthogonal matrix contains only about half of the number 

of parameters of an arbitrary matrix. Thus one can say 

that whitening solves half of the problem of ICA. Because 

hitening is a very simple and standard procedure, much 

simpler than any ICA algorithms, it is a good idea to 

reduce the complexity of the problem this way.  

It may also be quite useful to reduce thedimension of the 

data at the same time as we do the whitening. Then we 

look at the eigen values djof E{xx
T
} and discard those 

that are too small, as is often done in the statistical 

technique of principal component analysis. 

IX.   ICA ALGORITHMS 

There are several ICA algorithms available in literature. 

These includes 

 

 Jutten-Hérault algorithm  

 Non-linear decorrelation algorithms  

 Algorithms for maximum likelihood or infomax 

estimation  

 Non-linear PCA algorithms  

 Neural one-unit learning rules  

 Other neural (adaptive) algorithms  

 The FastICA algorithm  

 Tensor-based algorithms  

 Weighted covariance method 

How ever the FastICA algorithm is widely used 

in numerous signal processing applications. 

FastICA Algorithm 

FastICA is a fixed point ICA algorithm that employs 

higher order statistics for the recovery of independent 

sources.FastICA can estimate ICs one by one (deflation 

approach)or simultaneously (symmetric approach). 

FastICA usessimple estimates of Negentropy based on the 

maximum entropy principle, which requires the use of 

appropriate nonlinearities for the learning rule of the 

neural network. 

Fixed point algorithm is based on the mutual information. 

Which can be written as: 

 

 

𝐼 𝑠 =  𝑓𝑠(s)log
𝑓𝑠(𝑠)

⊓𝑓𝑠𝑖(𝑠𝑖)
ds(17) 

 

This measure is kind of distance of independence. 

Minimising mutual information leads to ICA solution. For 

the fast ICA algorithm the above equation is re written as 

𝐼 𝑠 = 𝑗 𝑠 −   𝑗𝑠𝑖 +  
1

2
log

⊓𝐶𝑖𝑖

𝑑𝑒𝐶𝑠𝑠
(18) 

 

here ˆ s = Wx, Cssis the correlation matrix, and cii is 

theith diagonal element of the correlation matrix. The 

lastterm is zero because siare supposed to be 

uncorrelated.The first term is constant for a problem, 

because of the invariance in Negentropy. The problem is 

now reduced toseparately maximising the Negentropy of 

each component.Estimation of Negentropy is a delicate 

problem.The algorithm works withWhitened data, 

although aversion of non-whitened data exists. 

– Criteria 

The maximisation is preferred over the following index 

JG(w) = [E {G(w
T
v)} − E {G(ν )}

2
 

to find one independent component, with ν standard 

gaussian variable, and G, the one unit contrast function. 

– Update rule 

pdate rule for the generic algorithm is 

w∗= E {vg(w
T
)} − E {g′w

T
)}w 

w = w∗/∥w∗∥(19) 

to extract one component. There is symmetric version of 

the FP algorithm, whose update rule is 

W∗= E {g(Wv)v
T
} − Diag(E {g′( Wv)}) W 

W = (W∗W∗T
)

−1/2
W∗(20) 

 

whereDiag(v) is a diagonal matrix with Diagii (v) = vi 

- Parameters 

FastICA uses the following nonlinear parameters for 

convergence. 

 𝑦 =   𝑦3

𝑡𝑎𝑛 ℎ (y )
(21) 

The choice is free except that the symmetric algorithm 

withtanh non linearity does not separate super Gaussian 

signals. Otherwise the choice can be devoted to the 

other criteria, for instance the cubic non linearity is 

faster,whereas the tanh linearity is more stable. In 

practice, the expectations in FastICA must be replacedby 

their estimates. The natural estimates are of course 

thecorresponding sample means. Ideally, all the data 

availableshould be used, but this is often not a good idea 

because thecomputations may become too demanding. 

Then the averages can be estimated using a smaller 

sample, whose sizemay have a considerable effect on the 

accuracy of the finalestimates. The sample points should 

be chosen separatelyat every iteration. If the convergence 

is not satisfactory,FastICalgorithm for all applications. 

X.  APPLICATIONS OF ICA 

The success of ICA in source separation has resulted in a 

number of practical applications. These includes, 

• etecting abrupt change in current signals in  

power system 

• Seismic monitoring  

• Telecommunication 

• Feature extraction 

• Sensor signal processing 

• Radio communications  

• Audio signal processing  

• Image processing  

• Data mining  

• Time series forecasting  

• Defect detection in patterned display surfaces  

• Bio medical signal processing[7] 

Some of the futuristic and emerging applications in the 

field of electrical power system and protection are 

discussed bellow 

AAbrupt change detection in current signals 

This is a novel approach for fault detection in a power 

system based on independent component analysis. The 

index for detection of fault and discrimination between 
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fault and power swing is derived from independent 

component. 

B.  Feature extraction 

In the feature extraction  the columns of mixing matrix A 

represents features and s
i
gives the oefficient of the 

i
th

feature of an observed data vector x. Theory of 

redundancy reduction motivates to use ICA for feature 

extraction 

ICA canappliedto construct the appropriate feature vectors 

for the different power system conditions. Finally pattern-

matching algorithm would be applied using those feature 

vectors to accomplish the fault recognition and associated 

tasks.  

XI. CONCLUSION 

In this paper we have  introduced the theoretical 

concepts of BSS and ICA. The mathematical framework 

of the source mixingproblem that BSS/ICA addresses was 

examined in some detail, as was the general approach to 

solving BSS/ICA. We have discussed the basic definition 

of ICA along with principles and processing algorithm.As 

part of this discussion, some inherent assumptions and 

ambiguities ofthe BSS/ICA framework were examined as 

well as thetwo important preprocessing steps of centering 

and whitening. 

We also discussed the algorithm for FastICA. 

Finally we discussed different applicationsFinally, the 

application domainsof this novel technique are presented. 

Some of the futuristic works on ICA techniques, which 

need further investigation, are discussed. The material 

covered in this paper is important not only to understand 

the algorithms used to performBSS/ICA, but it also 

provides the necessary background to understand 

extensions to the framework of ICA for futureresearchers. 
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Abstract-- Graphical User Interface (GUI for short) allows 

users to interact with the computer hardware in a user friendly 

way. It is a computer program that enables a person to 

communicate with a computer through the use of symbols, 

visual metaphors, and pointing devices. The GUI is now the 

standard computer interface, and its components have 

themselves become unmistakable cultural artifacts. In this 

paper I have discussed History of operating systems; working 

and generation of graphical user interface operating systems.  

Keywords: Artifacts, Precursor 

I. INTRODUCTION 

 GUI uses a combination of technologies and devices 

to provide a platform that the user can interact with, for 

the tasks of gathering and producing information. A series 

of elements conforming a visual language have evolved to 

represent information stored in computers. This makes it 

easier for people with few computer skills to work with and 

use computer software. The most common combination of 

such elements in GUIs is the WIMP ("window, icon, menu, 

and pointing device") paradigm, especially in personal 

computers. 

II. HISTORY 

A precursor to GUIs was invented by researchers at 

the Stanford Research Institute, led by Douglas Engelbart. 

They developed the use of text-based 

hyperlinks manipulated with a mouse for the On-Line 

System. The concept of hyperlinks was further refined and 

extended to graphics by researchers at Xerox PARC and 

specifically Alan Kay, who went beyond text-based 

hyperlinks and used a GUI as the primary interface for 

the Xerox Alto computer. Most modern general-purpose 

GUIs are derived from this system. 

The PARC user interface consisted of graphical elements 

such as windows, menus, radio buttons, check 

boxes and icons. The PARC user interface employs 

a pointing device in addition to a keyboard. These aspects 

can be emphasized by using the alternative acronym WIMP, 

which stands for Windows, Icons, Menus and Pointing 

device. 

Following PARC the first GUI-centric computer operating 

model was the Xerox 8010 Star Information System in 

1981, followed by the Apple Lisa(which presented the 

concept of menu bar as well as window controls) in 1983, 

the Apple Macintosh 128K in 1984, and the Atari ST and 

Commodore Amiga in 1985. The GUIs familiar to most 

people today (as of the early 2000s) are Microsoft 

Windows, Mac OS X, and the X Window System interfaces 

for desktop and laptop computers, and Symbian, BlackBerry 

OS, Android, Windows Phone, Palm OS / Web OS, Firefox 

OS, and Apple's iOS for handheld ("Smartphone") devices. 

Apple, IBM and Microsoft used many of Xerox's ideas to 

develop products, and IBM's Common User 

Access specifications formed the basis of the user interface 

found in Microsoft Windows, and the Unix Motif toolkit 

and window manager. These ideas evolved to create the 

interface found in current versions of Microsoft Windows, 

as well as in Mac OS X and various desktop 

environments for Unix-like operating systems, such 

as Linux. 

III. WORKING 

In computing, graphical user interface (GUI, sometimes 

pronounced "gooey" or "gwee") is a type of user 

interface that allows users to interact with electronic devices 

through graphical icons and visual indicators such 

as secondary notation, as opposed to text-based interfaces, 

typed command labels or text navigation. GUIs were 

introduced in reaction to the perceived steep learning 

curve of command-line interfaces (CLI), which require 

commands to be typed on the keyboard. 

 

 COMMAND LINE INTERFACE(CLI) 

Since the commands available in command line interfaces 

can be numerous, complicated operations can be completed 

using a short sequence of words and symbols. This allows 

for greater efficiency and productivity once many 

commands are learned, but reaching this level takes some 

time because the command words may not be easily 

discoverable or mnemonic. In addition, using the command 

line can become slow and error-prone when the user needs 

to enter very long commands, comprising many parameters 

and/or several different filenames at 

once. WIMPs ("window, icon, menu, pointing device"), on 

the other hand, present the user with numerous widgets that 

represent and can trigger some of the system's available 

commands. On the other hand, GUIs can be made quite hard 

by burying dialogs deep in the system, or moving dialogs 

from place to place. Also, dialog boxes are considerably 

harder for the user to script.WIMPs extensively 

uses modes as the meaning of all keys and clicks on specific 

positions on the screen are redefined all the time. Command 

A 
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line interfaces use modes only in limited forms, such as the 

current directory and environment variables. 

 

 

Figure 1. CLI operating system 

Most modern operating systems provide both a GUI and 

some level of a CLI, although the GUIs usually receive 

more attention. The GUI is usually WIMP-based, although 

occasionally other metaphors surface, such as those used 

in Microsoft Bob, 3dwm or File System Visualizer (FSV). 

Applications may also provide both interfaces, and when 

they do the GUI is usually a WIMP wrapper around the 

command-line version. This is especially common with 

applications designed for Unix-like operating systems. The 

latter used to be implemented first because it allowed the 

developers to focus exclusively on their product's 

functionality without bothering about interface details such 

as designing icons and placing buttons. Designing programs 

this way also allows users to run the program non-

interactively, such as in a shell script. 

 

 THREE DIMENSIONAL USER INTERFACE 

 

For typical computer displays, three-dimensional are a 

misnomer—their displays are two-dimensional. 

Semantically, however, most graphical user interfaces use 

three dimensions - in addition to height and width, they 

offer a third dimension of layering or stacking screen 

elements over one another. This may be represented visually 

on screen through an illusionary transparent effect, which 

offers the advantage that information in background 

windows may still be read, if not interacted with. Or the 

environment may simply hide the background information, 

possibly making the distinction apparent by drawing a drop 

shadow effect over it. Some environments use the methods 

of 3D graphics to project virtual three dimensional user 

interface objects onto the screen. These are often shown in 

use in sci-fi films (see below for examples). As the 

processing power of computer graphics hardware increases, 

this becomes less of an obstacle to a smooth user 

experience. Three-dimensional graphics are currently 

mostly used in computer games, art and computer-aided 

design (CAD). A three-dimensional computing environment 

could also be useful in other scenarios, like molecular 

graphics and aircraft design. 

 

 

  Figure 2. 3D user interface 

(B) GENERATION OF GRAPHICAL USER INTERFACE  

 1. Xerox Alto 

The first GUI was developed by researchers at Xerox Palo 

Alto Research Center (PARC) in the ’70s. This research 

opened a whole new era of computer graphic innovations. 

The first personal computer which used a modern graphical 

user interface was the Xerox Alto, developed in 1973. This 

was not a commercial product and was intended mainly for 

research at universities. It was not a commercial product, 

but several thousand units were built and were heavily used 

at PARC, other Xerox facilities, and at several universities 

for many years. The Alto greatly influenced the design of 

personal computers in the following decades, notably the 

Apple Macintosh and the first Sun workstations. 
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Figure 3. First user interface of Xerox alto 

 

2. Xerox 8010 Star (released in 1981) 

This was the first system that was referred to as a fully 

integrated desktop computer including applications and a 

GUI. It was known as “The Xerox Star”, later 

renamed “ViewPoint” and later again renamed 

to “GlobalView”. 

 

 
 
 Figure 4. Xerox 8010 star user interface 

3. Apple Lisa Office System 1 (released in 1983) 

 

Also referred to as Lisa OS, which in this case is short for 

Office System. It was developed by Apple with the intention 

of being a document processing workstation. Unfortunately 

this workstation didn’t last, it was killed by Apple’s 

Macintosh operating system that was more affordable. 

There were upgrades to Lisa OS, Lisa OS 2 in 1983 

and Lisa OS 7/7 3.1 in 1984, that upgraded the system itself, 

but not the graphical user interface. 

 

 

Figure 5. Apple Lisa Office System 1 user interface 

4. Mac OS System 1.0 (released in 1984) 

System 1.0 was the first operating system GUI developed 

for the Macintosh. It had several features of a modern 

operating system, being windows based with icons. The 

windows could be moved around with the mouse and files 

and folders could be copied by dragging and dropping onto 

the target location. 

 

 

Figure 6:  Mac OS System 1.0 user interface 
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5. Windows 1.0x (released in 1985) 

In this year Microsoft finally caught up with the whole 

graphical user interface craze and released Windows 1.0, its 

first GUI based operating system (although no one would 

dare to refer to it as one). The system featured 32×32 pixel 

icons and color graphics. The most interesting feature 

(which later was omitted) was the icon of the animated 

analog clock. 

 

 

Figure 7. Windows 1.0x user interface 

6. Windows 2.0x (released in 1987) 

Windows 2.0 allowed application windows to overlap each 

other unlike its predecessor Windows 1.0, which could 

display only tiled windows. Windows 2.0 also introduced 

more sophisticated keyboard-shortcuts and the terminology 

of "Minimize" and "Maximize", as opposed to "Iconize" and 

"Zoom" in Windows 1.0. The basic window setup 

introduced here would last through Windows 3.1. Like 

Windows 1.x, Windows 2.x applications cannot be run on 

Windows 3.1 or up without modifications since they weren't 

designed for protected mode. Windows 2.0 was also the first 

Windows version to integrate the control panel. 

 

Figure 8. Windows 2.0x user interface 

 

7. NeXTSTEP / OPENSTEP 1.0 (released in 1989) 

 

Steve Jobs came up with the idea to create the perfect 

research computer for universities and research labs. This 

idea later evolved into a startup called NeXT Computer Inc. 

The first NeXT computer was released in 1988, however 

significant advances were made in 1989 with the release of 

the NeXTSTEP 1.0 GUI, which later evolved into 

OPENSTEP. The GUI’s icons were bigger (48×48) and it 

introduced more colors. The GUI was initially 

monochrome, but version 1.0 started supporting color 

monitors too. This screenshot gives you have a peek into 

what would become the modern GUIs. 

 

 

Figure 9. NeXTSTEP / OPENSTEP 1.0 user interface 

8. Windows 3.0 (released in 1990) 

 

By this version, Microsoft had realized the real potential in 

GUI’s and started to significantly improve them. The 

operating system itself supported standard and 386 

enhanced modes, which made use of higher memory 

capacity than 640 KB and hard disk space, resulting in the 

ability to use higher screen resolutions and better graphics, 

such as Super VGA 800×600 and 1024×768. Also, 

Microsoft hired Susan Kare to design the Windows 3.0 

icons and to add a unified style to the GUI. 

 

 

Figure 10. Windows 3.0 user interface 
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9. Windows 95 (released in 1995) 

 

The user interface was completely re-designed since version 

3.x. This was the first Windows version where a small close 

button was added to each window. The design team gave 

states (enabled, disabled, selected, checked, etc.) to icons 

and other graphics. The famous Start button appeared for 

the first time. This was a huge step forward for Microsoft 

regarding the operating system itself and the unified GUI. 

 

Figure 10. Windows 95 user interface 

10. Mac OS System 8 (released in 1997) 

 

Mac OS 8 is an operating system that was released by Apple 

Computer on July 26, 1997. It represented the largest 

overhaul of the Mac OS since the release of System 7, some 

six years previously. It puts more emphasis on color than 

previous operating systems. Released over a series of 

updates, Mac OS 8 was an effort to integrate many of the 

technologies developed for Apple's overly-

ambitious operating system known as Copland. 

 

 

Figure 11. Mac OS System 8 user interface 

Mac OS 8 helped modernize the Mac OS while Apple 

developed its next generation operating system, OS X.
 
256 

color icons were the default in this version of the GUI. Mac 

OS 8 was one of the early adopters of isometric style icons, 

also called pseudo-3D icons. The platinum grey theme used 

here became a trademark for future versions of the GUI. 

11. Windows 98 (released in 1998) 

Windows 98 (codenamed Memphis) is a graphical operating 

system by Microsoft. It is the second major release in 

the Windows 9x line of operating systems. It was released 

to manufacturing on May 15, 1998 and to retail on June 25, 

1998. Windows 98 is the successor to Windows 95. Like its 

predecessor, it is a hybrid 16-bit/32-bit monolithic product 

with an MS-DOS based boot stage. Windows 98 was 

succeeded by Windows 98 Second Edition on May 5, 1999, 

then by Windows ME (Millennium Edition) on September 

14, 2000. Microsoft ended support for Windows 98 on July 

11, 2006. 

 

 

Figure 12. Windows 98 user interface 

12. GNOME 1.0 (released in 1999) 

 

GNOME is a desktop environment and graphical user 

interface (GUI) that runs on top of a computer operating 

system. It is composed entirely of free and open source 

software and is developed by both volunteers and paid 

contributors, the largest corporate contributor being Red Hat  

It is an international project that includes creating software 

development frameworks, selecting application software for 

the desktop, and working on the programs that 

manage application launching, file handling, and window 

and task management. GNOME is part of the GNU 

Project and can be used with various Unix-like operating 

systems, most notably GNU/Linux. 
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      Figure 13. GNOME 1.0 user interface 

13. Mac OS X (released in 2001) 

 

In early 2000 Apple announced their new Aqua interface 

and in 2001 the company released it with their brand new 

operating system called Mac OS X. The default 32 x 32 and 

48 x 48 icons were changed to big 128 x 128 anti-aliased 

and semi-transparent icons. Lots of criticism followed after 

the release of this GUI. Apparently users were not quite 

ready for such a big change, but soon enough they adopted 

the new style and today this GUI represents the basis of all 

Mac OS X operating systems. 

 

 
  

Figure 14. Mac OS X user interface 

14. Windows XP (released in 2001) 

 

Windows XP, the successor to Windows 

2000 and Windows ME, was the first consumer-oriented 

operating system produced by Microsoft to be built on 

the Windows NT kernel. The NT-based versions of 

Windows, which are programmed in C, C++, 

and assembly, are known for their improved stability and 

efficiency over the 9x versions of Microsoft 

Windows. Windows XP presented a significantly 

redesigned graphical user interface, a change Microsoft 

promoted as more user-friendly than previous versions of 

Windows. In an attempt to further ameliorate the "DLL 

hell" that plagued the past versions of Windows, 

improved side-by-side assembly technology in Windows XP 

allows side-by-side installation, registration and servicing of 

multiple versions of globally shared software components in 

full isolation. It is also the first version of Windows to 

use product activation in an effort to reduce software piracy. 

 

 

Figure 15. Windows XP user interface 

15. Windows Vista (released in 2007) 

This was Microsoft’s response to their competition. They 

also included quite a lot of 3D and animation. Since 

Windows 98, Microsoft has always tried to improve the 

desktop. With Windows Vista they released widgets and a 

somewhat improved replacement of the Active Desktop. 

 

 
 

Figure 16. Windows Vista  user interface 
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16. Mac OS X Leopard (released in 2007) 
 
With their 6th generation, Mac OS X system Apple, once 

again improved the user interface. The basic GUI is still the 

Aqua with its candy scroll bars and platinum grey, blue 

colors. The new GUI features a more 3D look, with the 3D 

dock and lots more animation and interactivity. 

 

Figure 17. Mac OS X Leopard user interface 

16 Windows 7 (released in 2009) 

 

Windows 7 is an operating system produced 

by Microsoft for use on personal computers, including home 

and business desktops, laptops, net books, tablet PCs, 

and media center PCs. It was released to manufacturing on 

July 22, 2009, and became generally available for retail 

worldwide on October 22, 2009, less than three years after 

the release of its predecessor, Windows Vista. Windows 

7's server counterpart, Windows Server 2008 R2, was 

released at the same time. Windows 7 is succeeded 

by Windows 8. Unlike Windows Vista, which introduced 

many new features, Windows 7 was an incremental upgrade 

designed to work with Vista-compatible applications and 

hardware. Presentations given by Microsoft in 2008 focused 

on multi-touch support, an updated Windows shell with a 

new taskbar, a home networking system called Home 

Group, and performance improvements. Some standard 

applications that have been included with prior releases of 

Microsoft Windows, including Windows 

Calendar, Windows Mail, Windows Movie Maker, 

and Windows Photo Gallery, are not included in Windows 

7; most are instead offered separately at no charge as part of 

the Windows Essentials suite. 

 

 

Figure 18. Windows 7 user interface 

17. USER INTERFACE 2010 OWNWORDS 

WINDOWS 8 & WINDOWS 8.1(released in 2012) 

Windows 8 introduces significant changes to the operating 

system's user interface, many of which are aimed at 

improving its experience on tablet computers and 

other touch screen devices. The new user interface is based 

on Microsoft's Metro design language, and uses a Start 

screen similar to that of Windows Phone as the primary 

means of launching applications. The Start screen displays a 

customizable array of tiles linking to various apps and 

desktop programs, some of which can display constantly 

updated information and content through "live tiles". As a 

form of multi-tasking, apps can be snapped to the side of a 

screen. Alongside the traditional Control Panel, a new 

simplified and touch-optimized settings app known as "PC 

Settings" is used for basic configuration and user settings. It 

does not include many of the advanced options still 

accessible from the normal Control Panel. 

 

 

Figure 19. Windows 8 user interface 

18. MAC OS MOUNTAIN LION 

OS X Mountain Lion (version 10.8) is the ninth major 

release of OS X (formerly Mac OS X), Apple Inc.'s desktop 

and server operating system for Macintosh computers. OS X 

Mountain Lion was released on July 25, 2012 for purchase 
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and download through Apple's Mac App Store, as part of a 

switch to releasing OS X versions online and every year. 

Named to signify its status as a refinement of the previous 

OS X version, Lion, Apple's stated aims in developing 

Mountain Lion were to allow users to more easily manage 

and synchronize content between multiple Apple devices 

and to make the operating system more familiar. 

 

Figure 20 .  Mac OS Mountain Lion user interface 

 

 

IV.CONCLUSION 

In this review papers I have discussed what graphical user 

interfaces are. Here I have mentioned the history, working 

and the generation of graphical user interfaces. I hope that 

above information’s stated correctly. Earlier we use CLI 

mode of user interface then as generation advanced 

introduction of graphics such as colour, font, geometric 

shapes and interactive user interface were gradually 

introduced and updated time to time. 
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Abstract-- In this research paper the analysis of MSP430, ARM 

and Microcontroller 8051 has been done according to their 

addressing modes. The most specific application of these 

microcontrollers is in embedded systems. An embedded system 

can be defined as a control system or computer system 

designed to perform a specific task. Common examples of 

embedded systems include MP3 players, navigation systems on 

aircraft and intruder alarm systems. An embedded system can 

also be defined as a single purpose computer. Embedded 

systems Operate in constrained environments in which 

computer memory and processing power are limited. They 

often need to provide their services within strict time deadlines 

to their users and to the surrounding world. Billions of 

computing systems are built every year embedded within 

larger electronic devices. Its software embeds in ROM (Read 

Only Memory. Embedded Systems does not need secondary 

memories as in a computer; their extensive use and integration 

in everyday products marks a significant evolution in 

information science and technology. Embedded computers are 

considered economical when  the cost of implementing a 

product designed in software on a microprocessor and some 

small amount of hardware, is cheaper, more reliable, or better 

for some other reason than a discrete hardware design; It also 

happens that one generic embedded system with a standard 

input and output configuration can be made to perform in a 

completely different manner simply by changing the 

software. Embedded systems are often required to 

provide Real-Time response. Examples of such systems are 

flight control systems of an aircraft, sensor systems in nuclear 

reactors and power plants. 

Our goal is to analysis the performance of MSP43, ARM and 

Microcontroller 8051 according to their Addressing Modes. So 

that we can use that microcontroller with some enhanced 

characteristic properties in some particular applications. 

Keywords-- Embedded system, Microcontroller, Rom, 

Microprocessor, Real-Time response. 

I. INTRODUCTION 

he term addressing modes refers to the way in which 

the operand of an instruction is specified. Information 

contained in the instruction code is the value of the operand 

or the address of the result/operand. The operand can be in a 

register or fully included in the instruction. Addressing 

modes affects the code length and execution speed of the 

assembly language program.Microcontroller application 

program code size can directly affect the cost and power 

consumption of products therefore it is almost always 

viewed as an important factor in the selection of a 

microcontroller for embedded projects.                

The MSP430 supports seven addressing modes for the 

source operand and four addressing modes for the 

destination operand (see Table). The following sections 

describe each of the addressing modes, with a brief 

description, an example and the number of CPU clock 

cycles required for an instruction, depending on the 

instruction format and the addressing modes used. 

 Mode Source 

operand 

Destination 

operand 

Description  

 

Register 

mode 

X x Single cycle  

Indexed 

mode 

X x Table 

processing  

Symbolic 

mode 

X x Easy to read 

code,  

PC relative  

Absolute 

mode 

X x Directly 

access any  

memory 

location 

Indirect 

register 

mode 

X  Access 

memory  

with 

pointers 

Indirect 

auto 

increment 

mode 

X  Table 

processing 

Immediate 

mode 

X  Unrestricted  

constant 

values  

                

T 
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ARM processor supports following different   addressing 

modes. All instructions can fit into a single word (32 bits). 

 
 

Name 

Alternative Name ARM  Examples 

Register  to     

register 

  Direct  Rgister MOV R0, R1 

Absolute Direct LDR R0, MEM 

Literal   Immediate MOV R0, #15 

ADD R1, R2, #12 

Indexed, base Register indirect LDR R0, [R1] 

Pre-indexed, 

base with 

displacement 

Register indirect 

With offset 

LDR R0, [R1, #4] 

Pre-indexed, 

Autoindexing 

Register indirect 

pre-incrementing 

LDR R0, [R1, 

#4]! 

Post-indexing, 

Autoindexed 

Register indirect 

post-increment 

LDR R0, [R1], #4 

Double Reg 

indirect 

Register indirect 

Register indexed 

LDR R0, [R1, 

R2] 

Double Reg 

indirect with 

scaling 

 

Register indirect 

indexed with 

scaling 

LDR R0, [R1, r2, 

LSL #2] 

Program counter 

relative 

 LDR R0, [PC, 

#offset] 

 

MC 8051 supports eight modes of addressing. The different 

addressing modes determine how   the operand byte is 

selected. 

Addressing  Modes Instructions 

 

Register MOV A , B  

Direct MOV  30H , A 

Indirect ADD  A , @R0 

Immediate Constant MOV A , #30H 

Indexed MOV  A , @A+PC 

A.  Main characteristics of a MSP430 microcontroller 

Although there are variants in devices i-n the family, a 

MSP430 microcontroller can be characterized by:  

  Low power consumption:  

  0.1 mA for RAM data retention;  

 0.8 mA for real time clock mode operation;  

  250 mA/MIPS at active operation.  

  Low operation voltage (from 1.8 V to 3.6 V).  

  < 1 s clock start-up.  

  < 50 nA port leakage.  

  Zero-power Brown-Out Reset (BOR).  

  On-chip analogue devices:  

  10/12/16-bit Analogue-to-Digital Converter (ADC);  

  12-bit dual Digital-to-Analogue Converter (DAC);  

 Comparator-gated timers;  

 Operational Amplifiers (OP Amps); 

 Supply Voltage Supervisor (SVS).  

 16 bit RISC CPU:  

 Instructions processing on either bits, bytes or words;  

 Compact core design reduces power consumption and 

cost;  

 Compiler efficient; 27 core instructions;  

 7 addressing modes;  

 Extensive vectored-interrupt capability.  

 Flexibility:  

 Up to 256 kB In-System Programmable (ISP) Flash;  

 Up to 100 pin options;  

 USART, I2C, Timers; LCD driver;  

 Embedded system 

B.  Address space 

All memory, including RAM, Flash/ROM, information 

memory, special function registers (SFRs), and peripheral 

registers are mapped into a single, contiguous address 

space. The MSP430 is available with either Flash or ROM 

memory types. The memory type is identified by the letter 

immediately following “MSP430” in the part numbers. 

Flash devices: Identified by the letter “F” in the part 

numbers, having the advantage that the code space can be 

erased and reprogrammed.  

C.  ROM devices 

Identified by the letter “C” in the part numbers. They have 

the advantage of being very inexpensive because they are 

shipped pre-programmed, which is the best solution for 

high-volume . 

D. Flash/ROM 

The start address of Flash/ROM depends on the amount of 

Flash/ROM present on the device. The start address varies 

between 01100h (60k devices) to 0F800h (2k devices) and 

always runs to the end of the address space at location 

0FFFFh. Flash can be used for both code and data. Word or 

byte tables can also be stored and read by the program from 

Flash/ROM. 

E. Information memory  (Flash devices only) 

The MSP430 flash devices contain an address space for 

information memory. It is like an onboard EEPROM, where 

variables needed for the next power up can be stored during 

power down. It can also be used as code memory. Flash 

memory may be written one byte or word at a time, but 

must be erased in segments. The information memory is 

divided into two 128-byte segments. The first of these 

segments is located at addresses 01000h through to 0107Fh 

(Segment B), and the second is at address 01080h through 

to 010FFh (Segment A). This is the case in 4xx devices. It is 

256 bytes (4 segments of 64 bytes each) in 2xx devices. ide 

in this memory space. 
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F. Boot memory (Flash devices only) 

The MSP430 flash devices contain an address space for 

boot memory, located between addresses 0C00h through to 

0FFFh. The “bootstrap loader” is located in this memory 

space, which is an external interface that can be used to 

program the flash memory in addition to the JTAG. This 

memory region is not accessible by other applications, so it 

cannot be overwritten accidentally. The bootstrap loader 

performs some of the same functions as the JTAG interface 

(excepting the security fuse programming), using the TI 

data structure protocol for UART communication at a fixed 

data rate of  9600 baud.  

G. RAM 

RAM always starts at address 0200h. The end address of 

RAM depends on the amount of RAM present on the 

device. RAM is used for both code and data. 

H. Peripheral Modules 

Peripheral modules consist of all on-chip peripheral 

registers that are mapped into the address space. These 

modules can be accessed with byte or word instructions, 

depending if the peripheral module is 8-bit or 16-bit 

respectively. The 16-bit peripheral modules are located in 

the address space from addresses 0100 through to 01FFh 

and the 8-bit peripheral modules are mapped into memory 

from addresses 0010h through to 00FFh.  

CONCLUSION 

Addressing modes are the method used to determine which 

part of memory is being referred to by a machine 

instruction. Addressing modes are an aspect of the 

instruction set architecture in most central processing unit 

(CPU) designs. An addressing mode specifies how to 

calculate the effective memory address of an operand by 

using information held in registers and/or constants 

contained within a machine instruction or elsewhere 
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Abstract--- The growth of wireless technology and Mobile 

devices in this era is creating a great impact on our lives. 

Some early efforts have been made to combine and utilize 

both of these technologies in advancement of hospitality 

industry. This paper presents an easy and more subtle way 

of communicating to realize a wireless food ordering system. 

This system, implements wireless data access to the servers 

and food ordering functions through both desktops and 

mobile devices such as tablets over a wirelessly integrated 

local area network. In this paper we discuss about the design 

& implementation of automated food ordering system for 

restaurants. This system, implements wireless data access to 

servers. The android application on user’s mobile will have 

all the menu details. The order details from customer’s 

mobile are wirelessly updated in central database and 

subsequently sent to kitchen and cashier respectively. The 

restaurant owner can manage the menu modifications easily. 

The wireless application on mobile devices provides a means 

of convenience, improving efficiency and accuracy for 

restaurants by saving time and real-time customer feedback. 

I.  INTRODUCTION 

usiness in the hospitality industry has been greatly 

influenced and competition has increased due to 

improved food ordering techniques. In earlier days, food 

ordering was a completely manual process where a waiter 

used to note down orders from the customers using pen 

and paper, take the orders to the kitchen, bring the food 

and make the bill. Although this system is simple it 

requires extensive investment in purchase and storage of 

paper, large manpower and also is prone to human errors 

and greater time consumption. In order to overcome these 

limitations in manual system, some systems were 

developed later like multi-touchable restaurant 

management systems to automate food ordering process. 

A wireless application could be designed and this 

application is installed on each of the tablets, PC‟s and 

phones, the customer selects the food from the menu 

provided to him and gives the order. The orders from the 

customer‟s tablet are sent wirelessly to the kitchen as well 

as updated on a central database. 

The following are some merits of using such an 

application: 

 Due to the tablets, the waiter need not go to the tables 

to take the order. 

 The waiters can spend more time in satisfying the 

customers and there will be no mixing of orders. 

 Status of the ordered food can be checked any time 

by the waiter as well as customer. 

 

II.LITERATURE REVIEW 

Traditional Paper Based System: 

One of the widely used food ordering schemes is the 

traditional paper based system. In this system all records 

are stored on paper. The main drawback of this system is 

papers can get easily lost or damaged. There is also 

wastage of money, time and paper. Paper-based systems 

do not provide any form of dynamicity. Even a small 

change requires the entire menu -card to be re-printed. 

Since large manpower is required, this system is error-

prone and is time consuming from a customer‟s point of 

view. 

Introduction of Computers in Hospitality Industry: 

The emergence of computers pioneered the automation of 

the food ordering system. A PC was set up where waiter 

after taking the orders would enter the order in the system. 

The information was then displayed at a screen in the 

kitchen. The kitchen staff would then prepare the dishes 

accordingly and on completion would notify the waiter 

who collected and delivered the dishes to the respective 

tables. The system was also capable of intimidating the 

waiter about the availability of a dish. If a certain dish was 

unavailable, the waiter was able to ask for changes or 

even delete a customer‟s order. After serving the food, the 

waiter used to generate the bill at the cash counter. All the 

details of the customer were fed into the system which the 

management had full access to. 

With the advancement in the computer and 

communication technology, various systems were 

launched in market for the purpose of automation of the 

food ordering system. Some of them are mentioned 

below: 

Q-order: 

The next improvement in restaurant industry was 

'QORDER'. The waiters now no longer took the orders on 

paper instead all the orders were taken on a handheld 

device called the „QORDER‟. It was a android device 

where the waiter enters order information on the touch 

screen and then sends it to the kitchen in for processing. 

Once the guests are done, the waiter prints the receipt out 

and processes payment with the handheld unit. 

Multi-Touch Technology: 

Multi-touch technology is an enhancement to the existing 

touch technology where users are allowed to control and 

B 



International Conference on Multidisciplinary Research & Practice                           P a g e  | 685 

Volume I Issue VIII                                                                  IJRSI                                                                   ISSN 2321-2705 
 

perform operations simultaneously on the electronic 

visual displays using gesture inputs. The term “Multi-

Touch surface” refers to a surface that senses touch such 

that it has the power to identify the occurrence of more 

than two points of contact with the surface. Multi-touch 

technology is an advanced human-machine interaction 

technique that recognizes multiple touch points and also 

includes the hardware devices that implements it, which 

allows the users to interact without any conventional input 

devices but touch screens available in the market are of 

capacitive or resistive types which are very costly. 

Personal Digital Assistants (Pda’s): 

When new technologies and approaches being introduced 

to automate the food ordering process a number of 

wireless systems like WOS, i-menu, FIWOS were 

developed. All these systems were PDA- based. When 

order making completes, these PDAs are to be collected 

by the waiters to be used by other customers. PDAs are 

small and portable devices.With wireless technology, the 

communication between the server and PDA is 

feasible.There was easy communication between the 

PDAs and server due to wireless technology. 

But this system also had several drawbacks. PDA-based 

system increased the restaurants expenditures as a number 

of  PDAs are required to serve the number of customers 

during peak hours. PDA systems also did not provide any 

real time feedback from customers; Menu cards in the 

PDAs were unattractive and uninformative as it did not 

support images. 

III. METHODOLOGY 

To overcome the limitation in PDA based system we 

proposed an automated food ordering system for 

restaurants with real time customer feedback (AOS-RTF). 

It is a wireless food ordering system using android 

devices. 

Android smart phones attract both the general and 

commercial (i.e Business) users. Hence, considering the 

promising future of Android market, it is beneficial and 

worth to write applications for android that target masses 

of people.  

Android devices (tablets and mobile phones) are 

extremely popular and have revolutionized the use of 

mobile technology in wireless environment. Android is a 

Linux based operating system for mobile devices such as 

smart-phones and tablets. The programs are primarily 

written in customized version of java by the developers, 

then the apps can be downloaded from online stores such 

as Google Play (formerly Android Market), the third-party 

sites or the app store run by Google.  

Android smart phones have been viewed as essential 

devices to serve telemedicine services for various health 

problems, they are also used for home automation,design 

security applications and geographical applications. 

Motivated by the use of Android mobile now-a-days, we 

present the use of Android Devices in the food ordering 

system in restaurants. The Objectives of our proposed 

system are: 

 To combine Wireless technology and Android 

Mobile OS to automate food ordering process.  

 To Eliminate or at-least minimize the flaws in 

conventional system by automating the Food ordering 

system in restaurants. 

 To implement real-time feed-back between restaurant 

owner and customer about order status. 

The AOS-RTF system: 

A. System Architecture 

The system architecture of AOS-RTF depicted covers the 

three main areas of restaurant:- the Serving area, the 

kitchen and Restaurant-Owners  desk (Cashier table).  

Conceptually the AOS-RTF is built using four main 

components: 

1.  The android application on android mobiles of 

customers to make orders. 

2. The server and web applications on the restaurant-

owner‟s laptop to customize menu and keep track of 

customer records.  

3.  The central database for restaurant-owner to store 

updated menu information and order details. 

4.  Wireless infrastructure to support networked 

communication.   

                                        
 

      

    

 

 

The AOS-RTF Architecture 

B. System Design 

Firstly the restaurant owner will log into the system and 

update the menu and advertise the promotion strategies. 

The customer has to login the system so that the system 

can assign identification number to the ordered menu. The 

customer information and menu choices are sent to the 

system over wireless network. The restaurant owner and 

the kitchen staff will receive the ordered lists from the 

system. The restaurant owner can update the order status 

into the system. The customer can thus view his order 

status. After having the food customer can make payment 

and can enter feedback regarding restaurant system and 

services. 

 

C. System Specifications – 

The AOS-RTF system is designed using the JAVA 

programming language. We have used android technology 

to design the user interface. WI-FI is used to send 

information and to retrieve data from AOS-RTF. 

SERVING AREA 
CUSTOMER 2 ANDROID 

DEVICE 

SERVING AREA 

CUSTOMER 1 
ANDROID DEVICE 

OWNER/CASHIER 

KITCHEN/COOK 

 

WIRELESS 

AREA 

NETWORK 
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CONCLUSION 

In this paper, we present an automated food ordering 

system with-real time customer feedback (AOS-

RTF).This system is convenient, effective and easy 

thereby improving the performance of restaurant‟s staff. It 

will also provide quality of service and customer 

satisfaction. Overall conclusion is that, this is a fabulous 

food ordering system for the restaurant sector, made by 

combining the Android and Wireless technology. 
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Abstract: - Systems that comprise those parts of an electric 

power system between the subtransmission system and the 

consumers' service switches. It includes distribution 

substations; primary distribution feeders; distribution 

transformers; secondary circuits, including the services to the 

consumer; and appropriate protective and control devices. 

Sometimes, the subtransmission system is also included in the 

definition. 

The subtransmission circuits of a typical distribution system 

(see illustration) deliver electric power from bulk power 

sources to the distribution substations. The subtransmission 

voltage is usually between 34.5 and 138 kV. The distribution 

substation, which is made up of power transformers together 

with the necessary voltage-regulating apparatus, bus-bars, and 

switchgear, reduces the subtransmission voltage to a lower 

primary system voltage for local distribution.  

Keywords: Transmission system. 

 

I.  INTRODUCTION 

 

lectric-power transmission is the bulk transfer of 

electrical energy, from generating power plants to 

electrical substations located near demand centers. This is 

distinct from the local wiring between high-voltage 

substations and customers, which is typically referred to as 

electric power distribution. Transmission lines, when 

interconnected with each other, become transmission 

networks. The combined transmission and distribution 

network is known as the "power grid" in the United States, 

or just "the grid". In the United Kingdom, the network is 

known as the "National Grid" 

 

A wide area synchronous grid, also known as an 

"interconnection" in North America, directly connects a 

large number of generators delivering AC power with the 

same relative phase, to a large number of consumers. For 

example, there are four major interconnections in North 

America (the Western Interconnection, the Eastern 

Interconnection, the Quebec Interconnection and the 

Electric Reliability Council of Texas (ERCOT) grid), and 

one large grid for most of continental Europe.The three-

phase primary feeder, which usually operates at voltages 

from 4.16 to 34.5 kV, distributes electric power from the 

low-voltage bus of the substation to its load center, where it 

branches into three-phase subfeeders and three-phase and 

occasionally single-phase laterals. Most of the three-phase 

distribution system lines consist of three-phase conductors 

and a common or neutral conductor, making a total of four 

wires. Single-phase branches (made up of two wires) 

supplied from the three-phase mains provide power to 

residences, small stores, and farms. Loads are connected in 

parallel to common power-supply circuits. 

 

II. TOTAL LOSSES IN POWER DISTRIBUTION AND 

TRANSMISSION LINES 

Power generated in power stations pass through large and 

complex networks like transformers, overhead lines, cables 

and other equipment and reaches at the end users. It is fact 

that the unit of electric energy generated by Power Station 

does not match with the units distributed to the consumers. 

Some percentage of the units is lost in the distribution 

network. 

This difference in the generated and distributed units is 

known as Transmission and Distribution loss. Transmission 

and Distribution loss are the amounts that are not paid for 

by users. 

T&D Losses = (Energy Input to feeder(Kwh) – Billed 

Energy to Consumer(Kwh)) / Energy Input kwh x  

There are two types of Transmission and Distribution 

Losses: 

 Technical Losses 

 Non Technical Losses (Commercial Losses) 

Transmission (technical) losses are directly effected on electrical 

tariff, but commercial losses are not implemented to all 

consumers. Technical losses of the distribution line mostly 

depend upon electrical load, type and size of conductor, length 

of line etc. 

E 
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III. UNMETERED SUPPLY 

 

Unmetered supply to agricultural pumps and single point 

connections to small domestic consumers of weaker 

sections of the society is one of the major reasons for 

commercial losses. In most states, the agricultural tariff is 

based on the unit horsepower (H.P.) of the motors. Such 

power loads get sanctioned at the low load declarations. 

Once the connections are released, the consumers get into 

the habit of increasing their connected loads, without 

obtaining necessary sanction, for increased loading, from 

the utility.  

 

IV. MEASURES FOR REDUCING TECHNICAL LOSSES 

 

A. Mapping of complete primary and secondary 

distribution system clearly depicting the various 

parameters such as conductor size line lengths etc. 

B. Installation of shunt capacitors for improvement of 

power factor. 
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Abstract:- A next-generation network (NGN) is a packet-based 

network which can provide services including 

Telecommunication Services and is able to make use of 

multiple broadband, quality of Service-enabled transport 

technologies and in which service-related functions are 

independent from underlying transport-related technologies. It 

offers unrestricted access by users to different service 

providers. It supports generalized mobility which will allow 

consistent and ubiquitous provision of services to users. 

Keywords: Next generation Internet, Cloud computing, LTE 

advanced, Machine-to-Machine network. 

 

I. INTRODUCTION 

 Next-Generation Network (NGN) is the term given to 

describe a telecommunications packet-based network 

that handles multiple types of traffic (such as voice, data, 

and multimedia). It is the convergence of service provider 

networks that includes the public switched telephone 

network (PSTN), the data network (the Internet), and, in 

some instances, the wireless network as well. 

 The NGN system offers key convergent 

multimedia services using a shared network 

characterized by several essential elements: 

 A unique and shared core network for all types of 

access and services. 

II. BODY AREA NETWORK (BAN) 

Power generated in power stations pass through large and 

complex networks like transformers, overhead lines, cables 

and other equipment and reaches at the end users. It is fact 

that the unit of electric energy generated by Power Station 

does not match with the units distributed to the consumers. 

Some percentage of the units is lost in the distribution 

network. 

 

A body area network (BAN), also referred to as a wireless 

body area network (WBAN) or a body sensor network 

(BSN), is a wireless network of wearable comp BAN 

devices may be embedded inside the body, implants, may be 

surface-mounted on the body in a fixed position Wearable 

technology or may be accompanied devices which humans 

can carry in different positions, in clothes pockets, by hand 

or in various bags. Whilst, there is a trend towards the 

miniaturization of devices, in particular, networks consisting 

of several miniaturized body sensor units (BSUs) together 

with a single body central unit (BCU).larger decimeter sized 

(tab and pad) sized smart devices, accompanied devices, 

still play an important role in terms of acting as a data hub, 

data gateway and providing a user interface to view and 

manage BAN applications, in-situ. The development of 

WBAN technology started around 1995 around the idea of 

using wireless personal area network (WPAN) technologies 

to implement communications on, near, and around the 

human body. 

III. LTE ADVANCE 

The LTE format was first proposed by NTT DoCoMo of 

Japan and has been adopted as the international standard.[2] 

LTE standardization has matured to a state where changes 

in the specification are limited to corrections and bug fixes. 

The first commercial services were launched in Sweden and 

Norway in December 2009[3] followed by the United States 

and Japan in 2010. More LTE networks were deployed 

globally during 2010 as a natural evolution of several 2G 

and 3G systems, including Global system for mobile 

communications (GSM) and Universal Mobile 

Telecommunications System (UMTS) (3GPP as well as 

3GPP2). 

The work by 3GPP to define a 4G candidate radio interface 

technology started in Release 9 with the study phase for 

LTE-Advanced. Being described as a 3.9G (beyond 3G but 

pre-4G), the first release of LTE did not meet the 

requirements for 4G (also called IMT Advanced as defined 

by the International Telecommunication Union) such as 

peak data rates up to 1 Gb/s. 

IV. CLOUD COMPUTING 

Cloud computing means storing and accessing data and 

programs over the Internet instead of your computer's hard 

A 
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drive. The cloud is just a metaphor for the Internet. It goes 

back to the days of flowcharts and presentations that would 

represent the gigantic server-farm infrastructure of the 

Internet as nothing but a puffy, white cumulonimbus cloud, 

accepting connections and doling out information as it 

floats. 
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Abstract—Effectiveness and robustness of the damping function 

of the UPFC among which the selection of effective and robust 

input control signals of the UPFC to superimpose its damping 

function are the basic issues which are discussed. The 

investigations reveal that the damping controllers based on 

UPFC control parameters E and B provide robust 

performance to variations in system loading and equivalent 

reactance Xe. 

 

I. INTRODUCTION 

he control of AC power system in real time is involved 

because power flow is a function of the transmission line 

impedance, the magnitude of the sending end & receiving 

end voltage, and the phase angle between these voltages. 

Years ago, electric power systems were relatively simple & 

were designed to be self sufficient, power exportation & 

importation were rare. Furthermore, it was generally 

understood that AC transmission systems could not be 

controlled fast enough to handle dynamic system conditions. 

Transmission system designed with fixed or mechanically 

switched series & shunt reactive compensations, together 

with voltage regulating & phase shifting transformer tap 

changer, to optimize line impendence, minimize voltage 

variations, the control power flow under steady state or 

slowly changing load condition.  

UPFC is the most comprehensive multivariable flexible ac 

transmission system(FACTS)controller. Simultaneous 

control of multiple power system variables with UPFC 

posses Enormous difficulties. In addition, the complexity of 

the UPFC control increases due to the fact that the controlled 

and the control variables interact with each other. The 

Unified Power Flow Controller (UPFC) is a novel power 

transmission controller. The UPFC provides a full dynamic 

control of transmission parameters, voltage, line impedance 

and phase angle. 

This paper gives sets of equations for a system including the 

UPFC and an equivalent two bus power network. Moving 

through the project, it was found that a Matlab tool would be 

very useful step between rule of thumb and the 

comprehensive modeling. This paper presents UPFC analysis 

technique, Matlab codes, examples of application and 

validation. The Matlab code given in the paper allows to 

perform fast parametric studies for the 

application of the UPFC 

           We design the linearised Phillips-Heffron model of a 

power system installed with an UPFC, which is of the same 

configuration as that of the unified model for static VAr 

compensator (SVS), thyristor-controlled series compensator 

(TCSC) and thyristor-controlled phase shifter (TCPS). 

selection of robust operating condition for designing 

damping controller; and the choice of parameters of UPFC 

(such as mB ,mE ,δE ,δB) are to be modulated for achieving 

desired damping are the basic issues pertaining to the design 

of UPFC damping controller,. 

II. UNIFIED POWER FLOW CONTROLLER 

In recent years. Advances in the high power solid-state 

switches. e.g. Gate Turn Off (GTO) thyristor, have led to 

the development of transmission controllers that provide 

controllability and flexibility for power transmission. A 

new technology program is known as Flexible AC 

Transmission System (FACTS) is currently sponsored by 

(EPRI) .This technological program has resulted in 

successful demonstration of a couple of FACTS 

Controllers: 208 Mvar,500 kV Thyristor Controlled 

Series Capacitor (TCSC) at BPA's power system and + 

100 Mvar. 161 kV Static Synchronous Compensator 

(STATCOM) at TVA's power system . The Unified 

Power Flow Controller (UPFC) is the latest FACTS 

controller . UPFC provides a dynamic control of 

transmission parameters, voltage, line impedance and 

phase angle..American Electric Power (AEP). in a 

collaborative R&D project with EPRI and Westinghouse 

is implementing a +160 MVA Unified Power Flow 

Controller (UPFC). 

          The Unified Power Flow Controller (UPFC) is one of     

       the FACTS devices, which can control power system 

       Parameters such as terminal voltage, line impedance and 

       phase angle. Therefore, it can be used not only for power 

       flow control, but also for power system stabilizing       

  Control. 

       Unified Power Flow Controller (UPFC) is a combination 

       of static synchronous compensator (STATCOM) and a 

       Static source. 

 

 
 

Fig 1.System configuration of the UPFC model 

 

 
Flexible Alternating Current Transmission Systems (FACTS) 

devices,namelySTATic Synchronous COMpensator 

(STATCOM), Static Synchronous Series Compensator 

(SSSC) .Unified Power Flow Controller (UPFC), are used to 

T 



International Conference on Multidisciplinary Research & Practice                           P a g e  | 692 

 

Volume I Issue VIII                                                             IJRSI                                                                        ISSN 2321-2705 
 

 

control the power flow through an electrical transrnission 

line connecting various generators and loads at its sending 

and receiving ends. The UPFC, in this paper and existing 

references, consists of two solid-state voltage source 

inverters which are connected through a common DC link 

capacitor. Each inverter is coupled with a transformer at its 

output. The first inverter, known as STATic Synchronous 

COMpensator (STATCOM), injects an almost sinusoidal 

current, of variable magnitude, at the point of connection. 

The second inverter, known as Static Synchronous Series 

Compensator (SSSC) injects an almost sinusoidal voltage, of 

variable magnitude, in series with the transmission line . 

When the STATCOM and the SSSC operate as stand-alone: 

devices, they exchange almost exclusively reactive power at 

their terminals. While operating both the inverters together as 

a UPFC, the exchanged power at the terminals of each 

inverter can be reactive as well as real. The exchanged real 

power at the terminals of one inverter with the line flows to 

the terminals of the other inverter through the common DC 

link capacitor. 

 

 

 

 

Fig:2 Implementation of the unified power flow controller 

Two voltage source inverters (VSI) sharing a common DC 

storage capacitor. It is connected to the system through two 

coupling transformers [10]. One voltage source inverter is 

connected in shunt to the system via a shunt transformer. The 

other one is connected in series through a series transformer. 

The UPFC has several operating modes. Two 

control modes are possible for the shunt control. 

1. Automatic voltage control mode: The aim is to maintain 

the transmission line voltage at the connection point to a 

reference value. 

2. VAR control mode: The reference input is an inductive 

or capacitive VAr request. 

 

Four control modes are possible for the shunt control  

1. Direct voltage injection mode: The reference inputs are 

directly the magnitude and phase angle of the series voltage. 

2. Phase angle shifter emulation mode: The reference input is 

phase displacement between the sending end voltage and the 

receiving end voltage. 

3. Line impedance emulation mode: The reference input is an 

impedance value to insert in series with the line impedance. 

4. Automatic power flow control mode: The reference inputs 

are values of P and Q to maintain on the transmission line 

despite system changes. 

 Generally, for damping of power system 

oscillations, UPFC will be operated in the direct voltage 

injection mode. 

The UPFC control system comprises two controllers.\ 

1. Power-flow controller 

2. Power-system oscillation-damping controller. 

III. UPFC MODELLING AND ANALYSIS 

Two types of dynamic modelling of UPFC are:  

A. Non linear Dynamic Model 

Disregarding the resistance of all the components of the 

system (generator, transformer, transmission lines, and shunt 

and series converter transformers) and the transients of the 

transmission lines and transformers of the UPFC ,a non 

linear dynamic model of the system is derived .The non-

linear dynamic model of the system using UPFC is given 

below. 

𝜔 =
(𝑃𝑚−𝑃𝑒−𝐷∆𝜔)

𝑀
    ;    𝛿 =  𝜔0 𝜔 − 1  

 𝐸𝑞
′ =

 −𝐸𝑞+𝐸𝑓𝑑  

𝑇𝑑𝑜
′         ;    𝐸𝑓𝑑 =  

−𝐸𝑓𝑑 +𝐾𝑎  𝑉𝑟𝑒𝑓 −𝑉𝑡 

𝑇𝑎
 

𝑉𝑑𝑐 =
3𝑚𝐸

4𝐶𝑑𝑐
(sin 𝛿𝐸 𝐼𝐸𝐷 + cos 𝛿𝐸 𝐼𝐸𝑞 ) +

3𝑚𝐵

4𝐶𝑑𝑐
 (sin 𝛿𝐵 𝐼𝐵𝑑 +

cos 𝛿𝐵 𝐼𝐵𝑞 ) 

Where, 

𝑃𝑒 = 𝑉𝑡𝑑 𝐼𝑡𝑑 + 𝑉𝑡𝑞 𝐼𝑡𝑞   ;  𝐸𝑞 = 𝐸𝑞
′ +  𝑋𝑑 − 𝑋𝑑

′  𝐼𝑡𝑑  

𝑉𝑡 = 𝑉𝑡𝑑 + 𝑗𝑉𝑡𝑞 ;  Vtd = Xq Itq ;  Vtq = Eq
′ − Xd

′ Itd  

Itd = It1d + IEd + IBd ;  Itq = It1q + IEq + IBq ; 

It1d =
XE

XT

IEd +
1

XT

mEVdc

2
cos δE −

1

XT

Vb cos δ ; 

It1q =
XE

XT

IEq +
1

XT

mEVdc

2
sin δE −

1

XT

Vb sin δ ; 

IEd =
 xdT + xBB xb3 

xdE

Vb cos δ 

−
 xdT + xBB xb2 

xdE

mB Vdc

2
cos δE +

xBB

xdE

Eq
′

−
xdT

xdE

mB Vdc

2
cos δB ; 
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IEq =
 xqT + xBB xa3 

xqE

Vb sin δ 

−
 xqT + xBB xa2 

xqE

mEVdc

2
sin δE +

xBB

xdE

Eq
′

−
xqT

xqE

mB Vdc

2
sin δB ; 

IBd =
1

xdE

 XEEq
′ +  xb1 − XE xb2 

mE Vdc

2
cos δE 

+  xb3XE − xb1 Vb cos δ 

+ xb1

mBVdc

2
cos δB  ; 

IBq =
1

xqE

  xa1 − XE xa2 
mEVdc

2
sin δE 

+  xa3XE − xa1 Vb sin δ 

+ xa1

mB Vdc

2
sin δB  ; 

xdT = XtE + Xd
′ ;  xqT = Xq + XtE ;  xds

= XtE + Xd
′ + XE ;    xqs = Xq + XtE + XE ; 

xa1 =
 xqs XT + xqt XE 

XT

;  xa2 = 1 +
xqT

XT

;  xa3 = −
xqT

XT

; 

𝑥𝑏1 =
 𝑥𝑑𝑠𝑋𝑇 + 𝑥𝑑𝑇𝑋𝐸 

𝑋𝑇
;  𝑥𝑏2 = 1 +

𝑥𝑑𝑇
𝑋𝑇

;  𝑥𝑏3 =
𝑥𝑑𝑇
𝑋𝑇

; 

Re (𝑉𝐵𝐼𝐵
∗ − 𝑉𝐸𝐼𝐸

∗) = 0                                              

This is the equation for the real power balance between the 

series and shunt converters. 

B. Linear Dynamic Model (modified Heffron-Phillips model 

of an single machine infinite bus system including UPFC)

 A linear dynamic model is obtained by linearising 

the non-linear model around an operating condition. The 

linearised model is given below: 

∆𝜔 =
 ∆𝑃𝑚−∆𝑃𝑒−𝐷∆𝜔 

𝑀
    ;   ∆𝛿 = 𝜔𝑜∆𝜔 

∆𝐸𝑞
′ =

 −∆𝐸𝑞 + ∆𝐸𝑓𝑑  

𝑇𝑑𝑜
′  

∆𝐸𝑓𝑑 =
−∆𝐸𝑓𝑑 + 𝐾𝑎 ∆𝑉𝑟𝑒𝑓 − ∆𝑉𝑡 

𝑇𝑎
 

The modified Heffron-Phillips model has 28 constants as 

opposed to 6 constants in the Heffron-Phillips model. These 

constants are functions of the system parameters and the 

initial operating condition. Fig.2 shows the modified 

Heffron-Phillips transfer function model of the system 

including UPFC. The equations for computing the constant 

of the model are given below. The control vector u is defined 

as follows: 

∆𝑉𝑑𝑐 = 𝐾7∆𝛿 + 𝐾8∆𝐸𝑞
′ − 𝐾9∆𝑉𝑑𝑐 + 𝐾𝑐𝑒∆𝑚𝐸 + 𝐾𝑐𝛿𝑒 ∆𝛿𝐸

+ 𝐾𝑐𝑏∆𝑚𝐵 + 𝐾𝑐𝛿𝑏 ∆𝛿𝐵 

Where, 

∆𝑃𝑒 = 𝐾1∆𝛿 + 𝐾2∆𝐸𝑞
′ + 𝐾𝑝𝛿𝑏 ∆𝛿𝐵 + 𝐾𝑝𝑒∆𝑚𝐸 + 𝐾𝑝𝛿𝑒 ∆𝛿𝐸

+ 𝐾𝑝𝑏∆𝑚𝐵 + 𝐾𝑝𝑑∆𝑉𝑑𝑐  

∆𝐸𝑞 = 𝐾4∆𝛿 + 𝐾3∆𝐸𝑞
′ + 𝐾𝑞𝑒∆𝑚𝐸 + 𝐾𝑞𝛿𝑒 ∆𝛿𝐸 + 𝐾𝑞𝑏∆𝑚𝐵

+ 𝐾𝑞𝛿𝑏 ∆𝛿𝐵 + 𝐾𝑞𝑑∆𝑉𝑑𝑐  

∆𝑉𝑡 = 𝐾5∆𝛿 + 𝐾6∆𝐸𝑄
′ + 𝐾𝑣𝑒∆𝑚𝐸 + 𝐾𝑣𝛿𝑒∆𝛿𝐸 + 𝐾𝑣𝑏∆𝑚𝐵

+ 𝐾𝑣𝛿𝑏∆𝛿𝐵 + 𝐾𝑣𝑑∆𝑉𝑑𝑐  

𝑢 =  ∆𝑚𝐵 ∆𝑚𝐸 ∆𝛿𝐸     ∆𝛿𝐵 
𝑇 

Where, 

 ∆mB = Deviation in pulse width modulation index mB  of   

               series inverter. By controlling mB , the magnitude of  

  series-injected voltage can be controlled. 

∆δB =  Deviation in phase angle of the injected voltage 

∆mE = Deviation in pulse-width modulation index mE  of the 

         shunt inverter. By controlling mE  the output, voltage  

         of the shunt converter is controlled. 

 ∆δE = Deviation in phase angle of the shunt-inverter voltage. 

           The series and shunt converters are controlled in a 

coordinated manner to ensure that the real power input to 

the series converter. The fact that the DC voltage remains 

constant ensures that this equality is maintained. 

 

 

                      Fig 3.Control scheme of UPFC Model 

It may be noted that Kpu , Kqu , Kvu  and Kcu  in Fig.3 are the 

row vectors defied below: 

Kpu =  Kpe   Kpδe   Kpb   Kpδb  ;                          

  Kqu =  Kqe   Kqδe   Kqb   Kqδb  ; 

Kvu =  Kve   Kvδe   Kvb   Kvδb ;                           
  Kcu =  Kce   Kcδe   Kcb   Kcδb  ; 
Where  u =  ∆mB ∆mE ∆δE     ∆δB 

T  is a column vector 
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Fig. 4 UPFC Based  Modified Heffron-Phillips model of SMIB system  

 

Fig 5. Transfer function of the system relating component of electrical 

power (ΔPe) produced by damping controller (mB). 

IV.  DAMPING CONTROLLERS DESIGNING 

  Designing of damping controllers is done to 

produce an electrical torque in phase with the speed 

deviation. The four control parameters of the UPFC are there 

(i.e, mB, mE, δB and δE )  which can be modulated in order to 

produce the damping torque. The four alternative UPFC 

based damping controllers are examined in the present work 

The speed deviation Δω is considered as the input to the 

damping controllers. Damping controller based on UPFC 

control parameter mB shall henceforth by denoted controller 

(mB). Similarly damping controllers based on mE, δB and δE 

shall henceforth be denoted as damping controller (mE), 

damping controller (δB), and damping controller (δE), 

respectively. The parameters of the damping controller are 

obtained using the phase compensation technique.The block 

diagram of UPFC based damping controller is shown in 

Fig.6. It consists of gain, signal washout and phase 

compensator blocks..  

The detailed systematic procedure for computing technique 

is given below: 

1. Calculation of natural frequency of oscillation ωn 

from the  mechanical  loop. 

𝜔𝑛 = − 
K1ω0

M
 

2. Calculation of Phase lag between Δ u and ΔPe at s = j 

ωn i.e ∠GEPA. Let it be γ . 

3. Design of phase lead/lag compensator Gc. 

4. For 100% phase compensation the phase lead/lag 

compensator Gc is designed to provide the required 

degree of phase compensation. ∠Gc(j ωn) + ∠GEPA(j 

ωn) =0 Assuming T1 =aT2 in one lead-lag network,, 

the transfer function of the phase compensator 

becomes, 

   Gc (s) = 
1+𝑠𝑎𝑇2

1+𝑠𝑇2
 

Since the phase angle compensated by the lead-lag 

network is equal to – γ, the parameters a and T2 are 

computed as, 

a = 
1+sin γ

1−sin γ
;                         T2 = 

1

ωn √a
 

 

5. Computation of optimum gain Kd: The required gain 

setting Kdc for the desired value of damping ratio 

ζ = 0.5 is obtained as, 

Kdc = 
2ζωnM

 Gc (s)  GEPA (s) 
 

Where  Gc(s) and GEPA(s)  are evaluated at s = j ωn. 

The value of the washout time constant   Tω should 

be high enough to allow signals associated with oscillations 

in rotor speed to pass unchanged. The single washout is the 

high pass filter that prevents steady changes in the speed 

from modifying the UPFC input parameter. The value of Tω 

is not critical and may be in the range of 1s to 20s . Tω equal 

to 10s is chosen in the present studies. 

 

 

Fig 6 Structure of UPFC based damping controller 
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V. SIMULATION RESULT 

 

 

Fig.7 The UPFC controller having load Pe=1 with and without damping 

controller mE 

 

Time (in seconds) 
 

Fig.8 Dynamic responses of four UPFC  damping  controller with Pe =1 

 

 

 

Fig.9 Dynamic response of mE damping controller with wide variation in 
loading  

VI. EFFECT OF VARIATION OF LOADING 

CONDITION ON THE DYNAMIC 

PERFORMANCE OF THE SYSTEM 

In any power system ,the operating load varies over a wide 

range .It is extremely impoprtatant to investigate the effect of 

variation of the load conditions on the dynamic performance 

of the system.  

Loading of the system is varied for Pe=1 and Pe=0.8 and the 

dynamic responses are obtained for each of the loading 

condition considering parameters of the damping controllers 

computed at nominal operating condition for the step load 

perturbation in mechanical power (ie, ΔPm = 0.01 pu).in 

order to examine the robustness of the damping controllers to 

wide variation in the loading condition. 

 

 

CONCLUSION 

 

 The significant contributions of the research work 

presented are as follows.A systematic and comprehensive 

approach to designing UPFC controllers has been 

presented.The relative effectiveness of UPFC control signals 

(mE, mB,  δE ,) in damping low-frequency oscillations has 

been examined. Investigations have revealed that UPFC 

control signal δE  and  δB  provide robust performance to wide 

variation in loading conditions. In  near future ,the project 

can be extended to multi machine model.  
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APPENDIX 

List of symbols:  

Cdc :   dc link capacitance 

D : damping constant 

H : inertia constant (M=2H) 

      Ka  :AVR gain 

Kdc : gain of damping controller 

mB  : modulation index of series converter 

mE : modulation index of shunt converter 

Pe : electrical power of the generator 

Pm : mechanical power input to the generator 

Ta : time constant of AVR 

Tdo : d-axis open circuit time-constant of generator 

T1,T2 : time constant of phase compensator 

Vb: infinite bus voltage 

Vdc : voltage at dc link 

Vt : terminal voltage of the generator 

XB : reactance of boosting transformer 

Xd : direct axis steady-state synchronous reactance of 

generator 

X‘d  : direct axis transient synchronous reactance of generator 

XE : reactance of excitation transformer 

Xe : equivalent reactance of the system 

Xq : quadrature axis steady-state synchronous reactance of  

generator 

XtE : reactance of transformer 

δB : phase angle of series converter voltage 

δE : phase angle of shunt converter voltage 

ωn : natural frequency of oscillation 
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